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Preface 


With the ever increasing popularity of the physical sciences there 
has developed in many of the leading colleges and universities an in¬ 
creasing demand for an elementary physics text treating in greater 
detail that phase of natural phenomena now classified as modern 
physics and atomic structure. This growing demand is largely due 
to the discovery and realization that many phases of modern physics 
have a strong appeal not only to students majoring in science and 
engineering but to the average student of the Liberal Arts Colleges 
as well. 

For a number of years now the author has had the pleasure and 
the experience of teaching a beginning course in physics at the University 
of California; a course for Letters and Arts students in which half of 
the total number of demonstration lectures are devoted to the fun¬ 
damental principles of classical physics and the other half to the de¬ 
velopment of modern physics. The tremendous response of these 
students to the latter phase of the subject is convincing proof that mod¬ 
ern physics can be taught to the beginning student even though he has 
not had previous scientific training. 

The purpose of this book is to bring together under one cover an 
elementary treatment of the principles of classical physics with a com¬ 
prehensive treatment or survey of modern physics and atomic structure. 
The author’s principal aim is to give an interesting presentation of the 
science of physics to those students who believe the subject forms an 
essential part of their cultural background. 

In preparing the manuscript the author set up the three following 
objectives: first, to start as nearly as possible at the beginning of each 
subject; second, to develop each new concept or phenomenon so that 
a student with some knowledge of the simplest principles of algebra 
and plane geometry should have no difficulty in following; and third, 
to adequately illustrate each subject and chapter with diagrams and 
photographs. 

The treatment of modern physics as it is presented here is given 
more or less in the order of its historical development. Wherever 
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feasible to do so the presentation of each new subject includes: first, 
a brief historical account of the discovery; second, an experimental 
demonstration of the phenomenon; third, a discussion of practical ap¬ 
plications accompanied by one or more experiments; and fourth, a brief 
account of the accepted theory and its experimental confirmation. See 
for example Chap. 34, entitled "The Photoelectric Effect.” 

One of the features of the book, and one that tends to make physics 
a more interesting subject, is the frequent insertion, as footnotes of 
short biographies of famous men of science. In addition to this a com¬ 
plete list of Nobel Prize Winners in physics is given in the Appendix. 
Each name is followed by a brief statement of the particular discoveries 
for which that person is noted and for which he or she was granted 
this most honored award. 

To facilitate the use of cross references throughout the book all 
section headings, diagrams, equations, tables, and photographs, are 
given two designations. The first is a number specifying the chapter 
in which the subject is to be found and the second is a number or letter 
specifying its location within the chapter. In referring to Sec. 4.2, for 
example, the number 4 signifies Chap. 4 and the number 2 that it is 
the second section in that chapter. Similarly, a reference to Eq. (6c) 
signifies the third equation in Chap. 6, while the reference to Fig. 39D 
signifies the fourth figure in Chap. 39. To assist in the location of such 
references chapter numbers are repeated at the top left-hand corner of 
all odd-numbered pages. 

The author wishes to take this opportunity of thanking his col¬ 
leagues, Professors L. Alvarez, R. T. Birge, R. B. Brode, F. A. Jenkins, 
E. O. Lawrence, V. F. Lenzen, J. R. Oppenheimer, C. D. Shane, and 
Dr. D. Cooksey, for their valuable criticisms of various portions of 
the manuscript. My sincere thanks are also extended to Mr. J. G. 
Brohl, to whom I am indebted for the drawing of practically all of 
the diagrams, to Miss Virginia Willis for typing, and to Mr. B. G. 
Saunders for critically reading the entire manuscript. I also wish to 
thank the various publishers, and observatories for permission to repro¬ 
duce certain illustrations used in the book. Due credit is given with 
each illustration. 

Harvey E. White 

University of California 

January, 1940 
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Chapter 1 • Optical Illusions 

Physics may be defined as that branch of knowledge treating the 
inanimate world and its phenomena. The subject includes mechanics, 
properties of matter, heat, sound, light, electricity and magnetism, 
cathode rays, x-rays, radioactivity, the structure of the atom, cosmic 
rays, induced atomic disintegration, and the theory of relativity. Physics 
is called an exact science because of the fact that experiments are per¬ 
formed and accurate observations are made with measuring instru¬ 
ments. Laws and theories are formulated from the measured results 
of these experiments and then used to predict the results of new experi¬ 
ments. If these new experimental results do not agree with theory, the 
theory is either modified and brought into agreement or it is discarded 
for a new and better theory. Those who perform new experiments are 
called "experimental physicists,” and those who formulate theories 
based upon experiments are called "theoretical physicists.” The nature 
of physics with its objective methods of experimentation justifies its 
title as one of the most exact of all the sciences. 

1.1. Physics as an Objective Method. It has long been known 
that when experiments are to be performed one cannot rely too 
much upon the human senses of touch, sight, hearing, etc., to make 
accurate observations. Methods of measurement which rely upon the 
senses entirely are called subjective methods. Methods which make 
use of scientific instruments are generally called objective methods. 

In the early history of science laws were frequently discovered by 
the use of subjective methods. Progress was slow, however, until such 
methods were replaced by objective methods using measuring instru¬ 
ments devised to give greater and greater precision. 

It is true that many scientific discoveries have been made in the past 
with what we now would call the crudest of apparatus and equipment. 
It is the development of precision instruments and apparatus, however, 
which has, particularly within the last several decades, led to discoveries 
which are far-reaching in their theoretical implications and are of ex¬ 
treme practical importance to the advancement of civilization. 

3 
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As an introduction to the subject of physics we will first consider 
a number of experiments illustrating the false impressions so easily 
arrived at from the us# of subjective methods of observation. Although 
these experiments are of the nature of an entertainment, they do have 
more serious aspects, for they demonstrate the necessity for using objec¬ 
tive methods in advancing science. 

1.2. Subjective Methods. If someone asks you to determine 
the temperature of a pan of water, your first impulse, if the water is not 
too hot, is to use your hand or your finger-tips and not to bother look¬ 
ing for a thermometer. To illustrate the gross inaccuracy of the touch 
in determining temperature, consider the three pans of water as shown in 
Fig. 1A. If the hand is first held for some little time in the pan con- 



Fig. lA—Experiment illustrating the uncertainty of subjective methods of measurement. 


taining cold water and then plunged into the warm water, the senses 
tell you it is hot. If, however, the hand is first held in the hot water 
and then plunged into the warm water, your senses tell you it is cold. 
Your conclusion in either case is thus influenced by your experiences 
immediately preceding your determination of the temperature of the 
middle pan. When a thermometer is used in this experiment the same 
temperature will be arrived at in either case. 

If the length and breadth of a table top are to be measured, a foot 
rule, a yardstick, or a meter stick should be used and not the span of a 
hand. In a similar way the time that it takes a sprinter to run the "one- 
hundred yard dash ” is measured by a clock, a watch, or a chronometer 
and not by the heart beat or pulse. Again, the weight of a box of 
apples is determined by a set of scales, or a beam balance, and not by 
the "heft." 

1.3. The Eye. In making many scientific measurements the eye 
is considered as the most useful of all recording instruments. In some 
instances, however, the eye is not and should not be used directly in 
making observations, since it cannot be relied upon to observe what is 
really there. To illustrate how unreliable the sense of vision can be in 
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some cases we will consider in the next section a number of examples 
commonly referred to as "optical illusions.” 

Despite its many and sometimes serious imperfections and limita¬ 
tions the average human eye is a marvelous optical instrument. Opti¬ 
cally it is like an exceptionally fine camera with an elaborate lens 
system on the one side and a sensitve screen or photographic film, 
called the retina, on the other. See Fig. IB. The lens consists of 



Fig. 1 B~ -Cross-section diagram of the human eye. 


three parts or elements, the cornea, the aqueous humor, and the 
crystalline lens, and its function is to focus an image of the objects 
to be seen on the retina. Like a camera, the eye contains an iris dia¬ 
phragm which opens wider for faint light and closes down to a bare 
pinhole opening for very bright sunlight. It is this iris that contains 
the pigment determining the color of the eye. 

In the retina of the eye the light pulses are received by tiny cones 
and rods whose function it seems to be to change the light into elec¬ 
tricity. Each cone and rod is connected with an individual nerve 
which conducts the electricity through the nerve canal to the brain. 
Just how these eletrical impulses are produced by the cell-like struc¬ 
tures, the cones and rods, and how they are interpreted by the brain 




6 Introduction [.Introduction 

as vision is still but vaguely understood by scientists. Experiments 
seem to indicate that the cones respond only to bright light and are 
particularly responsible for the detection and distinction of color 
whereas the rods are sensitive to very feeble light, to motion, and to 
slight variations in intensity. 

At the very center of the retina is a small whitish-looking spot 
called the fovea. This small region contains a large number of 
cones, but no rods. It is on this spot in each eye that the words and 
letters of this page are focused one after the other when reading. 
Note when scrutinizing one word or particularly a single letter in a 
word that the rest of the page and even the words and letters close 
by appear indistinct. 

In proceeding out from the fovea the cones and rods are inter¬ 
mingled with each other, the number of cones decreasing and the 
rods increasing in number toward the edge of the retina. This is 
borne out by the fact that faint stars can often be seen out of the 
corner of the eye but cannot be seen looking directly at them. 

1.4. The Blind Spot. Not far from the fovea on the retina of 
the eye is a small region called the blind spot. This spot, which is 
insensitive to light, is where the nerve canal joins the eyeball. The 
existence of the blind spot can be demonstrated by closing the right 
eye, and holding the book at arm’s length, looking continuously at 
the center of the circle of Fig. 1C with the left eye. Both the circle 

❖ O 

Fig. 1C—Experiment illustrating the blind spot of the eye. (See text.) 

and square will be seen from this distance. If the book is now moved 
slowly toward the eye, still fixing the eye upon the circle, a position 
(about 8 to 10 inches from the eye) will be reached where the square 
disappears. When both eyes are open no position will be found 
where either the cross or the square disappears. One eye always sees 
that part of an object to which the other eye is blind. A similar 
experiment with the right eye focused on the square will cause the 
circle to disappear. 

A further discussion of the human eye and how it functions as an. 
optical instrument is given later on in Sec. 24.7. 
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1.5. Optical Illusions. Of the hundreds of well known optical 
illusions only a few of the most interesting ones will be presented 
here. In Fig. ID is a group of six figures classified as illusions due to 





Fig. ID—Optical illusions with lines and angles. 


lines and angles. In (a), the first figure, the brim of the hat is as long 
as the hat is high; in (b) the diagonal lines of each parallelogram are 
of the same length; and in (c) the per¬ 
fect circle appears to be distorted. In 
figure (d) the two horizontal lines are 
parallel and straight and in (f) they are 
of equal length. In (e) the lower right- 
hand line if extended will intersect the 
left-hand line where it joins the vertical. 

Fig. IE is an example of perspective, 
an illusion suggesting depth to the picture 
when in reality it is flat. Actually this 
figure is a rectangle enclosing three pillars 
of equal height. By means of slanting Fig. IE—Optical illusions in 
lines these pillars are made to appear to perspective, 

have different heights. Experiences from early childhood have trained 
us to interpret the slanting lines as depth. 

The next set of illusions, shown in Fig. IF, are classified as equivo¬ 
cal figures. These illustrate the phenomenon of the fluctuation of the 
process of vision. In figure (a) six cubes may be seen stacked three, 
two, one, or seven cubes may be seen stacked two, three, two. In (b) 
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a folded sheet of paper is seen opening either toward or away from 
the reader. In (c) is a flight of steps seen from above looking down, 
or from below looking up. 

Fig. lF(d) is one of the most interesting of all illusions. To 
fully appreciate the effect one must himself perform the experiment 
with a small wire cube about one inch in size. The cube is held by a 



Fig. IF—Optical illusions illustrating fluctuation of the attention. 


small handle at one corner and viewed with one eye at a distance 
of from one to two feet. By the principle of fluctuation the observer 
next tries to make the farthest corner of the cube appear as the nearest 
corner. When this condition is attained the cube upon being turned 
about a horizontal or vertical axis will appear to turn in the opposite' 
direction. A little practice in the fluctuation bf the visual senses is 
required in this experiment and it is well worth performing. 

In Fig. 1G are two pairs of similar figures of equal area. The 
slanting lines at the ends make the lower figure in each case appear to 
be larger than the one immediately above. Such figures should be 
cut from white cardboard and held one above the other. When the 
upper figure is interchanged with the corresponding lower figure, one 
figure seems to grow and the other to shrink before your eyes. 

In Fig. lH(a) are two small squares of equal size, a white square 
on a black background, and a black square on a white background. 


Qhap. 1] 


Optical Illusions 


s> 

When an image of this is formed on the retina of the eye the cones 
and rods just beyond the white edges are stimulated by those nearby, 
thus causing the white square to be larger than the black one. This 
phenomenon is called irradiation or brightness contrasts. A similar 



(a) (b) 


Fig. 1G—Optical illusions of area. 



Fig. 1H—Light and dark objects illustrating the phenomenon of irradiation. 

phenomenon is illustrated in Fig. lH(b) where grey spots are seen 
at the intersections of the white lines. 

1.6. Fatigue and Color Illusions. All of the above illusions have 
been confined to figures in black and white. There exists a large 
number of illusions which are classified as color illusions. Two of 
these are diagrammed in Fig. II. A disk painted black and white as 
shown in (a) will appear to be colored when set rotating at a relatively 
low speed. The colors to be seen are rather faint pastel shades of 
violet, blue, green, yellow, and pink. The speed of the wheel should 
be from about 4 to 15 revolutions per second. The explanation usually 
given for the phenomenon is that the retina of the eye responds more 
quickly to some colors than to others. Since the white image of the 
disk moves around on the retina and since white light contains all the 
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colors of the rainbow, some colors are perceived at each given spot 
on the retina sooner than others and the effect of color is produced. 

The second diagram (b) in Fig. II illustrates the appearance of 
color by virtue of contrast. If a white patch of light, for example, is 
seen on a background of red it will appear to be pale green. If, on 


M <*) 



Fig. ll—Diagrams of experiments demonstrating color illusions. 


the other hand, a white patch is seen on a background of green it will 
appear to be pink. The experiment may be performed with two similar 
arc lights producing white light. Each of these is made to cast a 
shadow of the same rod R on a white screen. If a piece of red glass 
is placed in front of Light L 2 as shown in the figure, the white patch 


(a) (b) (c) 



bright dark. 


Fig. lj—Experiments demonstrating retinal fatigue of the human eye. 

of light at A will appear to be pale green. If a green glass is inserted 
in its place the region A will appear pink. In each case, A receives 
light from Li only and must therefore be really white. Red and 
green of the proper shades are complementary colors and when they 
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are added together produce white light. The subject of the mixing of 
colors will be taken up in detail in Chap. 25. 

When the eye is subjected to bright light for some little time the 
retina seems to show tiring or fatigue. This may be illustrated by the 
experiment shown in Fig. lj. To observe this fatigue effect fix the 
attention on the center white spot of the left-hand figure for about 30 
seconds, then at the open sky or white wall of the room. A bright 
figure the same shape as the black one will be seen on a grey background. 
Again fix the attention on the center spot of Fig. lj(b) for 30 seconds 
and then on the center of Fig. lj(c). The right half of the last figure 
will appear dark and the left half bright. This experiment can be per¬ 
formed with white and black figures or with colored ones. Fatigue im¬ 
ages last from a few seconds to several minutes. 

1.7. The Stroboscopic Effect. In moving pictures, when an auto¬ 
mobile is coming to a stop the wheels are often noticed to stand still, 
then turn backward, stop, turn forward, and then stop again. This 
phenomenon, known as the "stroboscopic effect,” is due to interrupted 
illumination of the moving-picture screen and can be illustrated in 
many ways. An interesting experiment illustrating the phenomenon is 
shown in Fig. IK. Two disks are mounted on the shafts of two separate 
motors. The smaller disk A with a narrow slot is used to interrupt the 
light beam illuminating the larger disk. The disk B is white with black 
circles and dots arranged exactly as shown. Suppose now that disk A 
makes sixteen revolutions per second, thus illuminating disk B with six¬ 
teen short flashes of light per second. Suppose also that B makes 
only one revolution per second, and that one flash of light comes 
when the disk has the position shown in the figure. Confining the 
attention to the circle at position (l) the two enclosed dots are one 
above the other. When the second flash of light appears the circle 
(2) will be in position (1) and the two dots will appear to have shifted 
slightly counter-clockwise. When the next flash of light comes the 
circle (3) will be in position (1) and the two dots will have shifted 
still farther. This process continued shows that the circles will appear 
to stand still and the dots to rotate within them. If now the disk B 
is rotating just a little too fast the circles will appear to move slowly 
around the disk in a clockwise direction, and if it is rotating too slowly 
they will appear to move counter-clockwise. The three rings in the 
center with checkerboard patches are so made that at the proper speed 
for stationary circles on the edge of the wheel the middle ring stands 
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still, the outer ring rotates slowly clockwise, and the inner ring 
counter-clockwise. 

If the light flashes in any such experiment as the one described 
here are slower than sixteen per second the illuminated object will 
appear to flicker badly. If, however, the flashes come at an increas¬ 
ingly higher rate, the flicker will soon disappear entirely and the 
illumination will seem to be steady. The reason for this is that each 
retinal image is somehow retained by the vision mechanism for about 



Fig. IK—Experimental arrangement for demonstrating the stroboscopic effect. 

one sixteenth of a second. This is called the persistence of vision. 
When a moving picture projector runs so slowly that less than sixteen 
pictures are flashed on the screen per second the screen seems to 
flicker. It is now standard practice with sound film to project pictures 
at the rate of 24 frames per second. To entirely eliminate flicker the 
light shutter not only cuts the light off every one twenty-fourth of a 
second while the pictures change but also in the middle of each pic¬ 
ture as well. This results in projection at the rate of 24 frames per 
second with 48 equal and equally spaced light-pulses. 

QUESTIONS 

1. Explain briefly the difference between objective and subjective methods of 
experimentation. Give an example of each method. 

2. Make a diagram of the eye and label the essential parts. Explain briefly the 
function of each part. 

3. Explain carefully why in the moving pictures the wheels of a slowly moving 
car may appear to stand still. If convenient make a diagram of a car wheel 
and use it in giving your explanation. 



Chapter 2 • Units of Measurement 

Since physics is a science based upon exact measurement it is essen¬ 
tial that the student first become familiar with several of the more 
commonly used measuring devices and the units into which each is 
usually divided. Every measurement whether it be a distance, a weight, 
an interval of time, or anything else, requires two things: first, a 
number ; and second, a unit. One might, for example, obtain as the 
result of the measurement of different distances, 20 feet, 5 miles, 3 rods, 
or as the result of the measurement of different weights, 6 pounds, 23 
tons, 4i ounces, or as the result of the measurement of different time in¬ 
tervals, 7 hours, 26 seconds, etc. As the result of some experiment or 
the reading of certain instruments one might obtain the measurements, 
10.7 calories, 90 horse-power, 6 volts, 12 kilowatts, etc. In each case 
the unit is just as essential as the number expressing the amount. 

Although there are numerous different units, each one can be ex¬ 
pressed in terms of not more than three special units. These three, 
called fundamental units, are the units of length, mass, and time. All 
other units are called derived units since, as we shall see later, they can 
always be written as some combination of the three fundamental units. 

There are in general two widely used systems of fundamental units 
(a) the metric system, and (b) the English system. Throughout the 
civilized world scientific observations are nearly always expressed in 
terms of the metric system. This system employs the standard meter 
as the unit of length, the standard kilogram as the unit of mass, and 
the second as the unit of time. 

2.1. The Standard Meter and Yard. The standard meter is a 
platinum-iridium bar about forty inches long which is kept in the 
vaults of the International Bureau of Weights and Measures near Paris, 
France. Three facsimiles of this bar are to be found at the United 
States Bureau of Standards in Washington, D. C. Each of these dupli¬ 
cate copies may be called an International Prototype Meter and is now 
the standard of length in the United States. From these prototypes all 
other measuring rods and tapes are standardized. 

13 
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When the standard meter was first devised it was intended that it 
have a length equal to one ten-millionth part of the distance from one 
of the earth’s poles to the equator. Although more recent measure¬ 
ments of the earth’s dimensions have shown that the distance from pole 
to equator is about 10,000,880 standard meters the two groove marks 
one on either end of the original platinum-iridium bar are now taken 
to be exactly one meter apart. 

The standard meter is usually divided into one hundred equal parts. 


Each of these parts is called the centimeter. 

1 meter = 100 centimeters ( la ) 

or, abbreviated, 1 m = 100 cm. (lb') 

The centimeter is further divided into ten equal parts. Each of 
these parts is called the millimeter. See Fig. 2A. 

1 centimeter (cm) = 10 millimeters (mm) (2c) 
1000 millimeters (mm) = 1 meter (m). (Id) 


In civil life in the United States the yard is used as the standard 
unit of length. By an act of Congress in 1866 the standard yard to be 
used legally in the United States was defined as 3600/3937 part of a 
standard meter. Since the yard is divided into thirty-six inches, 


1 meter (m) = 39.37 inches (in). (2c) 

With twelve inches to one foot, 

3 ft = 1 yd (If) 

1 ft = 30.48 cm (2 g) 

and 1 in = 2.54 cm. (lb) 

inches 


inches 



Fig. 2A—Diagram comparing the centimeter scale with the inch scale. 

The sizes of the inch, fractions of an inch relative to the centimeter, 
and millimeter, are illustrated in Fig. 2A. 
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When large distances are to be measured it is convenient as well 
as customary to use large units of length. Such units are the kilometer 
in the metric system and the mile in the English system. One kilometer 
is equivalent to one-thousand meters, and one mile is equivalent to 
live-thousand-two-hundred-and-eighty feet. 

1000 meters (m) = 1 kilometer (km) (2 i) 

1 mile (mi) = 5280 feet (ft). (2/) 

The relation between the kilometer and mile is as follows: 

1 mi = 1.609 km ( 2k) 

1 km = 0.621 mi. 

2.2. The Standard Kilogram and Pound. The standard unit of 
mass is the kilogram, a block of platinum also preserved at the Inter¬ 
national Bureau of Weights and Measures near Paris. Two copies of 
this kilogram (which may be called International Prototype Kilograms) 
are kept in the vaults of the U. S. Bureau of Standards. The kilogram 
is divided into one-thousand equal parts called grams. 

1000 grams (gm) = 1 kilogram (kg). (21) 

The original intent was to base the standard kilogram upon the 
gram, the gram being the mass of one cubic centimeter of pure water 
taken at a temperature of four degrees centigrade. 

The pound is defined legally in the United States in terms of the 
standard kilogram as follows: 

1 pound (lb) = 0.4536 kilogram (kg). (2/») 

From this we obtain the following relations 

1 lb = 453.6 gm 1 lb =16 oz (In) 

1 oz = 28.35 gm 1 ton = 2000 lb. (lo) 

It is not essential that the beginning student memorize the above 
numbers, but rather that he or she become familiar with the names of 
the various units of length and their approximate sizes relative to the 
others. The centimeter for example is a little less than one-half inch, 
and the kilometer is a little over one-half mile, etc. 

2.3. Historical Time Pieces. Instruments for the measurement 
of time go back historically to the Babylonians, at least, and probably 
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to the time of the Greeks five centuries B.c. The earliest time pieces 
on record were chiefly water clocks, some of very simple design and 
others of more elaborate design. These clocks were based upon the 
very elementary principle that it takes the same time for equal amounts 
of water to flow through a small opening. The hour glass, employing 
the same principle and using sand instead of water, is an outgrowth of 
the water clock and dates back to medieval times. 

A water clock of moderately simple design is shown in Fig. 2B(a). 
Small holes at the edge of the vanes (shown in the detail diagram) 



Fig. 2B—Diagrams of two of the early forms of time pieces, (a) a water clock, 

( b) a sundial. 


allow the water to flow from one compartment to the other. This per¬ 
mits the cylinder to turn slowly, thus unwinding the suspending cords. 

The sundial dates back to the Chaldean astronomer Berosus who 
lived about the time of Alexander the Great, 300 B.c. Today, similar 
instruments serve as ornaments in many of our public parks. A sun¬ 
dial of common design, as shown in Fig. 2B(b), consists essentially 
of a pin called a gnomon mounted at an angle on a circular plate called 
the dial. The gnomon is mounted in the vertical North and South 
plane. The edge of the gnomon is parallel to the earth’s rotational 
axis and its purpose is to cast a shadow on the dial which is marked 
with the hours of the day. Due principally to the yearly precessional 
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motion of the earth’s axis small corrections must be made to the time 
as shown by the shadow. These corrections amounting to several 
minutes are usually engraved upon every sundial. The sundial on 
the University of California campus, for example, has the following 
corrections: 


Jan. 10, + 17 min 
Feb. 9, + 23 
Mar. 11, + 19 “ 
Apr. 10, + 8 


May 20, + 5 min 
June 19, + 10 
July 19, + 15 “ 
Aug. 18, + 18 " 


Sept. 17, + 4 min 
Oct. 17, - 5 “ 
Nov. 16, — 6 
Dec. 16, + 5 “ 


Modern clocks depend for their regulation upon the swinging of a 
pendulum or the oscillation of a balance wheel. Examples of these are 
the grandfather clock and the modern wrist-watch. Such devices will 
be discussed later under the heading of vibrations and waves, Chap. 14. 
Electric clocks commonly found in the city homes of today are run by 
tiny electric motors. The speed of these motors is controlled at the 
city’s electric power plant by controlling the frequency of the alternating 
current supplied to the power lines leading to the house. The master 
clock at the power house is frequently a pendulum clock. 

2.4. Time and the Mean Solar Day. Three kinds of time are 
always recognized by astronomers: first, sidereal time-, second, apparent 
solar time ; and third, mean solar time. The latter is the time used by 
civil life. If at any given point on the earth’s surface we adjust the 
gnomon of a sundial to lie in the North and South vertical plane, the 
time interval between two successive transits of the sun’s shadow over 
the twelve o’clock mark is called the apparent solar day. Due to sev¬ 
eral reasons, one being that the earth’s orbit around the sun is ellip¬ 
tical, this interval of time varies slightly from day to day. An apparent 
solar day in December is about one minute longer than an apparent 
solar day in September. It is clear, therefore, why in this day of accu¬ 
rate time pieces we do not regulate our clocks to apparent solar time. 

The average length of all apparent solar days throughout a solar 
year is called the mean solar day. This is a satisfactory time interval 
since it is invariable and can be kept by well regulated clocks and 
watches. The time interval called the second is defined as 1/86400th 
part of a mean solar day. 


1 second = 1/60 X 1/60 X 1/24 = l/86400th part of one day. (2p) 
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There are 365.2421 mean solar days in one solar year; that is, with 
respect to the sun, the earth makes 365.2421 revolutions in making one 
complete revolution in its orbit. 

For astronomical purposes a different time scale known as sidereal 
time is used. There is one more sidereal day in one solar year than 
there are mean solar days. One solar year equals 366.2421 sidereal days. 
The reason for the additional day is that in making one complete turn 
around the sun in its orbit the earth has actually made 366.2421 revo¬ 
lutions with respect to the fixed stars. The sidereal second as ticked off 
by an astronomical clock is therefore slightly shorter than the second 
given by an ordinary clock keeping mean solar time. 

2.5. The Metric System. Nearly all scientific experiments, in 
the United States as well as abroad, are performed using the metric 
system. In the metric system distance is usually measured in milli¬ 
meters, centimeters, meters or kilometers; mass is measured in grams 
or kilograms; and time is measured in seconds, minutes, or hours. The 
metric system is often abbreviated cgs, meaning centimeter, gram, 
second. 

The English system, as already referred to, uses the foot, yard, and 
mile as units of length; the ounce, pound, and ton as units of mass; 
and the second as the unit of time. We Americans inherit the English 
system with all of its cumbersome fractions, and because it is so firmly 
ingrained in our civil life it will be a difficult task to ever change com¬ 
pletely over to the simpler metric system. There is a strong movement 
today, however, advocating such a change. 

The chief advantage of the metric system over the English system 
is that all units are divided into ten or one hundred parts. This enables 
fractional distances and masses to be expressed as decimals. Deci¬ 
mals, it is well known, are easier to manipulate in the addition, sub¬ 
traction, multiplication, and division of two or more quantities. 

2.6. Abbreviated System of Numbers. In speaking of the size 
and shape of an object or the time interval between the occurrence of 
two events it is convenient to express very large numbers and very 
small decimals in an abbreviated form. This is done principally to 
conserve time and space. It is convenient for the astronomer in the 
study of stars on the one hand and the physicist and chemist to the 
study of atoms on the other. The abbreviations in common use are 
based upon powers of ten as follows; 
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10 = 10 l 
100 = 10 2 
1000 = 10 3 
10,000 = 10 4 
100,000 = 10 s 
1 , 000,000 = 10 6 


1 = 10 ° 
0.1 = 10 “ x 
0.01 = 10“ 2 
0.001 = 10“ 3 
0.0001 = 10~ 4 
0.00001 = 10~ 5 


The abbreviated form on the right side of each equation is mathe¬ 
matically correct. For example 


and 


10 3 = 10X 10 X 10 = 1000 



1 

1000 


0 . 001 . 


In every case the exponent is seen to give directly the number of 
digits the decimal is moved from unity, positive integers specifying the 
number of places the decimal point is moved to the right to make large 
numbers, and negative integers specifying the number of places it is 
moved to the left to make small fractions. To illustrate the use of 
this system suppose we say that a truck weighs three million grams. 
This can be written 


3,000,000 gm = 3 X 1,000,000 gm = 3 X 10° gm. 

In the abbreviated notation the mass is therefore written 3 X l® 6 g™- 
If more than one numeral occurs any one of several abbreviations might 
be written. For example, in the case of large numbers, 

840,000,000 = 84 X 10,000,000 = 84 X 10 7 

or, 840,000,000 = 8.4 X 100,000,000 = 8.4 X 10 8 . 

In the case of small numbers, on the other hand, 

0.0024 = 2.4 X 10~ 3 , or 24 X 10 -4 . 

To illustrate the advantages of this abbreviated notation the mass of the 
earth and the mass of an electron are found by experiment to be as 
follows: 

mass of the earth, m = 5.97 X 10 27 gm 
mass of an electron, m — 9.11 X 10 -28 gm. 
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If these are written down in complete decimal form they would appear 
as follows: 

mass of the earth = 5,970,000,000,000,000,000,000,000,000 gm. 
mass of the electron = 0.000,000,000,000,000,000,000,000,000,911 gm. 

QUESTIONS 

1. What are the three fundamental units in (a) the metric system, and (b) the 
English system? 

2. Define (a) apparent solar day, (b) mean solar day, (c) one solar year, and 
(d) one second. 

3. What are the advantages of the metric system as compared with the English 
system? 

PROBLEMS 

1. Find the number of (a) yards in 100 meters, (b) millimeters in 1 yard, (c) 
centimeters in 10 feet. 

2. Find the number of (a) grams in 5 pounds, (b) seconds in one year, (c) 
miles in 100 kilometers. 

3. Find the sum of 1 mile and 1320 ft in (a) feet, (b) miles, (c) yards, and 
(d) kilometers. 

4. Find the sum of 4 kg and 2 lbs in (a) kilograms, (b) grams, and (c) 

5. Find the difference between 20 mi and 30 km in (a) miles, and (b) 
kilometers. 




Part I 
Mechanics 




Chapter 3 m Forces, Vectors, and Center 
of Gravity 

So important are the fundamental principles of mechanics to the 
other branches of physics that it is only logical and proper that we 
begin with an elementary treatment of this subject. Although some 
phases of mechanics, as they are presented in the next few chapters, 
will prove to be relatively uninteresting to the beginning student their 
application to the more interesting subjects in later 
chapters will bring about a better understanding 
and fuller appreciation of the world about us. 

3.1. Force and Weight. Everyone probably 
knows that when he weighs himself that he is meas¬ 
uring the downward force he exerts on the foot 
board of tire scales, and that this force causes a 
mechanism within the scales to indicate his weight. 

See Fig. 3A. The greater the downward force the 
greater is the indicated weight. We are not inter¬ 
ested here in the system of levers, weights, or 
springs within the scales but rather with the origin 
of the downward force that we call our weight. 

Weight is due to the gravitational attraction 
of the earth for all bodies. As illustrated in Fig. 

3B, gravitational forces always act in the direction 
of a line joining the body and the center of the 
earth and are therefore perpendicular to the 
earth’s surface at the body. 

The term force is not confined to weight alone 
but to the action of any one body on another. For example, in towing 
an automobile as shown in Fig. 3C, there are two forces acting (1) a 
downward force W due to gravity, and (2) a horizontal force F due to a 
pull on the tow line. In pushing a lawn mower there are also two 
forces, (1) a downward force W due to gravity and (2) a diagonal 

23 



Fig. 3A—Weight is 
a downward force. The 
earth attracts all bodies 
toward its center. 
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force F due to the push on the lawn mower handle. Force may there¬ 
fore be defined as the action of one body upon another. In general the 
letters F or R are used to represent all forces, with the single exception 

of the downward force of gravity, where it is 
customary to use W. 

3.2. Force as a Vector. All forces have 
two aspects, magnitude and direction. The mag¬ 
nitude of a force is defined as the amount of 
force, and the direction is defined as the direc¬ 
tion in which the force acts. A 2 lb book rest¬ 
ing on a table top, for example, exerts a force of 
magnitude 2 lb on the table top and in a direc¬ 
tion straight down. 

Measurable quantities which have magnitude and direction are 
called vectors. Examples of vector quantities are force, weight, veloc¬ 
ity, acceleration and momentum. Measurable quantities which have 
only magnitude are called scalars. Examples of scalar quantities are 
mass, volume, area, etc. Scalar quantities are always added arithmeti- 



Fig. 3B—The down¬ 
ward force of gravity 
is always towards the 
center of the earth. 



Fig. 3C—Illustrating two independent forces on the same body. 


cally, as for example, 2 gal -)~ 3 gal = 5 gal. Vector quantities, on 
the other hand, are added vectorially. 

3.3. Vector Addition. It may be shown that two forces acting 
on one body at the same time are equivalent to a single force R called 
the resultant. The magnitude and direction of this resultant is ob¬ 
tained by a vector diagram. A vector quantity is represented by an 
arrow, the length of which is drawn proportional to the magnitude of 
the quantity, and the direction is drawn parallel to the direction of 
the action. 

In Fig. 3D four different vector diagrams are drawn showing in 
each case two forces of 3 lb and 5 lb respectively acting on a body B. 
Acting in different directions the resultant of these two forces will be 
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different in each of the four cases. There are in general two graphical 
methods for finding the resultant: first, the parallelogram method; and 
second, the triangle method. 

The parallelogram method of vector addition is shown in Fig. 3E. 
To illustrate the method consider the second diagram (b). From the 



Fig. 3D —Force diagrams showing two forces acting on the same body but in different 

directions. 

head of the vector representing the 5 lb force a dotted line is drawn 
parallel to the 3 lb vector and from the head of the 3 lb vector a dotted 
line is drawn parallel to the 5 lb vector. To this point P where these 
two dotted lines intersect the resultant R is drawn starting from the 
origin O. Using the same scale that was used to mark off the 3 lb and 
5 lb vectors the length of R can be read directly as 7 lb, and the angle 0 
it makes with the horizontal can be read in degrees with a protractor 
as 22°. In other words, the length of R gives the magnitude of the 
resultant force and the direction of R gives the direction of the force. 


(a) (b) 6c) (d) 



Fig. 3E—Illustrating the vector addition of two forces by the parallelogram method. 

This resultant force if acting on the body above will produce ex¬ 
actly the same effect and is equivalent to the two original forces. It is 
to be noted that only when the forces are in the same direction or in 
opposite directions, as shown in Fig. 3E(a) and (d) is the resultant R 
equal to the arithmetical sum and difference respectively. Thus the 
magnitude of R may have any value from the arithmetic difference up 
to the arithmetic sum, depending solely upon the relative directions of 
the two original forces. 

The triangle method of vector addition, as shown in Fig. 3F, fol¬ 
lows directly from the parallelogram method just described. Only half 
of the parallelogram need be drawn. In Diagram (b) for example 
the 5 lb vector is first drawn to some scale. Second, the 3 lb vector is 
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started at the arrowhead of the 5 lb vector and drawn in its true direc¬ 
tion and to the same scale. The resultant is finally drawn starting at 
the origin O and ending at P, the second arrowhead. For convenience 



Fig. 3F—Illustrating the triangle method of vector addition. 


alone this triangle method is to be preferred over the parallelogram 
method. 

3.4. Composition of Three or More Vectors. When three or 
more forces act simultaneously on the same body the triangle method 
is applied successively and results in what is called the polygon wet bod. 
Suppose for example, as shown in Fig. 3 G(a), that five different forces 
Fi, F 2 , F 3 , F-i and F 5 are all acting on one body at B. The force F 1 is 
first laid off to scale and in the right direction as shown in diagram (b). 
The force F 2 is next laid off from the head of F i, parallel to its direc¬ 



tion in diagram (a). The resultant of these two is indicated by the 
dotted vector Ri. The third force F 3 is now added to R\ by the tri¬ 
angle method to give R». This resultant R> is equivalent to the vector 
sum of Ri and F 3) or of Fi, F 2 , and F 3 . The vectors F .j and P 5 are 
now added in turn and the final resultant R drawn in. This process 
of the addition of one vector after the other each with its correct mag¬ 
nitude and direction yields a single resultant, R, which is equivalent to 
the sum of the five individual forces. It is interesting to note that the 
order in which the forces are added makes no difference in the resul¬ 
tant. Starting with any one of the forces and adding them in any order 
will give the same final R. This will be left as an exercise for the 
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student to prove to his own satisfaction. (Make up your own example 
of several forces and try adding them in different orders.) 

3.5. Conditions for Equilibrium. A body is in equilibrium when 
the vector sum of all the forces acting on that body is zero. If two 
forces are in equilibrium a little study shows that they must be equal 
in magnitude and opposite in direction. When more than two forces 
are acting simultaneously the force polygon must close. In other 
words, to be in equilibrium the resultant R must be zero. 

As an example of an object in equilibrium consider a street light 
suspended from two poles of equal height as shown in Fig. 3H(a). 



Fig. 3H—Diagram of a street light suspended hy ropes between two poles. Example of 

three forces in equilibrium. 

In this case there are three forces acting; IF, the weight of the lamp 
5 lb acting straight downward, F i, the pull of one rope at 45 degrees 
to the left, and F >, the pull of the other rope at 30 degrees to the right. 
The problem to be solved here is the determination of the tensions in 
the two ropes, i.e., the magnitude of the unknown forces F i and Fo. 

To find the magnitude of Fi and F > we first note that the lamp is 
not moving. It is therefore in equilibrium and the force polygon of 
three forces must close exactly. We now make the following graphical 
construction of vectors. As illustrated in diagram (b) a vector of 
length 5 units is first drawn vertically downward to represent IF, the 
weight of the light. To the head of this vector at B a dotted line BC 
is drawn parallel to the rope exerting the force F». From A another 
dotted line AD is drawn parallel to the rope exerting the force Fi. At 
E where these two lines intersect the vectors Fi and F<> are terminated 
and arrowheads inserted as shown. These new vectors AE and BE 
measure up to be 4.5 and 3.7 units in length and represent therefore 
the forces Fi = 4.5 lb and F«_> = 3.7 lb, respectively. 
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The magnitudes and directions of the three forces in equilibrium 
are illustrated in Fig. 3H(c). Note carefully that the magnitudes of 
the forces do not represent the length of each rope. The rope lengths 
are given in diagram (a). 

This method of vector addition applied to objects in equilibrium 
has many variations and applications. For example, in the problem 
just considered the tensions in the ropes (1) and (2) might be known 
and the directions unknown. In other words, one 
could specify that each rope is to support a cer¬ 
tain load and then try to determine the angles at 
which the light ropes are to be suspended. 

These directions may be found graphically as 
illustrated in Fig. 31. Suppose that we specify 
that rope (1) support a force of 4.5 lb and rope 
(2) support a force of 3.7 lb. With a compass 
of radius 4.5 units and a center at A the arc of 
one circle is scribed as shown. With a radius of 
3.7 units and a center at B the arc of another 
circle is scribed intersecting the first at E. The 
point of intersection and the points A and B 
when connected by straight lines give the correct 
directions and magnitudes of F i and F->. 

3.6. The Resolution of Vectors. Converse to the addition or 
composition of vectors is the principle of the resolution of vectors. 
With one vector given there can always be found two or more other 
vectors which together are equivalent to the original one. For ex¬ 
ample, in Fig. 3j(a) there is given a force F6 lb acting in a direc¬ 
tion of 30 degrees with the horizontal. In finding two component 
forces equivalent to F, one is free to choose either the directions of the 
components and find their magnitudes or to choose their magnitudes 
and find their directions. 

In Fig. 3j(b) the directions of the forces are chosen by drawing 
dotted lines OA and OB as illustrated. From the point C dotted lines 
are now drawn parallel to OA and OB. l\ and F» are next drawn 
terminating at the intersections. The scale for F now gives directly 
the magnitudes of the two new forces. 

With the direction arbitrary any number of other sets of two forces 
may be found in the same way. Two other cases are diagrammed in 


A 



Fig. 31—Diagram il¬ 
lustrating the graphical 
determination of the di¬ 
rections of two vectors 
Fi and Fn, having given 
their magnitudes. 
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Fig. 3K. In practical applications it is usually convenient to choose 
the directions of the two components at right angles to each other as 



Fig. 3J—Illustrating the resolution of a vector F into two components, I\ and F 2 . 


illustrated in diagram (b). Here the two components F x and F y are 
called the x and y components of F. 



Fig. 3K—Resolution of a single vector F into two components. 


Consider the following example of the resolution of a force into 
two rectangular components. A boy is pulling a small 40 lb wagon 



Fig. 3L—Illustrating the resolution of vectors into components. 


up a 30 percent grade as illustrated in Fig. 3L. A 30 percent grade 
means that for every 100 ft traveled in the horizontal direction there 
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is a vertical rise of 30 ft. (This is not equivalent to an angle of 30 
degrees.) 

To find how hard the boy must pull on the wagon the weight of 
the wagon W is resolved into two components, one parallel to the in¬ 
cline and the other perpendicular to it. As shown in diagram (b) the 
40 lb vector W is first drawn vertically downward. Two dotted lines 
are next drawn parallel and perpendicular to the incline, one from one 
end of W and the other from the other. Where these two lines inter¬ 
sect at Q the vector components Fx and F„ are terminated. When the 
magnitudes of these two forces are measured they are found to have 
the values, F x — 11.5 lb and F v — 38 lb. The force F v is the force 
the wheels of the wagon exert against the incline, and being perpen¬ 
dicular to it, neither aids nor hinders the motion. To pull the wagon 
the boy must exert a force P equal to or greater than 11.5 lb, the mag¬ 
nitude of the component Fx down the incline. 

To illustrate how this same problem can be solved mathematically 
we first note that the force diagram at the right and inclined plane at 
the left are similar triangles. (The sides of one are perpendicular 
respectively to the corresponding sides of the other.) We therefore 
make use of the elementary proposition in geometry that corresponding 
sides of similar triangles are proportional. We may therefore write 


F x : W = BC : AB, or 


Fx 

W 


BC 

AB 


To calculate F x we must know the length of the side AB. Since 
triangle ABC is a right triangle the square of the hypothenuse is equal 
to the sum of the squares on the other two sides. Squaring both sides, 
adding, and taking the square root gives AB = 10 4.4 ft. Inserting 
the known values in the above equation we get as a result, 


Fx = 30 F = 40 X 30 

40 104.4 ’ ° f r 104.4 


11.5 lb. 


By a similar proportion the component F v can be calculated. 

A problem that puzzles many people, particularly those more or 
less familiar with sailboats, is that of sailing across but into the wind. 
This phenomenon, commonly known as tacking, is explained as an¬ 
other illustration of the resolution of a force into rectangular compo- 
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nents. As shown in Fig. 3M, the wind is from the east and the boat 
is headed NE. When the sail is properly adjusted the wind in blowing 
across the canvas exerts a force F practically normal to the surface as 
shown. By resolving this force into two rectangular components, one 
parallel and the other perpendicular to the boat, we find that the force 
B is responsible for the boat’s motion. The other component, P, has 



Fig. 3M—A boat sailing into the wind. An example of the resolution of a force F into 
two rectangular components P and B. 

little effect upon the boat since it is perpendicular to the motion. It is 
a useless force which tends to tip the boat and move it to the leeward. 
To prevent being pushed sideways sailboats are equipped with a deep 
keel. By increasing the angle between the sail and the wind the force 
F will increase but the component B will decrease. If the boat is 
headed more directly into the wind, without changing the relative 
position of sail to boat, the useful component B again decreases. 



Fig. 3N—Illustrating the center of gravity of regular shaped objects. 


It should be mentioned in passing that the resolution into compo¬ 
nents as illustrated above applies not only to forces but to all vector 
quantities. 

Y The Center of Gravity, or the Center of Mass. The center 
of gravity, or the center of mass, is a point inside or outside of a body 
about which that object will, if set turning, rotate freely and with uni¬ 
form angular velocity. The center of gravity of all regularly shaped 
objects like a disk, a sphere, a ring, a hollow ball, a rectangle, a cube, 
etc., see Fig. 3N, is at the geometrical center. 
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To find the center of gravity of an irregularly shaped body or one 
of non-uniform density the object is suspended first from one point and 
then from another as shown in Fig. 30. With each different suspen¬ 
sion point P the center of gravity will be 
located either at or directly under-that 
point as shown by a plumb W. The inter¬ 
sections of all the lines of the plumb will 
therefore come at the same point. This, 
the center of gravity (C of G), is the point 
about which the body will, if pivoted, bal¬ 
ance in any position. 

If the same body is now thrown spin¬ 
ning into the air it will be seen to rotate 
smoothly about the C of G. Out in free 
space away from the gravitational attrac¬ 
tion of the earth free rotation of the same 
body will be about this identical point. In 
this case the point is called the center of 
mass. 

Frequently in astronomy it is neces¬ 
sary to locate the center of mass of two 
bodies considered as a single unit or system. See Fig. 3P. The center 
of mass in this case lies on a line connecting the centers of mass of the 
two bodies and in such a position that the following relation holds true: 

midi = m 2 d 2 . (3*0 

Here d\ is the distance AC and d 2 
is the distance BC. 

Example. As an application 
of this principle, consider two 
masses m\ — 2 gm and »/2 — 5 
gm, placed 14 cm apart. To find 
the center of gravity we first note 
that d\ -f- d-i — 14 cm. Putting dy on the right-hand side of this equa¬ 
tion we obtain 

d 2 = 14 - d x . (3 b) 

Substituting all known quantities for their symbols in Eq. (1 a) we 
now obtain 



Fig. 3P—The center of mass of two bodies 
is located at some point on a line joining 
their centers of mass. 



Fig. 30—The center of gravity 
of any freely suspended object lies 
at or directly beneath the point 
of suspension. 


2di = 5(14 - */,) 


00 
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Multiplying out 

and collecting like terms 

from which 


2d i - 70 - 5di 


ld\ = 70, 


d\ = 10 cm. 

, Substituting this value of d\ in Eq. (l b) 


d 2 = 4 cm. 


(3d) 

(30 


That this gives the center of mass may be shown experimentally by 
rotating a small model on a pivot as shown in Fig. 3Q. If the model 



\ 


Fig. 3Q—Illustrating the smooth rotation of two bodies around their center of mass. 


is pivoted at the center of mass the rotation will be smooth. Rotated 
about any other point such as a point half-way between mi and m 2 
the motion will not be smooth. If this same model is thrown into the 
aii it will rotate about the center of mass. 

The earth and the moon rotate about their common center of mass 
once in every 28 days. Surprisingly enough, this point lies about 1000 
miles below the surface of the earth; or a distance of nearly 3000 miles 
from the center of the earth. 


QUESTIONS 

1. Define briefly and give an example of the following: (a) scalar, (b) vector, 
(c) center of gravity, and (d) center of mass. 

2. Briefly explain and show by diagram the composition of two forces 4 lb and 
10 lb when they are applied at right angles to each other. Use the triangle 
method. 

3. Explain briefly and diagram the polygon method applied to three forces in 
equilibrium. Let the three forces be 3 lb, 4 lb, and 4 lb. 

4. Explain and show by diagram the resolution of a vector into two components 
at right angles to each other. 
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PROBLEMS 

1. Two forces of 9 lb and 12 lb are exerted simultaneously on the same object. 
If these two forces act at right angles to each other, what equivalent force 
would produce the same result? Solve this problem by the graphical method. 
Use a protractor to measure the angles and a centimeter scale for the magni¬ 
tudes of the vectors. 

2. Five forces are acting simultaneously upon one body. Find the resultant 
force. The forces are: 6 lb in a direction 30° north of east, 3 lb in a direction 
60° north of east, 2 lb 45° north of west, 8 lb 45° south of west, and 5 lb 
60° south of east. 

3. If the light in Fig. 3H weighs 7 lb find the tensions F x and F 2 in the two 
ropes. Solve this problem by the graphical method. 

4. A tow car is pulling a 3000 lb car up a 10 percent grade. Find the force 
that must be exerted on the towline. 

5. A barrel weighing 100 lb is being rolled up an inclined plane made of a 
plank 10 ft long. The upper end of the plank rests on the edge of a platform 
5 ft high. Make a diagram and determine what force applied parallel to the 
plank is necessary to move the barrel. Solve (a) graphically, as in Fig. 3L 
and (b) mathematically. 

6. Find the center of mass of the moon and the earth considered as a system. 
Assume that the distance between the center of the earth and the center of 
the moon is 240,000 miles. The mass of the earth is 81 times that of the 
moon. 

7. If the force in Problem 5 is applied in a horizontal direction instead a parallel 
to the incline, what must be the magnitude of the force? 



Chapter 4 ‘ Newton’s Laws of Motion 

So often in mechanics we neglect the size and shape of an object 
or body and consider its motion as that of a geometrical point. The 
point in such cases represents the center of mass of the moving body. 
One is justified in making this simplification just as long as the size 
and shape of the body does not enter specifically into the problem and 
alter the result to be determined. For example, in specifying the mo¬ 
tion of an airplane flying between two cities we need not give a detailed 
description of the airplane in order to determine its position at any 


(a) (b) 



Smooth track 

Fig. 4A — (a) The card can be flipped from under a coin without dislodging the coin, 
(i b) The smooth track can be moved quickly without moving the car. 

given time. We think of the airplane as being at some given point 
in space. 

4.1. Newton’s First Law. A body at rest or in motion will re¬ 
main at rest or in motion unless some external force is applied to it. 
This law can be demonstrated by many simple experiments. In Fig. 4A 
a card is shown in the process of being snapped from under a coin. 
The card can be removed without dislodging the coin from the pedestal. 
In diagram (b) a small car is shown free to move on a smooth track. 
If the track is jerked quickly to right or left the wheels of the small car 
will turn but the car itself will tend to remain at rest in its original posi¬ 
tion with respect to the table. 

In both of these experiments the coin and the car are the objects at 
rest. They tend to remain at rest because the sudden motion of the 
objects on which they are resting exert no appreciable force for any 
great length of time. Actually the coin and the car do move slightly 
due to small frictional forces between the card and the coin and be- 
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tween the wheels and the track. The tendency for each body to remain 
at rest is attributed to that property, common to all material objects, 
called inertia. The inertia of a body may be defined as that property 
of the body which tends to resist a change in the state of its motion. 
Mass is defined as a quantitative measure of inertia. Inertia and mass 
are both measured in grams or pounds. 

A third experiment illustrating inertia, and Newton’s first law, is 
illustrated in Fig. 4B. A small mass AT of 100 gm is suspended by a 
n piece of fine thread A, and then pulled down- 

r~ l-_ .. .p ward by another piece of the same thread B. 

I A If the force F is a slow steady pull the thread 

gl will always break at A ; whereas if it is a 

sudden jerk it will always break at B. In the 
g first case the tension in the upper thread is 
greatest and is equivalent to the force F plus 
the weight of the mass M. In the second 
case F is momentarily very large, causing the 
breaks « B^and a thread t0 break before the mass M has had 

slow steady pull at F breaks time to move down far enough to stretch and 
the thread at A. break the upper thread. It is the inertia of M 

that permits the very large force F to be momentarily applied to the 
lower thread only. 

If the car in Fig. 4A is set rolling along the track, Newton’s first 
law states that, neglecting friction, it should keep moving constantly 
with the same speed. By using ball bearing wheels and a hard glass 
plate for a track, friction can be made very small and the car, when 
started moving, will roll with almost constant velocity. 

4.2. Friction. Although friction plays a most important part in 
nature it is one of the most difficult properties of matter to describe in 
detail. In constructing all mechanical devices it seems that one is 
always trying to reduce friction or to increase it. In the design of an 
automobile, for example, ball bearings and lubricating oils are used in 
the wheels and motor to reduce friction and keep the car running with 
as little fuel as possible; while in the brakes, particular kinds of ma¬ 
terials are used which will produce large frictional forces and stop the 
car as quickly and as smoothly as possible. Again, to reduce air fric¬ 
tion the body of a car is stream-lined; while to prevent skidding, special 
tire tread designs are used. No one would want to do without friction, 
for without it we could not walk, nor could we start and stop our car. 
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In spite of the importance of friction to the normal functioning of 
animal life as well as man-made machines, most of the laws of me¬ 
chanics are based upon principles which neglect friction entirely. Since 
friction cannot be entirely eliminated, the predictions or calculations 
that one makes by such laws are only approximately true and must be 
slightly modified to actually agree with experience. If these modifi¬ 
cations were large the laws of mechanics would have little value. In 
many practical cases, however, friction may be made negligibly small, 
thus making it possible to describe many of the phenomena of the 
physical world in terms of simple mechanical laws. These laws of 
which we speak are frequently stated in words but more often and 
more conveniently stated in the form of simple algebraic equations. 

4.3. Speed and Velocity. Newton’s first law states that if a 
body is moving in a straight line it will continue to move in the same 
straight line with the same speed until it meets another body. This 
second body then exerts a force on the first body, altering its motion. 
Newton’s second law states how this motion is altered. In order to 
better understand the second law, to be given later, it is advisable that 
we first become familiar with three new concepts, (1) velocity, (2) 
momentum, and (3) acceleration. 

Velocity is defined as the rate of change of position. Since by 
change in position of a body we mean the distance it has traveled we 
may write symbolically, 


Velocity = 


distance traveled 
time 


(4-0 


As an algebraic equation 


v 


s 

t’ 


(40 


where v represents the velocity, s the distance traveled, and t the time 
of travel. 


V 


t sec 


-y. 

A 5 



Fig. 4C—Diagram of a body moving with constant velocity. 


The meaning of this equation is illustrated in Fig. 4C. If a body 
travels with constant velocity along the straight line from A to B, a 
distance s in a given time t, the velocity may be calculated by Eq. (4b). 
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Example. Suppose that a car travels a distance of 60 miles in ex¬ 
actly 2 hours. In this particular case s = 60 mi and / = 2 hr. The 
velocity, as given by Eq. (4b ), is 


60 mi 


„ mi 

30 w 


The answer is read 30 miles per hour. The units mi/hr are just as 
important as the numbers and should always be written in the answer. 
If in this problem 2 hr is changed to seconds, the velocity may be written 


60 mi 

2 X 60 X 60 sec 


0.00833 


mi 

sec 


(4<0 


If the miles are changed to feet, 


60 X 5280 ft „ ft 

-= 44- 

7200 sec sec 


(40 


All three of the velocities above are exactly the same; they are ex¬ 
pressed only in different units. 

Again, if s — 200 cm and / — 8 sec, the velocity v = 200 cm/8 sec 
= 25 cm/sec (read twenty-five centimeters per second). 

Speed is a term which is confined to the magnitude of velocity and 
does not specify the direction of motion. Speed is therefore a scalar 
quantity. Moving along a straight line speed and velocity are numeri¬ 
cally equal to each other. Along a curved path, however, the speed of 
a body may be constant while the velocity is continually changing due 
to its change in direction. It is customary in this latter case to speak of 
the speed of the object and in calculating its value to use the same 
formulas as for velocity, the distance being measured along the curved 
path. It is altogether proper, however, to speak of the instantaneous 
velocity of a body at any specified point on a curved path, for at every 
point in its motion it has a particular specified direction. 

Speed and velocity always have the dimensions of length divided 
by time, i.e., L/T.* 

If the speed or velocity of a body is known we sometimes wish to 
determine the distance traveled in a given time. For such problems 
Eq. (4b) is conveniently changed by transferring t to the other side of 
the equation. This gives 

s = vt (4 f) 

* Capital letters L, M, and T are always used to signify the three fundamental 
units of, length, mass, and time, and are used when referring to dimensions. 
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Example. If a body is traveling with a velocity of 45 cm/sec how 
far will it travel in 2 minutes? 

s = 45 — X 2 min = 45 — X 120 sec = 5400 cm. 
sec sec 

Note that the units sec in the numerator cancel sec in the denomi¬ 
nator just as if they were equal numbers. This leaves cm in the answer 
as the unit of distance or length. 

4.4. Velocity a Vector. Velocity is a vector quantity since it 
has both magnitude and direction. 

Being a vector the addition of two such quantities must be done 
vectorially. (For vector addition see Sec. 3-3.) Suppose, for example, 
that we wish to determine the velocity or motion of a body moving with 
two or more velocities at the same time. To see how this is possible 
consider the following problem: While a ferry boat is sailing eastward 



1Z mi /hr 

Fig. 4D—A man walking across the deck of a ferry boat illustrates the composition of 

two velocities. 

with a velocity of 12 mi/hr, a man walks 4 mi/hr across the deck at 
right angles to the length of the boat. The problem resolves itself 
into determining the velocity of the man with respect to the water. 

This problem is illustrated graphically in Fig. 4D. All at the left 
shows the starting point of the man and boat, and Mo at the right shows 
the end point. Such a diagram is called a space diagram. The diagram 
at the right in Fig. 4E is a vector diagram of velocities. The arrow WB 
is first drawn 12 units long and pointing in the direction of the boat’s 
motion. BM is next drawn up from B, 4 units long, and pointing in 
the direction the man is walking on the boat. The triangle is then 
completed and the length of the side WM determined. The result of 
12.7 mi/hr may be either measured directly from the diagram or may be 
calculated from the geometrical relation that the square on the hy- 
pothenuse of a right triangle is equal to the sum of the squares of the 
other two sides. The vector WM represents, both in magnitude and 
direction, the velocity of the man with respect to the water. 
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Many simple as well as complicated problems may be calculated 
by this graphical method. A very useful rule to be followed in solving 
such problems is to label each vector properly with the moving body 
at the head of the arrow and the object with reference to which it is 
moving at the other. The vectors are then put together in a diagram 
with like labels together as illustrated in Fig. 4E. 



Fig. 4E—Vector diagram compounding two simultaneous velocities. 

4.5. Momentum. Momentum is defined as the product mass 
times velocity. According to this definition all moving bodies have 
momentum. 

momentum = mv. (4g) 

If a body is at rest its velocity is zero, v == 0, and the momentum, 
m times v, is zero. If on the other hand the velocity is high the mo¬ 
mentum is correspondingly large. 

Examples. If a mass of 10 lb moves with a constant velocity of 
5 ft/sec the 

,. .. . . _ ft „ lb ft 

momentum = 10 lb X 5 — = 50- 

sec sec 

This is read fifty pounds feet per second. 

Again, if a mass of 3.4 gm moves with a constant velocity of 
8 cm/sec the 

, . ., „ cm _ gm cm 

momentum = 3.4 gm X 8 — = 27.2 -- 

sec sec 

This is read twenty-seven point two gram centimeters per second. 
Momentum is a vector quantity since it has magnitude and direction. 
The direction is the direction of motion and the magnitude is the mass 
of the moving body multiplied by its velocity. The dimensions of 
momentum in both the English system and the metric system are mass 
times length divided by time, i.e., ML/T. 

4.6. Acceleration. When the velocity of a body changes it is 
said to be accelerated. Acceleration is the result of one or more forces 



"Newton's Caws of ^Motion 


41 


C^p. 4] 


acting on a body and is defined as the rate at which the velocity 
changes. A car picking up speed quickly has a large acceleration, 
while another moving with constant velocity has no acceleration. 

Acceleration is the rate of change of velocity. To make the mean¬ 
ing of this definition clear consider the following example. At A in 
Fig. 4F a body is moving with a velocity Vo. vo is called the initial 
velocity. Under the action of a force (not shown) this velocity in¬ 
creases steadily until at B the velocity is v. v is called the final ve- 


v o 


A 


_S _ 

t sec. 



Fig. 4F—Diagram of a body undergoing an acceleration. 


locity. If the time required to travel from A to B is t seconds, the ac¬ 
celeration, by definition, is symbolically written as 


acceleration = 


final velocity — initial velocity 
time 


or algebraically as 


a = 


V — Vo 


t 




Example. If at A in Fig. 4F, the velocity is 40 cm/sec and at B it 
has increased to 60 cm/sec, and it takes 4 seconds to go from A to B, 
what is the acceleration? Since the initial velocity vo — 40 cm/sec 
and the final velocity v — 60 cm/sec, 

60 cm/sec — 40 cm 'sec _ 20 cm _ cm 

a ~ 4 sec 4 sec sec sec 2 

The answer is read five centimeters per second per second and 
means that the velocity increases five centimeters per second every 
second of time. Initially the velocity was 40 cm/sec. An increase of 
5 cm/sec means that at the end of one second the velocity is 45 cm/sec, 
at the end of two seconds it is 50 cm/sec, at three seconds it is 55 
cm/sec, and at four seconds it is 60 cm/sec. A constant acceleration 
means ', therefore, that the velocity changes by the same amount each 
second. This will be demonstrated by an experiment in the next 

chapter. 
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When a body is slowing down the initial velocity is greater than 
the final velocity and the acceleration as given in Eq. (4 hi) is negative. 

Example. In going up a long gradual grade a car slows down 
from 60 mi/hr to 30 mi/hr in 3 minutes. Find the acceleration. 


a = 


30 mi/hr — 60 mi/hr 
3 min 


= - 10 


mi 


hr min 


The velocity thus decreases by 10 mites per hour per minute. 

4.7. Newton’s Second Law. Newton’s second law tells us how 
the motion of a body changes under the action of a given force. Every 
constant force, when applied to an object free to move, will produce a 

constant acceleration. If the 
object is at rest this force 
will start it moving. If it is 
already moving, the force 
M will speed it up when ap¬ 
plied in the direction of mo¬ 
tion and will slow it down 
when applied against the 
motion. These principles 
may all be demonstrated by 
an experiment as illustrated 
in Fig. 4G. A small car of 
mass m and under the action 
of a constant force F, due to the mass M, undergoes a constant accelera¬ 
tion. Having velocity and mass the car has momentum. Since the 
velocity changes the momentum also changes. Newton’s second law 
may now be stated in terms of the change in momentum. 

The rate at which the momentum of a body changes is equal to the 
force acting and takes place in the direction of the straight line in which 
the force acts. Symbolically, the second law is written 

„ chance in momentum 

Force =- & -:- 

time 

This can be written as an algebraic equation as follows: 



Fig. 4G —A small car being accelerated by 
constant force. 


F = 


mv — mv o 


(40 
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F is the force which applied for a time t changes the momentum from 
its initial value mv o to its final value mv. Taking out the common 
factor m in the numerator gives 

F = m - y ° y (4;) 

The last part of this equation, see Eq. (4 h), is by definition the 
acceleration a. The equation thus reduces to the very simple form 

F — tna. (4k) 

This is the well known force equation of Newton’s second law 
which forms the basis of a great many principles in mechanics. Be¬ 
cause of its general application to so many physical phenomena the 
formula will be applied here to three examples. 

(1) Neglecting friction, what constant force will give a mass of 
50 grams an acceleration of 5 centimeters per second per second? 


_ . . , cm . . gm cm 

F = 50 gm X 5 ^ = 250 - • 


sec“ 


sec" 


(40 


The answer is a force of 250 gram centimeters per second per second. 
By definition 1 gm cm/sec- is a unit of force called the dyne. Accord¬ 
ing to this definition the answer to the above problem could have been 
written as 230 dynes. (The dyne is defined as a force which, acting 
on a one gram mass, will give it an acceleration of one centimeter per 
second per second.) 

(2) A mass of 4 kg is moving initially with a velocity of 10 cm/sec. 
By the application of a constant force for 15 seconds the mass acquires 
a velocity of 40 cm/sec. Find the force in dynes. Using Eq. (4/), 


F = 
F = 


4000 gm 
4000 gm 


40 cm/sec — 10 cm/sec 
15 sec 

30 cm/sec n/ _ , 

—--= 8000 dynes. 

15 sec J 


(3) A car weighing 3000 lb stands at rest on a level road. What 
force applied for only 12 seconds will give it a velocity of 60 miles per 
hour? The first step here is to change the velocity from miles per hour 
i 0 feet per second. To do this 60 miles is changed to feet and one 
hour is changed to seconds. 

mi 60 X 5280 


ft 
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Sixty miles per hour is equivalent to 88 ft/sec. With this as the final 
velocity to be substituted in Eq. (4/), 


F = 


30001b 


88 ft/sec — 0 ft/sec 
12 sec 


22,000 


ft lb 
sec 2 


Just as force in the metric system is measured in dynes so force in the 
English system is measured in poundals. The answer to the problem 
is read 22,000 poundals. 

The engineer does not use the scientific system of units as illus¬ 
trated by the above examples because he finds it more convenient to 
measure a force in pounds weight. In the construction of buildings, 
bridges, airplanes, and machinery, loads to be carried are usually speci¬ 
fied in pounds. In using the force equation, the engineer therefore 
finds it necessary to measure the mass of objects not in pounds but in 
slugs. Because this peculiar unit is used only by the engineer and not 
in science it will not be discussed here. 

There is a rapidly growing movement among scientists and teachers 
of physics to use the kilogram and meter in place of the gram and 
centimeter as units of length. According to this kilogram, meter, second 
system (abrev. the kms system), unit of force is called the neuton, in 
honor of Sir Isaac Newton. The neuton is defined as that force which 
applied to a mass of one kilogram will give it an acceleration of one 
meter per second per second. 

The rather complicated appearance of the dimensions of a force 
(AIL/T 2 ) need not complicate matters in the mind of the student. 
The important point here is to obtain a clear conception of the mean¬ 
ing of the term force. The F in Newton’s force equation refers, for 
example, to the influence one body has on another to change its motion. 
The right-hand side of the equation represents what happens to the 
motion of the object due to the applied force. 

It should be apparent by this time that force and mass are different 
things and that each has a different unit. The difference between the 
two is just that given by Eq. (4k). Mass is measured in grams or 
pounds and force is measured in dynes or poundals. This will be made 
clearer in the next chapter, where we shall take up Newton’s third 
law of motion. 

4.8. Negative Acceleration. As stated at the end of Sec. 4.6, a 
negative acceleration is one in which the velocity of a body decreases 
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with time, that is, the initial velocity is greater than the final velocity. 
A negative acceleration is always produced by a force oppositely di¬ 
rected to the direction of motion. Assume, as shown in Fig. 4H, that 
quantities measured to the right are positive (-]-) and those measured 
to the left are negative (—). Moving initially as shown at (a) with 
a velocity -f- Vo in the positive direction, a force — F opposite to the 
direction of motion is applied to slow the body down. After traveling 
a distance s, and with the same force — F still acting, the velocity has 
been reduced to v. The net result is that the acceleration is toward the 
left and is therefore negative. This is in 
agreement with Newton’s second law 
which states that the force and accelera¬ 
tion are in the same direction. Here both 
are negative. To illustrate how Newton’s 
second law may always be relied upon con¬ 
sider the following paradox. A spool of 
thread is placed upon the table as shown 
in Fig. 41. With the thread leading off the underside of the spool a 
horizontal force F will cause the spool to move. Will it roll to the right 
and wind up the thread or will it roll to the left and unwind? The 



Fig. 41—If the thread is pulled to the right will the spool roll to the right or the left? 

performance and explanation of this experiment is left as a problem 
for the student. 

QUESTIONS 

1. Define and give an example of the following: (a) velocity, (b) momentum, 
(c) acceleration, (d) inertia, and (e) negative acceleration. 

2. State Newton’s first law of motion and illustrate the property of inertia by 
an example. 

3. State Newton’s second law of motion and give an example of a body under¬ 
going a constant acceleration. 

PROBLEMS 

1. Calculate in feet per second the velocity of an airplane making two-hundred 
miles per hour. 


W (b) 



- «---- -f- 

Fig. 4H—A body which is 
slowing down has a negative ac¬ 
celeration. 
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2. A train travels four-hundred and twenty miles in three and one-half hours. 
Find the velocity in (a) miles per hour, and (b) feet per second. 

3. A body travels 90 centimeters in 5 seconds. Find the velocity in (a) centi¬ 
meters per second, and (b) meters per hour. 

4. A boat capable of making 15 mi/hr in the water is headed westward straight 
across a river. If the water is moving southward with a speed of 6 mi/hr, 
what will be the speed of the boat with respect to the starting point on the 
bank? 

5. An airplane capable of making 200 mi/hr heads for a city lying directly east¬ 
ward. If the wind is blowing from the northwest at 50 mi/hr find the 
direction in which the airplane flies. 

6. At what angle must the boat in problem 4 be headed upstream in order that 
the boat land on the other shore directly opposite the starting point? 

7. A train weighing 50 tons is traveling 30 mi/hr. Find the momentum in 
ft lb/sec. 

8. A mass of 9 kg is moving with a velocity of 8 meters/min. Find the momen¬ 
tum in (a) kg m/sec, and (b) gm cm/sec. 

9. A car starts from rest and attains a velocity of 60 mi/hr in 15 seconds. Find 
the acceleration in ft/sec2. 



Chapter 5 * Gravity, Falling Bodies, 
and Newton’s Laws 

Neglecting friction, all bodies, large and small, fall with the same 
acceleration. This principle, the law of falling bodies, is a physical 
paradox for it contradicts what the average person would at first postu¬ 
late. This is not to be wondered at for as a matter of fact the teachings 
of the great philosopher, Aristotle, that heavy bodies fall proportion¬ 
ately faster than lighter ones, were erroneously taught and believed for 
more than a thousand years. It was not until the end of the sixteenth 
century that Aristotle’s conception of the physical laws was challenged. 

In 1590 Galileo * allegedly performed his now famous experi¬ 
ment of dropping simultaneously two stones, one large and one small, 
from the top of the leaning tower of Pisa. These two bodies fell side 
by side and struck the ground together. The importance of this experi¬ 
ment lies not in the fact that it demonstrated the fallacy of Aristotle’s 
hypothesis, but that it demonstrated to the world a new scientific 
method, the method of experimentation. The performing of this ex¬ 
periment as well as many others earned for Galileo the title of "The 
Father of Experimental Physics.” 

5.1. Gravity. The principle that all objects fall with the same 
acceleration has been proved by numerous experiments. One of these 
is illustrated in Fig. 5A where two steel balls, one large and one small, 
are supported by a small wooden block some little distance above the 

♦Galileo Galilei (1564-1642). Italian mathematician, astronomer, and 
experimental physicist. At the early age of twenty-four Galileo wrote a treatise 
on the center of gravity of solids. This led the following year to his appointment 
as professor of mathematics at the university of Pisa. A rumor that a Dutch 
lens grinder had observed that two lenses used together make distant objects 
appear close at hand led Galileo to construct the first telescope. Successful 
telescopes of greater and greater magnification enabled him eventually to observe, 
for the first time, the mountains on the moon, the major satellites of Jupiter, 
and sunspots. While at Pisa, Galileo carried out many experiments and public 
demonstrations of principles which laid the foundations of mechanics and the 
laws of projectiles and falling bodies. 
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floor. When the block is tipped by pulling the cord, both balls fall 
together and strike the ground together. If they are dropped from a 
height of sixteen feet the time of fall is found to be exactly one second. 
The shaded circles in the figure show the position of the two different 
bodies at the end of each quarter second* 

Upon learning of the law of falling bodies and seeing the above 
experiment performed for the first time, one always wonders why a 
feather, for example, does not fall as rapidly as a piece of iron. If 
the air could be removed from an air tight vessel containing two such 



15ft 




Fig. 5A—All bodies 
falling freely under the 
pull of gravity fall a 
distance of 16 feet in 
the first second. 



Fig. 5B — In a 
vacuum a feather 
and coin fall with 
the same accelera¬ 
tion and strike the 
bottom together. 



Fig. 5C—All ob¬ 
jects fall with the 
same acceleration. 


objects, even a feather will fall as rapidly as a silver coin. An experi¬ 
ment illustrating this is shown in Fig. 5B. The air is removed from a 
tall glass cylinder by connecting it to a vacuum pump. If after evacua¬ 
tion the tube is disconnected from the pump and then turned upside 
down, both objects will be seen to fall together. When the air is 
again admitted to the tube the feather will again fall slowly. The dif¬ 
ference is now due to air friction and not to gravity. 

To show how Aristotle might have arrived logically at the correct 
law of falling bodies, consider the illustration in Fig. 5C. Four one- 
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pound weights equal in every respect are dropped simultaneously from 
the same height. All things being equal, these four should fall side 
by side. Suppose now that while they are falling, the third and fourth 
bodies touch each other. We can now say there are but three falling 
bodies, two of them of one pound each and the third of two pounds. 
The fact that the third and fourth weights touch each other should not 
alter their rate of fall, even if they were stuck together. 



o 



Fig. 5D—Diagrams of an inclined-plane experiment showing the numerical distances 
traveled by a marble for each second of time as it rolls down the plane and out on a 
level track. 


5.2. The Inclined Plane. An extensive study of falling bodies 
shows that whether an object is at rest or moving in any direction the 
downward pull of gravity is always present and is always constant in 
magnitude. It is the action of this constant force, according to New¬ 
ton’s second law of motion, which, for a freely falling body, gives rise 
to a constant downward acceleration. Because the acceleration of 
freely falling bodies is so great, experiments illustrating the action of 
gravity are often performed with an inclined plane. 

In Fig. 5D a marble is shown rolling down a groove in the top of 
a long inclined plane. As the marble moves down with ever increasing 
velocity its position is noted at each tick of a metronome or second- 
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clod. Suppose, now, that the angle of the plane is such that the dis¬ 
tance traveled in the first second is 20 cm. After two seconds the total 
distance traveled is found by experiment to be 80 cm, and after three 
seconds 180 cm, etc. These measurements when tabulated for the first 
5 seconds appear as in the first two columns of Table 5.1. 


Table 5.1. Experimental and Calculated Quantities Determined from the 
Inclined Plane Experiment, Shown in Fig. 5D 


Time 
/ sec 

Distance 

j- cm 

Velocity 
v cm/sec 

V 

t 

p 

s 

? 

at 

\at 2 

0 

0 

0 


0 


0 

0 

1 

20 

40 

40 

1 

20 

40 

20 

2 

80 

80 

40 

4 

20 

80 

80 

3 

180 

120 

40 

9 

20 

120 

180 

4 

320 

160 

40 

16 

20 

160 

320 

3 

500 


40 

25 

20 

■ 

200 

500 


To find the velocity attained at the end of each second a shorter 
horizontal track is placed first at position 1, then at 2, 3, 4, etc. In each 
of these positions the distance traveled along the horizontal direction 
in one second is a direct measure of the velocity acquired from the in¬ 
cline. Thus at the end of one second the velocity is 40 cm/sec, at the 
end of two seconds the velocity is 80 cm/sec, etc. These are the mea¬ 
sured values from the experiment tabulated in column three. 

When a scientist has performed an experiment of this kind and 
tabulated his measurements he thus attempts to derive from them a 
rule or set of rules by which he can explain all of the observations. 
These rules are usually called laws, and as we have already seen in the 
preceding chapter, are generally expressed as algebraic equations. To 
illustrate the scientific procedure, consider how the above observations 
may be used to discover two of the laws of accelerated motion. 

A careful study of the first and third columns shows that the ve¬ 
locity v is directly proportional to the time t. 

V cc t. 

This can be written as an algebraic equation, 


v = constant X t 
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for when we multiply each value of t in the first column by 40 we obtain 
the corresponding value of v in the third column 

v = 40t. (5a) 

The constant 40 is found by dividing each value of v by the corre¬ 
sponding value of t. The result as tabulated in column 4 is always 40. 

A further study of the v and t columns shows that choosing any 
two values of v and dividing their differences, v — vo, by the corre¬ 
sponding difference in time, gives the same result 40. If, for example, 
we take the first and last values of the velocity vo — 0, and v = 200, 
their difference 200 divided by the time interval, 5 seconds, gives 40. 
Again, if we take the second and fifth set of values tabulated, vo = 40, 
and v — 160, their difference 120 divided by the time interval of 3 sec¬ 
onds gives 40. Calling the time interval t, the quotient v — vo/t is 
always constant and we can write, 


V — Vq 


- 40. 


Referring to Eq. (4b) in the last chapter we observe that the left- 
hand side of this equation is none other than the definition of constant 
acceleration. In other words, the constant 40 in this experiment is the 
acceleration a , i.e., the increase in velocity per second of time. Each 
second, the ball on the incline increases its velocity by 40 cm/sec. 

In general, we write 

•'»- - (5i) 


v — 


= a. 


If both sides of this equation is multiplied by t, the two t’s cancel on 
the left side of the equation, and we get 

v — vo — at, or v = i> 0 + at. (5c) 

In special cases where a body under acceleration starts from rest, 
vo — 0 and we write simply 

v — at. ( 5<0 

With a = 4 0 this agrees with Eq. (5a) and with the experimental 
observations. 

To find a relation for the distance traveled along the inclined plane, 
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we observe that s in the second column is proportional to the square of t 
listed in the fifth column 


s cc r 


or 


S-0 

• t-o 

nr=o 

16ft 

^ /sec 

3Z ft/sec 

64ft 

^ 2 sec 

64 ft/sec 

144ft 

• 3 sec 

96 ft/sec 


r = constant X f". 

To find the constant of proportionality, each distance s when di¬ 
vided by the corresponding value of t- gives 20, as shown in column 6. 
Since this is just half of the acceleration, we may write \a for the con¬ 
stant and obtain , 0 . . 

•f = \*r. (50 

Values of \at 2 in the last column are thus seen to be equal to the 
values of s in the second column. Eqs. (5b), (5c), (5 d) and (5c) 
are the relations we set out to derive at the beginning of the experiment. 

5.3. The Acceleration of Gravity. If, in the inclined plane ex¬ 
periment just described, the angle the plane makes with the horizontal 

is increased the acceleration a will also in¬ 
crease. The velocities as well as the dis¬ 
tances will also increase in the right 
proportions and we will find that the same 
relations, Eqs. (5 b), (5f), (5 d) and 
(5c), will always hold. 

This is true even for the limiting angle 
of 90 degrees, where the incline is straight 
up and down and the steel ball, as dem¬ 
onstrated by experiment in Fig. 5E, falls 
freely under the full force of gravity. As 
shown in the diagram, the measured dis¬ 
tances in this case will be found to be 16 
ft in the first second, four times this or 64 
ft in two seconds, nine times this or 144 ft 
in three seconds, etc. Inserting these 
measured values in Eq. (5c) gives an ac¬ 
celeration a— 32 ft/sec 2 . In the metric 
system, the equivalent acceleration is 980 
cm/sec 2 . 

The acceleration of gravity varies only 
slightly over the surface of the earth, being 
slightly larger in some regions than in 
others. Accurate measurements show that in general the values lie 
between a minimum 32.09 ft/sec 2 or 978.00 cm/sec 2 at the equator and 
a maximum of 32.26 ft/sec 2 or 983.21 cm/sec 2 at the poles. 


Z56ft 


V 


sec /2 8 ft/sec 


400ft • 5 sec !6Qft/sec.' 


T 


Fig. 5E—Illustrating the dis¬ 
tance and velocity of freely falling 
bodies at the end of each of the 
first five seconds. 
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For falling bodies it is customary to use the letter g in place of a 
for the acceleration. Eq. (5e) is therefore written 

' = h' 2 , ( 5 D 

where for practical purposes of calculation we will take g= 32 ft/sec 2 
or 980 cm/sec 2 . Occasionally one wishes to know the velocity at¬ 
tained by a falling body. If the time of fall is specified, the velocity 
is given in Eq. (5 d), which, written with g in place of a, becomes 

v = (5g) 

If the distance is known, the velocity can be calculated from the fol¬ 
lowing formula 

v = Vlgs. (5 h") 

This last equation is really a combination of Eqs. (5/) and (5g) and 
may be derived by solving Eq. (5 g) for t and substituting it in Eq. (5/). 
It is also derived from the law of conservation of energy in Sec. 6.4. 
All of these equations give the values of j, t, and v, listed in Fig. 5E. 

Example. Find the velocity of a stone after falling a distance 
of 100 ft. Substituting in Eq. (5/>) 

ft / ft 2 ft 

2 X 32 — 2 X 100 ft = V6400 —* = 80- 

Note that the units are treated 
the same as numbers. 

5.4. Projectiles. Curiously 
enough, if one body falls freely 
and another is projected simulta¬ 
neously from the same point and 
in a horizontal direction, both 
will strike the ground together. 

This experiment is illustrated 
with small steel balls in Fig. 5F. 

The horizontally projected ball, 
traveling the path ABCDE, may 
be thought of as having two 
motions, a downward motion 

(which is accelerated) and a another projected horizontally strike the ground 
V ' simultaneously. 

horizontal motion. The experi- 

ment demonstrates that both of these motions take place independently; 
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i.e., neither one changes the other in any way. The horizontal velocity 
continues unchanged, as shown by the intervals on the horizontal, and 
the downward acceleration goes on unchanged, as shown by the inter¬ 
vals on the vertical. 

Every object when projected into the air follows the path of a 
parabola. Such is the case only when air friction is negligible. In 
practical cases, air friction may be considered negligible for only slowly 
moving objects like a heavy stone or ball. For high speed projectiles, 
the air continually slows the motion down and the path departs from 
a parabola somewhat in the fashion shown in Fig. 5G. 



Fig. 5G—Projectiles tend to follow the path of a parabola. Air friction, however, slows 
them down, causing them to fall short of their calculated mark. 


The interesting and important information to be obtained from a 
study of projectiles is the maximum height and range attained. The 
maximum height is defined as the greatest vertical distance reached by 
the projectile as measured from the ground level up. The range is 
defined as the horizontal distance from the point of projection to the 
point where the projectile returns again to the same level. Experi¬ 
ment shows that both of these factors will depend upon two things; 
first, on the initial velocity of the projectile, and second, its angle of 
projection. The latter is always measured from the horizontal and is 
called the elevation angle. 

The paths of several projectiles all having the same initial velocity 
but different elevation angles are shown in Fig. 5H. The maximum 
height is obtained when the projection is straight up and the maximum 
range when the elevation angle is 45 degrees. Experimentally, this 
can be illustrated by a small stream of water from a flexible tube and 
nozzle. Each water drop represents a projectile. 

For high speed bullets, because of air friction, the elevation angle 
should be a little greater than 45 degrees. For slowly moving objects 
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like a shot-put, hammer, javelin, or broad-jumper on the athletic field, 
the angle of 45 degrees will give the maximum distance. 

If v is the velocity of projection, the maximum height for vertical 
projection is given by solving Eq. (5^) for s. Calling s the height h gives 

height h (50 

At 45 degrees, the elevation angle for maximum range, the height 
and range are given by 

height h - j (50 

and 



F, g . 5H—Illustrating the shape of the trajectories of objects projected at different 
elevation angles. The vertical and horizontal scales are for the special case where the 
velocity of projection is 80 ft/sec. 

At 30 degrees or 60 degrees with the horizontal, the range is given 
by 0.866 v 2 /g. 

In Fig. 5H the horizontal and vertical distances given are calculated 
for projectiles having an initial velocity of 80 ft/sec. For different 
initial velocities the paths of the projectiles will have exactly the same 
shape as those given in the figure but the distances will be different. 

If an object is projected with a velocity v it will, neglecting air 
friction, rise to its maximum height in the same time it takes to fall 
from that height to the ground. As shown in Fig. 5H, it will arrive 
at the ground with the same speed that it had upon projection. Fur- 
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thermore, the speed at any point in its path on the way up will be equal 
to the speed at that same elevation on the way down. 

time of rise = time of fall. 

5.5. Monkey-and-Hunter Experiment. A hunter aims his gun 
and fires a bullet at a monkey in a tree. At the instant the bullet leaves 
the barrel of the gun the monkey drops. The two should collide in 
mid-air regardless of the speed of the bullet. If gravity could be 
eliminated, the bullet, as shown in Fig. 51, would travel the straight 
path AM and the monkey would stay at M. With gravity acting, how¬ 



ever, the bullet travels the path ABC and the monkey drops from M to 
C. During each fraction of a second both fall the same distance from 
their gravity-free positions and collide at C. The greater the speed of 
the projectile the shorter will be the time and the distance MC.* 

5.6. Newton’s Law of Gravity. Nearly everyone has heard the 
story of how young Isaac Newton while sitting under an apple tree 
one day was struck on the head by a falling apple. This incident set 
Newton to thinking about falling bodies and led him eventually to the 
■discovery of the law of gravity. It is often incorrectly said that Newton 

* The experiment may be performed by blowing a small wooden marble 
through a tube (about a foot long), as illustrated in Fig. 51. Another ball 
representing the monkey is released at M by a small electromagnet. Two fine 
copper wires completing the electric circuit are crossed just in.front of the tube 
at A. When the projectile passes this point the circuit is broken, releasing M. 
The mass M can be made of iron, hollow or solid, and in any shape, or it can be 
made of wood or any other material with a small piece of iron at the top for the 
magnetic attraction. 
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discovered gravity. What Newton did discover was the universal law 
of gravitation. By this law any two bodies attract each other with a 
force which is proportional to the product of their masses and inversely 
proportional to the square of the distance between them. Written as 
an algebraic equation, this becomes simply 


F=G^p, (50 

where, as illustrated in Fig. 5J, F is the force of attraction, mi and m% 
are the two masses, d is the distance be¬ 
tween the two centers of mass, and G 
is a number called the Newtonian con¬ 
stant of gravitation. Experiment shows 
that if F is measured in dynes, ni\ and 
/»2 are measured in grams, and d in cen¬ 
timeters, the gravitational constant G 
has the value 




Fig. 5J—Illustrating the gravita¬ 
tional attraction of one body of mass 
m\ for another of mass m 2 . 


G = 0.000,000,06773, (5»0 

or in short notation, 

G = 6.773 X 10“ 8 . 

This is an extremely small constant yet one whose value has been 
measured with considerable accuracy by the well known Cavendish ex¬ 
periment. For two masses that can be held in the hands, the attracting 



Fig. 5K—Gravitational attraction keeps the moon in its orbit around the earth, and the 
earth in its orbit around the sun. 


force is so small that it cannot possibly be felt. If, on the other hand, 
the earth is considered as one mass and one’s own body as the other, 
the attractive force becomes quite appreciable; it is one’s own weight. 

Gravitational attraction is the force that keeps the moon in its 
orbit around the earth, the earth in its orbit around the sun, and you 
and me on the surface of the earth. See Fig. 5K. 
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5.7. Weight and Mass. The term -weight is a word meaning the 
attractive force of the earth on a given body. If a man weighs one hun¬ 
dred and fifty pounds on the earth he would weigh only one-sixth of 
that, the equivalent of twenty-five pounds, on the moon. On the sun 
he would weigh 27.9 times as much as on the earth, or a total of 
4185 lb. Out in free space far removed from any stellar object he 
would weigh nothing. Yet, in all these places just mentioned he would 
have the same mass. Weight, therefore, is something which depends 
upon neighboring bodies and varies accordingly, whereas mass is some¬ 
thing which for a given body is fixed and has the same value wherever 
it is in the universe. It is a property of all matter to have a constant 
mass. 

Although objects in free space have no weight, their relative masses 
are distinguishable. For example, if a large mass bumps into a much 
smaller mass and then later bumps into one of nearly equal mass, the 
change in motion due to each collision is quite different. When we 
bump into a small, light object there is little effect on our motion, but 
when we bump into a large, heavy object we experience a more violent 
impact. There is little doubt as to which object had the greater mass. 

As we have already seen, weight is the result of gravitational at¬ 
traction and is a force which acts straight downward toward the center 
of mass. By Newton’s second law of motion, Eq. (4k ), F = ma, this 
force is given by 

weight = mass X acceleration of gravity. 

Symbolically, 

IV = mg. (5«) 

In physics, the weight of a body is nearly always given in dynes in 
the metric system and poundals in the English system. When we say 
that a person weighs 100 lb we are thinking of a downward force and 
should therefore multiply the mass in pounds by 32 to get poundals. 
The weight in poundals is 

W= 100 X 32 = 3200 poundals (5o) 

In engineering practice, weight is of primary importance. Because 
of the inconvenience of always multiplying the mass in pounds by 32 
to calculate weight the engineer uses the pound weight as a unit of 
force in order that the weight of a body be numerically equal to the 
mass in pounds. To preserve the force equation, F — ma , he there- 
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fore defines mass in a new system of units; he measures mass in slugs. 
The mass of a body in pounds divided by the acceleration of gravity, 
32, gives the mass in slugs. Because this unit is infrequently used in 
science, it is only mentioned here in passing. 

5.8. Newton’s Third Law of Motion. Of New¬ 
ton’s three laws of motion the third is perhaps the 
least understood. This is probably due to the fact 
that it is seldom used in solving problems, and often 
when it is used it is incorrectly applied. The law 
states that to every action force there is always an 
equal and opposite reaction force. This may be il¬ 
lustrated by a bat striking a ball, a block resting on a 
table, or a train running on a track. Fig. 5L is a 
diagram of a bat striking a ball. During impact the 
bat exerts a force F on the ball and the ball exerts an 
equal but opposite force —F on the bat. Forces 
measured in one direction are usually labeled plus 
and those oppositely directed labeled minus. 

Consider a block on a table as shown in Fig. 5M. 
of the block and is the force with which the earth pulls downward on 
the block (W — mg). The equal and opposite reaction force is — W, 
the force exerted by the block on the earth. In addition to this pair of 

forces, the block exerts a force F on the 
table due to its weight W, and the table 
pushes up with the reaction force — F. 
Although to many people these forces 
all seem confusing, it should be pointed 
out that Newton himself did not have 
the principle of this third law clearly 
in mind. 

In order to make clear the difference 
between W and F in Fig. 5M, imagine 
that the table is in an elevator. At all 
times whether the elevator is being 
accelerated upward or downward, 
with constant velocity, the gravitational 
forces W and —W remain unchanged in magnitude (save for a negli¬ 
gibly small change due to a changing distance from the earth’s center). 
Only when at rest or moving with constant velocity is the force F equal 



Fig. 5M —Diagram illustrating the 
action and reaction forces of a block 
resting on a table. 


whether it is at rest or moving 



Fig. 5L—A bat 
at all times exerts 
a force on the ball 
equal in magnitude 
to the force the ball 
exerts on the bat. 

W is the weight 
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to the weight W, and — F is equal to — W. When accelerating, how¬ 
ever, the force F cannot equal the weight W. If the elevator is falling 
freely under gravity, W is still equal to mg, but the force F = 0. 
If the elevator is accelerating upward, the weight W is still equal to mg, 
but the force F is now greater than W. The reason for the latter is 
that F must not only exert a force W to keep the block from falling 
but must exert an extra force to accelerate the block upward. 

The condition that the block be in equilibrium, and this is im¬ 
portant, is that the forces acting on the block be neutralized exactly, 
i.e., — F pushing up on the block by the table be equal and opposite 
to W, the downward pull of the earth on the block. This condition 
can be effected only when the block is at rest or moving with constant 



Fig. 5N—Demonstration of Newton’s Third Law of Motion. The train moves forward 
and the track, if free to move, moves backward. 

velocity. Consequently these two forces, F and W, are not an action and 
reaction pair. If — F does not equal W in magnitude, the block is being 
accelerated. Note that the block can be moving with constant velocity 
and still be in equilibrium. 

Another illustration of Newton’s third law is that of a train on a 
track, both of which, the track as well as the train, are free tc move. 
The drive wheels push back on the track with a force — F, and the 
track pushes forward on the wheels with an equal and opposite force 
-f-F. These two form a pair of forces. In Fig. 5N the train track is 
mounted on the rim of a bicycle wheel mounted in a horizontal posi¬ 
tion. With the track free to move, both forces become apparent upon 
observing that the track moves backward and the train forward. The 
track moves backward because the wheels exert a force F in that di¬ 
rection. 
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If when the train reaches a certain velocity the power is shut off, 
the force F vanishes and the train and track should theoretically con¬ 
tinue to move with constant speed. In practical cases, however, the 
track is fastened down and there is some frictional resistance to motion. 
Due to this friction the track pushes backward on the wheels. In order 
to keep a train moving with constant speed, a minimum force F great 
enough to overcome rolling friction must continually be supplied to 
the locomotive drive wheels. During acceleration the force F is the 
sum of two forces, one to produce acceleration and the other to over¬ 
come friction. 

In concluding this chapter the reader will be left with the following 
problem for discussion. A horse pulls a wagon along a level road. If 
by Newton’s third law the wagon pulls back on the horse with an equal 
and opposite force, why does the wagon move ? 

QUESTIONS 

1. State Newton’s third law of motion. Diagram an example and explain. 

2. State the universal law of gravitation. 

3. Diagram and explain carefully the monkey-and-hunter experiment. 

4. Explain why two objects of different masses will, if dropped simultaneously 
from the same height, fall together and hit the ground together. 

5. Explain carefully the difference between mass and weight. 

PROBLEMS 

.1. A ball starting from rest rolls down an inclined plane or hill and travels 
3 ft in the first second. Find the total distance traveled at the end of the 
first five seconds. 

- 2. In Prob. 1, find the distance traveled by the ball during the last second only. 
-3. Find the velocity of the ball, in Prob. 1, at the end of each of the first 
five seconds. 

4. A car starts from rest at the top of a hill 100 ft high (measured vertically) 
and coasts to the bottom. Neglecting friction, find the velocity at the bottom 
of the hill. (Assume the hill to have any slope or grade you wish, the 
answer will be the same.) 

5. A 10 gm mass starting from rest falls from a height of 176.4 meters. Find 
,' the time taken to reach the ground, neglecting air friction. 

, 6. An aviator jumps from a plane from a height of several miles. If he delays 
y opening his parachute for five seconds, what will be his velocity at the end 
of the fifth second? (Neglect friction.) Find the velocity in ft/sec and in 
mi/hr. (60 mi/hr = 88 ft/sec.) 

7. A ball is thrown straight upward with an initial velocity of 100 ft/sec. 
Find the maximum height attained. 
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8. A shot put is thrown at an elevation angle of 45 degrees with a velocity of 
40 ft/sec. Find the range and the maximum height attained. 

9. A javelin is thrown at an elevation angle of 45 degrees, with a velocity of 
60 ft/sec. Find the range and the maximum height attained. 

10. A stone is thrown straight upward with an initial speed of 40 meters per 
second. Find the time elapsed before it returns to the ground. (Note, the 
time going up is equal to the time of falling.) 

11. The centers of gravity of two locomotives, each weighing 100 tons, are 5 
meters apart. Find the force between these two masses due to gravitational 
attraction. (To solve, first change the masses from tons to grams.) 

12. Find the weight in dynes of a mass of 25 gm. 

13. Find the weight in dynes of a mass of 10 lb. 

14. Find the weight in poundals of a mass of 1 ounce. 

15. Two boys are pulling on a rope, one on one end and one on the other. 
If each boy pulls with a force equivalent to 100 lb, i.e., 3200 poundals, 
what is the force or tension in the rope? 



Chapter 6 - Work, Energy, and Power 


6.1. Work. Although everyone is certain that he or she knows 
what work is, few are able to satisfactorily define the term. In its 
simplest mechanical form, work is defined as force times distance, with 
the added stipulation that the force is measured in the same direction 
as the distance. 

work = force X distance 


work = F X r. 


(6 a) 


It is logical that if a 10 lb mass and a 1 lb mass are carried up the 
same flight of stairs, ten times more work is required to lift the 10 lb 
mass than is required to lift 


1 50 gm 


the 1 lb mass. But this is not 
a calculation of work, it is a 
comparison of the work done 
in two different cases. To see 
how an exact amount of work 
done can be determined con¬ 
sider the following examples: 

Example (1). If a mass 
of 50 gm is lifted to a height 
of 20 cm, how much work is 
done? See Fig. 6A(a). To 
calculate the work by use of 

Eq. (6a) we must first deter- _ _ 

mine the force F necessary to *g. “ork is defined as force times dis- 

1 . tance. More work is done lifting a given object 
lift a 50 gm mass. Since the t | ian { n moving it along the horizontal. 

force to lift a body is equiva¬ 
lent to its weight, see Eq. (4k) , or Eq. (5«), we must first multiply the 
mass m by the acceleration of gravity g, to give 



cm 

50 gm X 980 


sec' 


(6b) 
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Substituting this value for F in Eq. ( 6a ), the work done becomes, 

2 

work = 50 gm 980 X 20 cm = 980,000 C f t • (6c) 

sec" sec 4 

If we remember that force in dynes has the units gm cm/sec 2 (see 
Eq. 4/) , this amount of work can be written as 980,000 dyne cm. 

Example (2). In the English system of units, the work done by 
raising a 5 lb mass to a height of 10 ft is, 

work = 5 lb 32 X 10 ft = 1600 ^ 

sec^ sec^ 

Since in the English system force measured in poundals has the units 
ft lb/sec 2 , this answer can be written 1600 ft poundals. 

Note that in each of the above examples the force is obtained by 
multiplying the mass by the acceleration of gravity. This is necessary 
to be in agreement with the treatment of energy given later in this 
chapter. 

Because of the inconvenience of always multiplying by g, the con¬ 
struction engineer measures work in ft lb, i.e., force in poimds weight 
times distance in feet. This may be illustrated by a simple problem. 

Example (3). Find the work done by raising 200 lb to a height of 
40 ft: 

work = 200 lb X 40 ft = 8000 ft lb. (6*0 

The answer is read 8000 foot pounds. 

In sliding a block of 50 gm along a table top a distance of 20 cm, 
see Fig. 6A(b), the work done will not be as great as that required to 
lift the same mass 20 cm vertically. By the definition of work the force 
must be measured in the same direction as the distance. Suppose that 
it takes a force / equivalent to only 10 gm to slide the 50 gm mass 
horizontally against friction. The work done will then be 

10 X 980 X 20 = 196,000 dyne cm. 

This is only one fifth the amount of work required to lift the same 
block the same distance vertically upward. By reducing the friction 
between the block and table the force / can be reduced still further. 
This reduction can be accomplished by smoothing and lubricating the 
sliding surfaces, or better by putting the block on wheels. If the 
friction could be entirely eliminated, the work done in moving any 
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object in a horizontal direction would be zero. Lifting it vertically, 
however, the work will always be the weight mg times the distance s. 

If a force acting on an object is applied at an angle with the direc¬ 
tion of motion, only the component of the force in the direction of 
motion is effective in doing work. This is illustrated in Fig. 6B, 
where a force of 100 dynes applied at an angle of 30 degrees moves 
a 10 gm mass a distance of 5 cm. Since force is a vector quantity, F 



FIG..6B—In measuring work done, the force applied and the distance moved are measured 

in the same direction. 

can be resolved into two components, F r horizontally and F v vertically. 
Drawn to scale or calculated, F x is found to be equal to 87 dynes and F v 
to 50 dynes. The vertical force of 50 dynes, being perpendicular to 
the direction of motion, does no work since the distance moved in 
this direction is zero. Work is done only by the horizontal force Fx, 
and this is equal to 

work = 87 X 5 = 435 dyne cm. 

In the metric system the dyne cm as a unit of work is called the erg. 

1 dyne centimeter — 1 ere;. (6r) 

The answer in ergs to the above problem would usually be written 
455 ergs. 

The erg as a unit of work is a very small quantity. This can be 
illustrated by computing the work done in lifting a 1 lb mass a height 
of 1 ft. Since 1 lb = 454 gm and 1 ft = 30.5 cm, the 

work done = 454 X 980 X 30.5 = 13,570,000 ergs. 

In many such cases where the numbers become cumbersome a larger 
unit of 'work is frequently used. This unit, called the joule, is equiva¬ 
lent to ten million ergs. 

1 joule = 10,000,000 ergs. 

1 joule = 10 7 ergs. 
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The answer above could therefore be written as 1.357 X 10 7 ergs 
or 1.357 joules of work. 

According to the kms system of units (see Sec. 4.7) a force of one 
newton acting through a distance of one meter performs an amount of 
work equivalent to one joule. It is this simple relation that is partly 
responsible for the use by some people of the kms system of units. 

6.2. Potential Energy. In mechanics, energy is divided into two 
classes, potential energy and kinetic energy. A body is said to have 
potential energy if by virtue of its position or state it is able to do 
work. A wound clock spring, or a car at the top of a hill, are examples 
of objects with potential energy. The clock spring may keep the clock 
running for a certain length of time, and the car may, by coasting down 
the hill, travel a great distance. Potential energy is measured by the 
amount of work that is available. It is therefore measured in ergs, 

i.e., dyne centimeters, in foot poundals, or, 
as in the engineering system, in foot pounds. 

If a given mass m is raised to a specified 
height s as illustrated in Fig. 6C, it then 
has potential energy mgs by virtue of its 
position above the ground level from which 
it has been lifted. The total work ex¬ 
pended is therefore stored up as potential 
Fig. 6C A body has potential ener gy j n the block. This energy can be 

regained by dropping the block back to the 
ground, for in so doing it can be made to perform some kind of work. 
By definition then 



Potential energy 
mgs 


i-1 

i m i 


Potential energy = F X s = mg X s. 


( 6 /) 


Example. A mass of 500 gm is raised to a height of 2 meters above 
the ground. Find the potential energy. 

Cm trrn CITI^ 

P.E. = 500 gm 980 —^ X 200 cm = 98,000,000 & - 5— 

0 sec 2 sec 2 


This answer can be written in ergs or joules, i.e., 9.8 X 10 7 ergs or 
9.8 joules. 

6.3. Kinetic Energy. The kinetic energy of a body is defined as 
its ability to do work by virtue of its motion. A car moving in a 
straight line has kinetic energy of translation, and a rotating wheel has 
kinetic energy of rotation. The latter will be considered at the end 
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of Chap. 7. For a given mass m, moving in a straight line with a 
velocity v, the kinetic energy is given by, 


kinetic energy = \ mv 2 . (6g) 

A moving body contains available energy because in being brought 
to rest it must exert a force on some other object. In other words, work 
can be done by a moving body. To give a body kinetic energy, there¬ 
fore, work must be done on that body. 

Example. A mass of 20 gm is given a velocity of 15 cm/sec. Cal¬ 
culate the available kinetic energy. 


K.E. = | 20 gm (15) 2 



= 2250 


gm cm 2 
sec 2 


This answer should be written as 2250 dyne cm, or as 2250 ergs. The 
units of kinetic energy are seen to be exactly the same as the units of 
potential energy and work. 

6.4. Conservation of Energy. Of all the laws of nature the law 
of the conservation of energy turns out to be one of major importance. 
While the law has been stated in almost as many different ways as 
there are books written on mechanics they all have in reality the same 
meaning. The following three examples are typical statements: (l) 
in transforming energy from one form to another energy is always 
conserved, (2) energy is never created nor destroyed, or (3) the sum 
total of all energy in the universe remains constant. 

Although we may not be 
aware of it, there are many 
forms of energy; for ex¬ 
ample, in addition to the two 
forms of mechanical energy 
already defined, there is heat 
energy, electrical energy, 
chemical energy, and atomic 
energy. In this chapter we 
are concerned with the law of 
conservation of energy only 
so far as it applies to the two 

forms of mechanical energy, p 1G . gj-j—The available energy at the top of c 
potential and kinetic. The waterfall is all potential. At the bottom it is all 

law will again be encoun- kinetic ' 

tered in connection with the other forms in the chapters on heat, elec¬ 
tricity, and atomic structure. 


potential energy 


potential energy 
kinetic energy 


kinetic energy \ 
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Water at the top of a waterfall has potential energy by virtue of its 
position, see Fig. 6D. While the water is falling this potential 
energy changes continually into kinetic energy, until at the bottom of 
the falls it has all been transformed into kinetic energy. At any point 
between the top and the bottom of the falls the total energy is the 
same, being made up of two parts, P.E. and K.E., as indicated in the 
figure. Near the top the energy is mostly potential, while near the 
bottom it is mostly kinetic. Assuming that no energy is lost in falling, 
the P.E. at the top of the falls equals the K.E. at the bottom. 

(P.E. at top) Fs = \ mv“ (K.E. at bottom) (6^) 

P.E. mgs = i mv 2 K.E. (6i) 

Canceling m on both sides of the equation and solving for v, we 

get 

v 2 = 2 gs, or v = y/lgs. (6,0 

This is Eq; (5 h) for falling bodies, and has been derived here from 
the law of conservation of energy. 

Example. A mass of 25 gm is raised to a height of 50 cm and then 
dropped. Find (a) the potential energy at the highest point, and (b) 
the velocity upon reaching the ground. From the left-hand side of 
Eq. (6/), 

P.E. = 25 X 980 X 50 = 735,000 ergs , 

and this is equal to the kinetic energy at the bottom. The velocity is 
found by using. Eq. (6;). 

v = Vl X 980 X 50 = 313 cm/sec 

When the falling body in the above problem is part way down its 
energy is partly P.E. and partly K.E. and we may write, 

E = \ mv 2 + mgs. (6k) 

The instant the body reaches the ground, the energy is all kinetic. 
Upon being stopped this energy is quickly transformed into heat. This 
is often demonstrated in the physics laboratory by an experiment in 
which a quantity of lead-shot is dropped from a given height and its 
temperature measured with a thermometer. The temperature after 
falling is always greater than it was before it was allowed to fall. 
Continued dropping heats the shot hotter and hotter. This is an. 
example of energy transformation. f 
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6.5. Power. Power is defined as the rate of doing work, or the rate 
at which work is being done. 

work PK*- 


power = 


time 


(60 


F X j 

t 


(6m) 


The faster a given amount of work is done the greater is the power. In 
other words, the smaller the time t in the above equation the greater is 
the fraction F X s/t and the power P. 

In the metric system, with work measured in ergs or joules, power is 
expressed either in ergs per second or in joules per second. One joule 
per second is called the watt, a unit of power. 


1 joule per second = 1 watt. (6n) 

In the engineering system, with work measured in ft lb, power is 
expressed in ft lb per second, or in horse-power. 

1 horse-power = 550 ft lb/sec (6o) 

Example. Find the horse-power of an engine capable of lifting 
200 lb to a height of 55 ft in 10 seconds. 


power = 


200 lb X 55 ft 


10 sec 


- = 1100 


ft lb 
sec 


Dividing this answer by 550 to get horse-power, 


1100 

550 


2 H.P. 


If the 550 ft lb/sec on the right in Eq. (6o) is changed into the 
metric system, it will be found that 

1 horse-power = 746 watts. 

6.6. Air-Friction. When one says that a certain automobile has 
a ninety horse-power motor he means that it is capable of producing 
90 X 550 or 49,500 ft lb of work every second. Neglecting friction, 
such a car weighing 3000 lb should be able to climb a hill, rising 16.5 
ft every second (49,500/3000 = 16.5). This means climbing a 10 
percent grade at a speed of 60 mi/hr. A car with this power could not 
maintain a speed of 60 mi/hr on such a hill, principally because air- 
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friction, more commonly called wind-resistance, will dissipate at least 
half of the available power. Taking all friction into account, a speed 
of 60 mi/hr might in some cases be maintained on a grade of about four 
or five percent. 

Traveling on a level road at high speed a large part of the energy 
of a car is used up in overcoming wind-resistance. Wind-resistance to 
motion is found experimentally to increase with approximately the 
square of the velocity. This means that in doubling the speed of a 
car the resistance becomes 4 times as great. For example at 30 mi/hr 
the wind-resistance is four times that at 15 mi/hr. At 60 mi/hr it is 
sixteen times that at 15 mi/hr. This is why stream-lining is an im¬ 
portant factor in car and airplane design. 

It is well known that nearly all raindrops, regardless of the height 
from which they fall, acquire practically the same speed. The reason 
for this is that each drop speeds up until the retarding force of wind- 
resistance is exactly counterbalanced by the downward force of gravity. 
When this condition is reached the drop falls with a constant velocity 
called its terminal velocity. The terminal velocity for falling bodies 
depends upon the size, the shape, and the mass of the body. For large 
raindrops the velocity is greater than it is for smaller ones. For fog- 
drops the velocity is extremely low amounting to only a fraction of an 
inch per second. 

If a parachute jumper delays the opening of his chute long enough 
he will attain a terminal velocity of about 130 mi/hr. At this speed 
wind-resistance pushes upward with a force equal to the total weight 
of the man, with the result that he is no longer accelerated. Parachute 
jumpers falling from heights of 3 and 4 miles have frequently delayed 
the opening of their chute until within but a few hundred feet of the 
ground. While falling, their terminal velocities have been accurately 
measured and found to be slightly greater at high altitudes than when 
near the ground. The reason for this is that the air is less dense at 
high altitudes. 

6.7. Conservation of Momentum. When two or more bodies 
collide with each other momentum is conserved. The law of conserva¬ 
tion of momentum applied to a simple collision states that the total 
momentum before impact equals the total momentum after impact. 
Consider, as an example, the collision of two balls as shown in Fig. 6E. 
Before impact the smaller mass ;;/ t is moving with a higher speed than 

otherwise the collision would not occur. The total momentum 
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before impact is equal to the sum of the momenta of each body sepa¬ 
rately, i.e., miui -f- wz 2 » 2 . 

During impact, two equal and opposite forces are set up, one the 
force exerted by mi on and the other the force exerted by m 2 on mu 
These two equal but opposite forces are an action and reaction pair as 
given by Newton’s third law of motion. Each force acts on one mass 



before impact after 


Fig. 6E—The total momentum of two bodies before impact is equal to the total momentum 
* after impact. 

only, changing its velocity according to Newton’s second law of 
motion, F = ma. 

After impact m\ and w 2 , with their new velocities V\ and f 2 , have a 
total momentum of m\V\ -j- m 2 v 2 . The law of conservation of mo¬ 
mentum requires that 

m\U\ + ot 2 »2 = rn\V\ + m 2 v 2 (6*) 

momentum before = momentum after. 

Example. An ivory ball of mass 5 gm, moving with a velocity of 
20 cm/sec, makes a collision with another, ivory ball of mass 10 gm 
moving in the same direction with a velocity of 10 cm/sec. After im¬ 
pact the first mass is still moving in the same direction but with a 
velocity of only 8 cm/sec. Calculate the velocity of the second mass 
after impact. Applying Eq. (6/>), 

5 X 20 + 10 X 10 = 5 X 8 + 10 X v 2 

200 = 40 + 10i> 2 

10v 2 = 160 

v 2 = 16 cm/sec. ( [6q ) 

If, in the above example, we calculate the total kinetic energy 
before and after impact we find that the two are not equal. By Eq. (6g) 

before impact K.E. = | 5 X (20) 2 + i 10 X (10) 2 = 1500 ergs 

after impact K.E. = |5X (8) 2 + % 10 X (16) 2 = 1440 ergs. 
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The difference in energy, to the amount of 60 ergs, has disappeared as 
mechanical energy and gone into heat. During impact both masses 
were slightly deformed in shape due to the mutually acting forces and 
a small amount of heat was generated. This heat goes to raise the 
temperature of the two colliding bodies. Including this heat energy 
of 60 ergs with the mechanical energy after impact we can say that for 
the above example, the laws of conservation of energy and conservation 
of momentum both hold. 

An interesting experiment illustrating conservation of momentum 
may be performed with six or seven steel marbles and a grooved board 
as shown in Fig. 6F. When one marble is rolled up to the others as 

_ (») _ _ _ (O 

—Q -«,t Mill —DO -Ml_——_ OOP 

Fig. 6F—Experiment of the colliding marbles illustrating the law of conservation of 

momentum. 


shown in diagram (a) it will be stopped by collision with the others 
and the one on the extreme right-hand end will roll out with the same 
velocity. If two marbles are rolled up as indicated in (b), two will 
roll out on the other end, and if three are rolled up as in (c), three will 
roll out. 

QUESTIONS 

1. Define and give an example of the following: (a) work, (b) potential 
energy, (c) kinetic energy, (d) power, and (e) erg. 

2. State the law of conservation of energy. Give an example of where kinetic 
energy is transformed into another form of mechanical energy. Make a 
diagram. 

3. State the law of conservation of momentum. Diagram and explain an example. 

PROBLEMS 

1. Find the work done in raising 65 gm to a height of 25 cm. 

2. A 20 lb mass is raised 100 ft. Find the work done. 

3. A mountaineer weighing 150 lb climbs to an elevation of 3000 ft. Find the 
potential energy in ft poundals. 

4. A 20 gm bullet is shot from a gun with a velocity of 100 meters/sec. Find 
the kinetic energy in ergs. 

5. A mass of 100 gm falls freely from rest from a height of 20 meters. Find 
the potential energy and the kinetic energy at a point half way to the 
ground. Compare this total energy with the potential energy at the top, 
and the kinetic energy at the bottom. Neglect friction. 

6. A mass of 2 kg is raised 300 cm in 15 seconds. Find the power in ergs/sec. 
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7. A concrete bucket weighing 500 lb is raised by a hoist 11 ft in 2 seconds 
Find the power required in (a) ft lb/sec, (b) horse-power, and (c) watts. 

8. A 15,000 lb freight car moving 2 ft/sec bumps into another of 5000 lb 
standing at rest on the tracks. Find the velocity of the two after impact. 
Assume that the two cars upon impact lock couplings so that they move off 
together. 

9. A mass of 60 gm and velocity 15 cm/sec collides head-on with a mass 
of 30 gms moving in the same direction with a velocity of 5 cm/sec. If 
after impact the 60 gm mass has a velocity of 14 cm/sec, what is the velocity 
of the other mass? 

10. For the preceding problem find the total kinetic energy before impact and 
compare it with the total kinetic energy after impact. Find the energy lost 
in the form of heat. 



Chapter 7 * Mechanics of Rotation 

When a rigid body is rotating freely it will always be found to be 
rotating about some one line called the axis. This axis of rotation is 
sometimes fixed within the body and sometimes it is outside. For 
example, in the case of the wheel of an automobile the axis of rotation 
is a line through the geometrical center of the wheel. For a stone 
whirled on the end of a string the axis is at the opposite end of the 
string from the moving mass, and perpendicular to the plane of its 
motion. 

7.1. Angular Velocity. The speed with which a body is rotating 
is often specified by the number of complete turns it makes around the 
axis in one second, one minute, or one hour. This 
is called the angular velocity. A fly-wheel, for ex¬ 
ample, might be said to be making 36,000 revolu¬ 
tions per hour, 600 revolutions per minute (abbre¬ 
viated 600 r.p.m.), or 10 revolutions per second. 

In formulating the laws of mechanics it has been 
found convenient to measure all rotation in radians 
and not in degrees or revolutions. The radian is a 
unit of angular measure just as the centimeter is a 
unit of length for linear measure. It is defined, as 
shown in Fig. 7A, as the angle subtended by the 
arc of a circle whose length is equal to the radius 
of the circle, i.e., when s = r, 0=1 radian. To illustrate the use of 
this new term, the radian, consider the case of a wheel turning with an 
angular velocity of 4 radians per second. This means that every second 
of time the wheel turns through an angle of 4 radians. 

Since the circumference of a circle is just 2n times the radius, there 
are 2i r radians in one complete circle. 



Fig. 7 A—The radian 
is a unit of angular 
measure. When the arc 
s equals the radius r, 
the angle $ equals one 
radian. 


hr radians = 360°. 
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1 radian= Hj - 57 ° 18 '- 

or approximately 57 degrees. 

The reason for measuring angles in radians is that it simplifies all 
formulas for rotary motion. To illustrate this, suppose we wish to 


i 

i 

i 



Fig. 7B—Illustrating circular motion. 


know the speed of a stone being whirled on the end of a string as shown 
in Fig. 7B. From the definition of the radian the speed v is given by 

v — r to (7£) 

where r is the radius of the circle, and to is the angular velocity in rad/ 
sec. Let the angular velocity w = 2 rad/sec, and the length of the string 
r = 100 cm. In one second, the angle turned through will be 2 radians, 
and the distance traveled along the circle will be two times the radius or 
200 cm. Traveling 200 cm in one sec 
means a speed of 200 cm/sec. In two sec¬ 
onds, the angle will be 4 radians, the dis¬ 
tance four times the radius or 400 cm, and 
the speed 400 cm in 2 sec or 200 cm/sec. £» 

Note that the radian has no units; it is the 
ratio between two lengths and is the same 
in all systems of units. 

7.2. Centripetal and Centrifugal 
Force. When an object is whirling on the 

end of a string as shown xn Fig. 7B there is moving in a circle experiences 
an inward force exerted on the ball by the a force and an acceleration to- 

string. This force is called the centrip - ward the center 
etal force. By Newton's third law of motion the ball exerts an equal 
but opposite force on the string. This is called the centrifugal force. 
These two forces are illustrated in Fig. 7C. Since the only force acting 
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on the ball is inward the ball is not in equilibrium but is being con¬ 
stantly accelerated in the direction of the force, that is, toward the 
center of rotation C. 

This appears to be a physical paradox. Here we have a body mov¬ 
ing with constant speed in a circle and yet being accelerated toward 
the center of the circle without ever getting any closer to it. To ex¬ 
plain this we will first recall the definitions of acceleration and velocity. 
Acceleration is the rate of change of velocity, and velocity is the rate of 

change of position. Velocity, 
being a vector quantity, has 
direction as well as magnitude. 
Traveling in a circle with con¬ 
stant speed, a particle m is mov¬ 
ing in one direction at one in¬ 
stant, as shown at A in Fig. 7D, 
and in another direction at some 
other instant, B. The velocity v 
is therefore changing in direction 
(but not in magnitude'). This 
change in velocity, which is represented by v’ in the velocity diagram of 
Fig. 7D(b), is toward the center of the circle. A changing velocity 
toward the center means an acceleration in that direction. This accelera¬ 
tion is due to the action of the constant centripetal force. If the centrip¬ 
etal force were to suddenly cease, which could be accomplished by 
cutting the string in the above example, the particle m would fly off in a 
straight line tangent to the circle. In this event the change in velocity 
v' as well as the central acceleration would be zero. 

It can be shown from the diagrams in Fig. 7D that the acceleration 
toward the center is given by the square of the velocity divided by the 
radius. 



v 

% 


(b) 


continually being accelerated toward the 
center of rotation. 


a = 


o 

V" 

r 


00 


Since by Newton’s second law of motion, force equals mass times 
acceleration, i.e., F = ma, the 

»|2 


centripetal force F — m~- 


(7d) 


Substituting v from Eq. (lb) this, in terms of angular velocity, 

becomes _ 2 

F = mrur. (je) 
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Examples. (1) What will be the centripetal force acting on a mass 
of 20 lb moving in a circle of 10 ft radius with a speed of 100 ft/sec? 
UsingEq. (id), 

F = 20 lb. = 20,000 poundals. 

(2) If a mass of 5 gm is moving in a circle of 10 cm radius with 
an angular speed of 2 radians per second, find the centripetal force. 
Using Eq. (7e), 

rad 2 

F = 5 gm X 10 cm (2) 2 — 2 = 200 dynes. (if) 

Note. Radians have no units and are therefore dropped in arriving 
at the force in dynes. 

7.3. Experiments. There are many experiments which one can 
perform to illustrate the various aspects of centripetal and centrifugal 
forces. Several of these are illustrated in Fig. 7E. In the first diagram 



Fig. 7E—Experiments demonstrating centripetal and centrifugal forces. 


(a) mercury and water have been placed in a dish and the dish set 
rotating rapidly about a vertical axis. Referring to Eq. (7c) it is ob¬ 
served that both r and v are the same for the water and mercury in 
this experiment but that in is different. Since mercury is thirteen times 
heavier than an equal volume of water the centripetal force F is thirteen 
times greater for the mercury. The mercury, therefore, takes the outer¬ 
most edge of the dish. 

Although the earth is often said to be perfectly round, it is some¬ 
what flattened at the poles. This flattening, as exaggerated in Fig. 
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7E(c), is due to the rotation of the earth about its polar axis. Being 
quite plastic the earth is distorted by centrifugal force. Actually the 
earth’s diameter through the equator is 28 miles greater than it is 
through the poles. The flattening phenomenon is exhibited by the 
spinning circular metal hoops as shown in diagram (c). 

Mud or water clinging to the tire of a moving automobile flies off 
on a tangent when it leaves the wheel. See Fig. 7E(d). To remain 
attached to the tire the adhesion force must be equal to or greater 
than the centripetal force due to rotation. 

Diagram (e) represents a ball rolling down a looped track. The 
ball stays with the track even at the top of the loop, provided the 
centripetal force at the top of the loop is equal to or greater than the 
downward force of gravity. This means that the speed v must be 
greater than a certain critical speed or the ball will fall. This is 
similar to the experiment of whirling a bucket of water up over the 
head and down without spilling it. 

In Diagram (f) of Fig. 7E a lariat, as whirled by a cowboy, is 
shown rotating in a nearly horizontal plane. Due to rotation each 
small section of the rope, acting as an individual mass m, tends to fly 
off on a tangent and thus get as far from the center of rotation as 
possible. The average distance from the center of all sections of the 
rope is a maximum when the loop takes the form of a circle rotating 
about an axis perpendicular to the plane of the loop. 

When a small chain, as shown in Fig. 7C(g), is set rotating at high 
speed by an electric motor and then set free it will roll along the floor 
as though it were a solid metal rim. If in rolling along a level plane 
this chain strikes an obstacle it will bounce into the air as if it were 
rigid, and then go on rolling as before. The rigidity of the loop is due 
to the enormous centripetal force obtained at high angular velocities. 
In Eq. (6c) it is seen that the velocity occurs as v-. This means if the 
angular velocity of a rotating system is increased ten fold the centripetal 
force becomes one hundred times greater than before. The highest 
speeds ever attained have been produced by specially designed tops 
driven by and riding on top of a jet of compressed air. The highest 
speeds ever attained, 27,000 revolutions per second, have been limited 
by the fact that centripetal forces become greater than the tensile 
strength of the best obtainable material. 

7.4. Angular Momentum. Just as a mass m moving along a 
straight line with a velocity v has a momentum mv so a mass m moving 
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with a speed v in a circle of radius r has an angular momentum mvr. 
See Fig. 7C. 

angular momentum = mvr. (Jg) 

Substituting the value of v from Eq. (lb), we can also write 

angular momentum = mr 2 u. (JF) 

Either of these formulas gives the same result. 

Example. A mass of 10 gm at the end of a cord 20 cm long is set 
rotating in a circle as shown in Fig. 7C. If the angular velocity is 5 
radians per second find the angular momentum. Using Eq. ( 'lh ), 

angular momentum = 10 gm X (20) 2 cm 2 X 5 — = 20,000 — Cm • 

sec sec 

7.5. Conservation of Angular Momentum. Just as there is a law 
of conservation of momentum for bodies moving in a straight line so 
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Fi G . 7F—Experimental demonstration of the conservation of angular momentum. 

also is there a law of the conservation of angular momentum for bodies 
in rotation. This law can best be illustrated by an experiment as shown 
in Fig. 7F. Two equal masses m are mounted on a rod AB capable of 
being rotated about a vertical axis MN. Cords fastened to each mass 
and leading over pulleys at P to the ring R enable the radial distance to 
be changed, from n in (a) to r 2 in (b), by simply pulling up on R. 
The swivel S prevents the cords from twisting. When the system is 
first set rotating as in (a) with a speed of v\, the angular momentum 
of each mass is mv\r\. On pulling up on the ring R the radius decreases 
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to r 2 and the speed changes to v 2 , giving an angular momentum of 
mV2f2. 

Conservation of angular momentum requires that 

mv ifi = mv 2 r 2) 00 

or in terms of the angular velocities, «i before and u> 2 afterward, that 

mr i 2 = mr 2 2 o) 2 . (7 f) 

Since the mass cannot change, a decrease in r is compensated for by an 
increase in velocity. This is necessary to keep both sides of Eq. (7/) 
and (7;) equal to each other. 

Example. Suppose in Fig. 7F(a) that m= 10 gm, v\ = 20 
cm/sec, and r\ = 16 cm. If the radius r i is now decreased to half 
value, i.e., r 2 — 8 cm, what will be the new speed? Using Eq. (7/), 

10 gm 20 — 16 cm = 10 gm v 2 8 cm 
sec 

3200 — = 80t> 2 

sec 

v 2 = 40 cm/sec. 

An interesting experiment illustrating the same principle is dia¬ 
gramed in Fig. 7G. An observer stands on a turn table with weights 
in each hand. With arms fully extended horizontally he is first set 
rotating slowly. Upon drawing the hands and weights in toward 
the shoulders as shown the angular velocity is considerably increased. 
This experiment is best appreciated by the turning observer who feels 
himself speeded up by what seems to be a mysterious force. This 
principle is used by expert figure skaters on the ice. They start into a 
whirl with their arms and perhaps one leg extended, and then upon 
drawing the arms and leg in obtain an increased angular velocity. 

7.6. Kinetic Energy of Rotation. All rotating bodies possess 
kinetic energy, for in being brought to rest they may be made to per¬ 
form work. The calculation of rotational energy, however, is in general 
quite complicated, for one must take into account the shape and struc¬ 
ture of the body. The most common objects for which one would want 
to calculate the kinetic energy of rotation are round symmetrical objects 
like wheels. 
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In Fig. 7H are four common rotating objects (a) a uniform disk, 
(b) a solid sphere, (c) a ring, and (d) a small mass moving in a 



Fig. 7G—F.xperiment illustrating conservation of angular momentum. 


circle, like a stone on the end of a string. Underneath each illustration 
the kinetic energy is given in terms of the mass of the object and the 


(a) 



KE =%mv z 
KE 


(b) 


sphere 



’Amv*-- / 


(C) (d) 



]/ 2 mv z y z mv z 

'/imr z <a z y z mr z to z 


FlG. 7H—Diagrams giving the kinetic energy of rotation of several common regular 

shaped objects. 


s.peed v of a point at the outermost edge. Replacing v by its equal rw, 
see Eq. (7b ), the lower expressions are obtained. 

Exam pie. A mass of 200 gm on the end of a string 100 cm long is 
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whirled in a horizontal plane at the rate of 5 revolutions per second. 
Find the kinetic energy of rotation. Referring to the equation in 
Fig. 7H (d), we have given m = 200 gm, r = 100 cm, and u = 5 X 
radians/sec. Therefore 

KE = $ 200 X (100) 2 X (5 X 2 it) 2 

= £ 200 X 10,000 X 25 X 4 X 9.87 = 987,000,000 ergs 
or 98.7 joules. 

If a wheel is rolling along a level plane, see Fig. 71, it has kinetic 
energy of rotation as well as kinetic energy of translation. The total 
energy is therefore the sum of these two, 


K E total = KE rot + KE tr 


Ok-) 



ground, 


In order to calculate this total energy it should be pointed out the speed 

v of any point P on the rim of the 
wheel, taken with respect to C, the 
center of the wheel, is equal to the 
linear velocity v of the center of 
the wheel with respect to the 
ground G. That this is true can 
be seen from the illustration. In 
making one complete turn of the 
wheel any point P on the rim will 
have traveled a distance equal to 
the circumference of the wheel, a 
distance of 2nr. During this same 
time the wheel moves exactly this 
same distance in a horizontal direc¬ 
tion. Traveling these two equal distances in the same time the two 
velocities are equal. 

Example. A billiard ball of mass 250 gm and radius 3 cm is rolling 
on a level table with a velocity of 100 cm/sec. Find its total kinetic 
energy. For the linear motion 

K^tran. = \ mv 2 = \ 250 X (100) 2 = 1,250,000 ergs 
For the rotational energy the upper equation in Fig. 7H(b) gives 

/ KE toi = £ mv 2 = 500,000 ergs. 


Fig. 71—The velocity of the center of a 
rolling wheel taken with respect to the 
ground is equal to the velocity of a point 
on the rim taken with respect to the center 
of the wheel. In one revolution both travel 
the same distance. 
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adding these two results, 

££totai = i mv 2 + -J- mv 2 = 1,750,000 ergs. 

QUESTIONS 

1. Define and give an example of the following: (a) radian, (b) angular 
velocity, (c) centripetal force, (d) angular momentum, and (e) axis of 
rotation. 

2. Explain the law of the conservation of angular momentum. Diagram and 
give an example. 

PROBLEMS 

1. Find the number of radians in (a) 90°, (b) 270°, (c) 540°, (d) 45°, and 
(e) 60°. 

2. A merry-go-round 50 ft in diameter is rotating with an angular velocity of 
4 revolutions per minute. Find the speed of a person riding at the outer edge. 

3. Find the acceleration toward the center in problem 2. 

4. A mass of 15 gm at the end of a string 50 cm long is set whirling in a 
circle with a speed of 100 cm/sec. Find the centripetal force. 

5. If the angular speed in problem 4 is 5 rad/sec, what is the centripetal force? 

6. If the man in problem 2 weighs 150 lb, what will be the centripetal force? 

7. A locomotive weighing 15 tons is traveling at a speed of 60 mi/hr. Find 
the total sideward force exerted by the wheels of the locomotive on the 
rails when it is rounding a curve of 1000 ft radius. 

8. Find the angular momentum in problem 4. 

9. Find the angular momentum in problem 7. 

10. A solid sphere of mass 20 gm and radius 2 cm is rotating about an axis 
through its center with a speed of 25 revolutions per second. Find the 
kinetic energy. 

11. A coin of mass 50 gm and radius 2 cm is rolling along the floor with a 
velocity of 150 cm/sec. Find the total kinetic energy. 
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Chapter 8 “ Properties of Solids 

In dealing with the physical properties of matter it is convenient 
to divide substances into three forms or states, (1) the solid state, (2) 
the liquid state, and (3) the gaseous state. Most substances may be 
made to take on any one of these three forms simply by altering the 
temperature. Ice, for example, is a solid at low temperatures. If it 
is heated to a normal room temperature it changes its state and becomes 
water, a liquid. In the liquid state its form is that of the containing 
vessel. If the water is made to boil and evaporate, it becomes steam, 
a gas. In the gaseous state the form is also that of the containing 
vessel. One essential difference between a gas and a liquid is that a 
liquid stays at the bottom of its containing vessel and has a free surface 
at the top whereas a gas fills up all the space of the containing vessel 
and has no free surfaces. 

In this chapter the treatment will be confined to some of the more 
important physical properties of solids while the two succeeding chap¬ 
ters will be confined to similar treatments of liquids and gases. One 
of the most important properties of solids is the one known as elasticity. 
There are several different aspects of elasticity; namely, stretching, 
bending, compressing, twisting, and shearing. 

8.1. Stretching of a Spring. If a vertically mounted rod, wire, 
or spring is supported rigidly at its upper end and weights are added 
to its lower end, the amount by which it is stretched is found to be 
proportional to the weight applied. This is known as Hooke’s law. 
The stretching of a spring is illustrated in Fig. 8A. Due to an added 
weight W the spring is stretched a distance x. If a second equal weight 
is added the total distance stretched will be twice that for the first one. 
If a third weight is added the total distance stretched will be three times 
that for the first one, etc. This is illustrated by the graph shown at the 
right in Fig. 8A. Each value of x is plotted vertically and the corre¬ 
sponding loads W are plotted horizontally. 

To be more specific, when the first weight of 10 gm is added the 
stretch or elongation is 2 cm. With two 10 gm weights the total 
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elongation is 4 cm, and with three weights x — 6 cm, etc. A continua¬ 
tion of this shows, as does the graph at the right in Fig. 8A, that each 



Fig. 8A—Experiment illustrating the stretching of a spring. 


weight of 10 gm produces an added elongation of 2 cm. To make an 
equation of this we write 

W = kx, (8a) 

where k is a constant and equal in this experiment to 5. Each value of x 
multiplied by 5 gives the corresponding weight W. 

When the spring in Fig. 8A is stretched a distance x the spring 
itself exerts an upward force F equal but opposite in direction to W. 
For the spring, then 

F = - kx. (8b) 

The minus sign indicates that x and F are in opposite directions. This 
equation is often referred to as Hooke’s law. 

8.2. The Stretching of a Wire. Because a wire or rod will not 
stretch very far before reaching the breaking point, one must, in order 
to check Hooke’s law, resort to some method of measuring extremely 
small changes in length. This is frequently done by means of a device 
known as the optical lever. As shown by the experiment diagramed in 
Fig. 8B, a beam of light is reflected from a small mirror M mounted 
on a small three-legged stool, two legs of which rest on a stationary 
object, as shown, and the third on a small clamp C at the lower end of 
the wire. As the wire stretches under an added weight W the mirror 
tips back and the light beam is reflected up a measurable amount on the 
distant scale. 
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Like the stretching of a spring described in the preceding section, 
the stretching of a wire obeys Hooke’s law. The amount stretched is 
directly proportional to the force applied and is illustrated by the 


straight part of the graph AB in Fig. 
8C. If the weights are removed the 
wire will return to its original length. 

If the weights are added succes¬ 
sively the forces applied become too 
great, and Hooke’s law will no longer 
hold as the elongation will increase 
too rapidly. This is the region BC 
on the graph. Carried too far in this 
direction the wire will break. The 
point B at which Hooke’s law ceases 
to hold is called the elastic limit. If 
the wire is stretched beyond this 
point it will be permanently de¬ 
formed and will not return to its 
original length when the weights are 
removed. 

8.3. Bending. When a rod or 
beam is subjected to a force tending 
to bend it the amount of bending is 
proportional to the force applied. 



This is illustrated in Fig. 8D where, 
in diagram (a), a rod is shown 
clamped at one end with a weight 
hanging at the other. Diagram (b) 


Fig. 8B—The stretching of a wire 
under tension can be measured by means 
of an optical lever. 

is an illustration of a similar rod 


supported by pivots P at both ends with a load applied at the middle. 


The amount of bending, as measured in each case by the distance x, 


is found to be proportional to W. By plotting W against x one obtains 
a straight line just as in the case of stretching shown in Fig. 8C. Such 
a graph shows that Hooke’s law applies to the bending of a rod or beam 
and that the phenomenon can be represented by a formula like Eq. (86). 

8.4. Impact of Elastic Bodies. When two objects of given mass 
and velocity collide with each other, the law of conservation of mo¬ 
mentum states that the total momentum before impact is equal to the 


total momentum after impact. See Sec. 6.7. The law alone cannot say, 
however, what the individual velocities of each of the two bodies will 
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be. The reason is that objects of different kinds of material behave 
differently at impact and will move with different velocities after 
impact. This may be illustrated by dropping marbles made of different 
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Fig. 8C—A graph of the stretching of a wire showing Hooke’s law, the elastic limit, and 

the breaking point. 


kinds of material on the flat surface of a massive block of iron or steel. 
A good-sized anvil serves exceptionally well. 

If marbles made of different substances are dropped successively, 
all from the same height onto the smooth top surface of the anvil, they 

(*) (b) 



Fig. 8D—The bending of a rod obeys Hooke’s law. 


will be found to bounce to different heights. An illustration is given 
in Fig. 8E. Contrary to one’s preconceived ideas of elasticity, a glass 
or steel marble will bounce to a greater height than will a ball made 
of the best para or india rubber. A lead ball or marble, on the other 
hand, hardly bounces at all and an ivory marble or billiard ball only 
reasonably well. Golf balls are made principally of rubber and billiard 
balls of ivory. 
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The coefficient of restitution is defined as a number expressing the 
ratio of the velocity with which two bodies separate after a collision 
to the velocity with which the same two bodies approach each other 
before a collision. 


As a formula 

£ __ velocity of separation 
velocity of approach 

(80 


Vl 

(8<0 


The value of this elastic constant is obtained in the above experi¬ 
ment by measuring the velocity v\ of the marble just before it strikes 


glass steel rubber ivory wood lead 



Fig. 8E—The bouncing marble experiment illustrating the resilience of different substances. 


the anvil, and the velocity v 2 just as it leaves again on rebound. Rather 
than measure these velocities directly it is more convenient to make use 
of the laws of falling bodies and to calculate the velocities from the 
heights to which the marbles are carried. This is done by making use 
of Eq. (5 h). Substituting for v\ and V 2 the expression Vlgs we get 
for the coefficient of restitution 


VlgS2 _ Vj2 _ Jf2 

V igsi y/si s 1 


(80 


As shown in Fig. 8E, Ji is the height from which the marble falls and j 2 
is the height of rebound. For a very elastic substance like glass and 
steel, colliding with steel, k has a value of about 0.9 or better, whereas 
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lot a very inelastic substance like lead, colliding with steel, k is ex¬ 
tremely small, about 0.002. It is clear that the coefficient of restitution 
k ranges from almost zero for non-elastic bodies to unity for perfectly 
elastic ones. A perfectly elastic body would bounce to the same height 
from which it was originally dropped, and v\ = vo. Perfectly elastic 
collisions are found to take place only between individual atoms and 
molecules. 

As an illustration of the use of the coefficient of restitution, consider 
a head-on collision between two marbles of the same substance, as 
illustrated in Fig. 6E. The velocity with which ;»i approaches m* is 
the difference between the two velocities, u\ and U 2 , and the velocity 
with which they separate is the difference between v\ and v^- The 
coefficient of restitution, by Eq. (8c), becomes therefore 


k = v 

Ui — u 2 


( 8 D 


Example. Consider the example of the collision between two ivory 
balls given in Sec. 6.7, and calculate the coefficient of restitution. 
ux == 20 cm/sec, « 2 = 10 cm/sec, i>x — 8 cm/sec, and from Eq. (6q ), 
V 2 = 16 cm/sec. Using Eq. (8/) we find 


16-8 
20 - 10 



( 8 <?) 


As illustrations of the compression of a solid when in collision 
with another solid, note the deformation of the two balls in Fig. 8F. 
These are instantaneous photographs of (a) a golf ball being struck 
by a golf club, and (b) a tennis ball being struck by a tennis racket. 
They illustrate what is called the resilience of matter. Resilience is 
defined as the ability of a body to undergo a compression, or rapid 



Fig. 8F—Photographs 
of (a) the impact be¬ 
tween a golf club and 
ball, and (b) the impact 
between a tennis racket 
and ball. (After Edger- 
ton.) 
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deformation, without the development of permanent deformation. 
Resilience is the opposite of brittleness. 

8.5. Compression, Torsion, and Shear. The compression, torsion 
(twist), and shear of solid bodies is illustrated in Fig. 8G. In (a) a 
weight W is applied at the top end of a rod of length / to compress 
it by an amount x. In diagram (b) a rod of length /, clamped at one 
end, is shown twisted by the application of a torque or twist at the 
other end. This torque is produced experimentally by applying a 
weight to the rim of a wheel, the wheel being clamped tight to the 
end of the rod. In (c) a steel rod in the form of a rivet is shown 



being sheared by a force W applied at right angles to the length /. 
In both compression and shear the measured distortion x is found, by 
experiment, to be proportional to W the load applied. Each type of 
distortion can therefore be represented by Eq. (8 a) or Eq. {8b ). In 
the case of twisting where the distortion is measured by the angle 
through which the end of the rod has been turned, the angle 0 is found 
experimentally to be proportional to W the load applied. In other 
words, Hooke’s law can be extended to include these cases as well. 
For torsion 

W = ke, (8 h') 

where 0 is the angle of twist measured in degrees or radians and k is a 
constant. 


QUESTIONS 

1. State Hooke’s law as it applies to the stretching of a wire. 

2. Draw a graph representing Hooke’s law as it applies to the stretching of a 
spring. Plot the force against the elongation. 

3. Define resilience and give an example. 
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4. Define coefficient of restitution , and describe an experiment illustrating the 
impact of elastic bodies. 

5. What would be the value of the coefficient of restitution for (a) a perfectly 
elastic solid, and (b) for a perfectly inelastic solid? 

PROBLEMS 

1. An iron wire 2 meters long is lengthened one quarter of a millimeter by a 
force of 500 dynes. What force will be required to stretch the wire two 
millimeters? 

2. A steel spring of length 200 cm is stretched to a length of 220 cm by a 
weight of 50 gm. Find the length of the same spring when a weight of 
5 gm more is added. 

3. The free end of a spring board at the edge of a swimming pool is one foot 
above the water. If a man weighing 150 lbs, standing at the end of the board, 
bends it to within 3 inches of the water, how heavy a person will it require to 
make it touch the water? 

4. A plank supported at both ends and in a horizontal position is subjected at 
its middle to a load of 100 lb. How much will the plank bend if a 1 lb load 
depresses it two hundredths of an inch? 

5. A golf ball when dropped from a height of 16 ft bounces to a height of 9 ft. 
Find the coefficient of restitution. 

6. A rubber ball is dropped from a height of 2 meters and allowed to bounce 
from a smooth cement pavement. If the coefficient of restitution is 0.7, 
how high will the ball bounce? 



Chapter 9 ' Properties of Liquids 


Properties of solids like bending, twisting, and shearing do not 
exist in liquids. Liquids, however, can be put under compression, and 
if placed in a thoroughly cleaned vessel or container can be subjected 
to very high tensions. Although these properties are of considerable 
interest they have not proved to be of much practical importance. 
There are physical properties of liquids, on the other hand, which have 
proved to be of general importance. These are pressure, buoyancy, 
surface tension, and viscosity. 

9.1. Pressure. Pressure is defined as the force per unit of area. 
Written in the form of an equation 

total force . . 

pressure = . 


To illustrate the difference between force and pressure, consider the 
two blocks of metal in Fig. 9A. The block (a) stands on one end where 


(V (b) 



Fig. 9A—A block standing on end exerts a greater pressure than when it is lying on its side. 


the area is 50 sq in and the second block (b) stands on one edge where 
the area is 100 sq in. Weighing 1000 lb, each block separately exerts 
the same downward force. Standing on end as in diagram (a), the 
downward pressure is given by Eq. (9a) as 


pressure = 


1000 lb lb_ 

50 in 2 in 2 


This is read 20 pounds per square inch. 
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Standing on edge as in (b), on the other hand, the pressure is only 
one-half as great. 


pressure = 


1000 lb lb 

100 in 2 in 5 


Over each square inch in the first case there is a downward force 
equivalent to 20 lb, while in the second case there is only 10 lb. 

It is frequently necessary to know the pressure at various depths 
within a liquid as well as the pressure on the bottom and sides of a 
liquid container. The first postulate regarding liquid pressures states 
that the pressure at any point is equal to the weight of a liquid column 
of unit cross-section and reaching from that point to the top of the 



Fig. 9B—The pressure at any given depth in a liquid is equal to the weight of the liquid 

directly above. 


liquid. At a depth of l\, as illustrated in Fig. 9B(a), the pressure P\ 
is equal to the weight of a column of liquid one square centimeter in 
cross-section and li centimeters in height. At a greater depth of 1-2, the 
pressure P <2 is equal to the weight of a column of liquid one square 
centimeter in cross-section and h centimeters in height. 

This can be demonstrated with a glass cylinder and disk as shown 
in Fig. 9B(b). With water surrounding the empty cylinder the pres¬ 
sure P, pushing up, holds the disk tight against the end. As the 
cylinder is gradually filled with water the downward pressure on the 
disk increases. Just as the water inside reaches the level of the water 
outside, the disk drops from the end of the cylinder, showing that the 
downward pressure and upward pressure at that point and at that 
instant become equal. We can conclude from this not only that the 
pressure at any given point in a liquid is equal to the weight of the 
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liquid above it but that the pressure at one point is equal to the pressure 
at any other point at the same level. 

It is customary to express liquid pressure in pounds per square inch 
or grams per square centimeter instead of poundals per square inch or 
dynes per square centimeter. This is usually done when the liquid is 
not moving. When the liquid is in motion, however, caution must be 
exercised in calculating pressure, for the acceleration of the liquid 
usually enters into the problem. 

9.2. Pressure Equal in All Directions. The pressure at any point 
in a liquid is equal in all directions. This can be illustrated in many 
ways. For example if water is squeezed out of a hollow rubber ball 



Fig. 9C—Demonstration experiments illustrating liquid pressure. 


filled with small holes, the jets of water with all have the same initial 
velocity. A similar experiment is diagramed in Fig. 9C(a). A hollow 
steel ball B, filled with water, is connected at the top by a metal tube T. 
By pushing down on the handle H the plunger P forces water out of the 
several metal tubes / leading from the sides and the bottom of the ball. 
Equal pressure in all directions is indicated by the water jets all coming 
to the same height as shown. 

Fig. 9C(b) is drawn to illustrate that the pressure is not only equal 
in all directions at a given point within the liquid but is also present at 
the walls of the containing vessel. The liquid pushes out on the walls 
and, by Newton’s third law, the walls push in on the liquid with an 
equal but opposite force. If a hole is made in the tank, destroying at 
that point the wall pressure, the liquid pressure from inside pushes the 
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water in front of it forcing a stream of water to flow through the open¬ 
ing. The velocity of this stream depends upon the pressure. The 
pressure, being greater at greater depths, produces a faster stream from 
an orifice at a level of P 2 than one at a level of Pi. 

There is a rule that gives the velocity of liquid flow from an orifice. 
If h is the distance from the surface of the liquid to the orifice, 

v = V Igh . (9 V) 

This is known as Torricelli’s theorem. The velocity is the same as if 
the water fell freely from the top surface down to the opening. See 
Eq. 5 (h). 

9.3. Density. The density of matter, whether in the solid, liquid, 
or gaseous state, is defined as the mass per unit of volume. Alge¬ 
braically 

, mass _ M 

d ' ns,t!r = • D = v- 

In the metric system density is given in grams per cubic centimeter, 
and in the English system in pounds per cubic inch or pounds per cubic 
foot. Since the gram is defined as the mass of one cubic centimeter of 
water, the density of water is 1 gm/cm 3 . 

Example. If 25 cubic centimeters of mercury weigh 340 grams, 
what is the density of mercury? 

D = ^gm_ gn 

25 cm 3 cm 3 v ' 

The densities of a few common liquids as well as solids are given 
in Table 91. 

Table 91. The Density and Specific Gravity of a Few Common Substances 


Substance 

gm/cm 3 

lb/ft 5 * 

Substance 

Aluminum. 

2.7 

168 

Mercury. 

Brass. 

8.5 

530 

Platinum. 

Copper. 

8.9 

556 

Silver. 

Gasoline. 

0.70 

44 

Tin. 

Glass. 

2.5 

16 

Water. 

Gold. 

19.3 

1205 

Wood (pine). 

Iron. 

7.9 

493 

(hickory).... 

Lead. 

11.4 

712 

Zinc. 



* In order to convert these figures to specific gravity it is necessary to divide 
each one by 62, the weight of one cubic foot to water. See Eq. (9/). 
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If the volume and density of a body is known the mass is given by 
Eq. (9 c) as 

M = V X D. (9«) 

Specific gravity is another term frequently used to express the rela¬ 
tive weights of matter. Specific gravity is defined as the ratio between 
the weight of a given volume of substance and the weight of an equal 
volume of water. 


... . weight of a given substance 

specific gravity = —r-?- ? -- ;—? - 

weight of equal vol. of water 


(9/) 



According to this definition, the specific gravity of a substance is given 
by the same numerical value as the density in the metric system. Being 
the ratio between like quantities, specific gravity has no dimensions and 
is therefore the same in all systems of units. For example, the specific 
gravity of aluminum is 2.7, which means that any solid piece of 
aluminum weighs 2.7 times as much as an equal volume of water. 

9.4. Archimedes’ Principle. Archime¬ 
des’ principle states that a body floating 
or submerged in a liquid is buoyed up by a 
force equal to the weight of the liquid dis¬ 
placed. For example, if a block of wood is 
floating in water, as shown in Fig. 9D, the 
buoyant force P holding the block up is 
equal to the weight of the water displaced 
by the submerged part (shaded area) of 
the block. When the block is first placed 
in the water it sinks until the buoyant force 
F becomes great enough to equalize the downward force of gravity, that 
is, the weight of the block W. 

If the density of a solid body is greater than the density of the 
liquid in which it is placed, the body will sink. The reason for this is 
that even when completely submerged the weight of the liquid dis¬ 
placed is not as great as the weight of the body. The condition that a 
body float in water is that the specific gravity be less than unity. To 
float in mercury, however, the specific gravity must be less than 13.6. 
Referring to Table 91, a solid block of brass, iron, lead, or silver will 
float on mercury, whereas a block of gold or platinum will sink. The 
specific gravity of nearly all kinds of wood is less than unity, hence 
they float on water. 


mttr 


Fig, 9D—A block of wood 
lowered into the water sinks 
until the buoyant force of the 
water equals the weight of the 
block. 
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In Fig. 9E a solid gold ball having a volume of 10 cm 3 is shown 
suspended from spring scales. From the density of gold given in 
Table 91, this ball should weigh 193 gm. When submerged in water 
it is found to weigh only 183 gm as shown by the scales at the right. 
The 10 cm 3 of displaced water weighs 10 gm and this, by Archimedes’ 
principle, is the upward buoyant force exerted by the water. If the 

ball were submerged in mercury the 
buoyant force would be 10 X 13.6 or 
136 gm, and the weight measured 
would be 193 — 136 or 57 gm. 

If the same gold ball were to be 
made into a hollow sphere with a total 
volume greater than 193 cm 3 it would 
float in water, and by the spring scales 
would appear to weigh nothing. All- 
steel ships float on water because they 
are not solid throughout. Being hol¬ 
low they can displace a large enough 
volume of water to buoy them up. As 
a ship is loaded with cargo it sinks 
deeper into the water displacing an additional amount of water equal in 
weight to the weight of the added cargo. 

Example. A block of wood 1 ft by 2 ft by 4 ft and density 40 lb/ft 3 
is floating on water. Find the maximum a man may weigh to float on 
the block and himself stay entirely above the water. Without a load 
the block will float with only part of it submerged as shown in Fig. 9D. 
When completely submerged the water displaced will weigh by 
Eq. (9e), 

1 ft X 2 ft X 4 ft X 62 %= 496 lb. 

ft 3 

This is therefore the maximum buoyant force obtainable for the block. 
Since the block itself weighs 

11 

1 ft X 2 ft X 4 ft X 40 £3 = 320 lb, 

the difference between these two weights, 496 — 320— 176 lb, is the 
maximum weight that can be supported. The man, therefore, can have 
a maximum weight of 176 lb. 



193 pm. 


183 <jm 


•gold fault - fl * 



vol-lOcm 3 


Fig. 9E—Experiment illustrating 
the buoyant force of water on a heavy 
substance like gold. 
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9.5. The Ocean Depths. Only recently has man descended to very 
great depths in the ocean to observe one of the most interesting regions 
of the earth’s crust. The bathysphere, (see Fig. 9F) a hollow but thick- 
walled steel sphere about four and a half feet in diameter, descended 
with its two American observers Beebe * and 
Barton in 1931 to a depth of fourteen hundred 
feet and in 1934 to a depth of three thousand feet. 

The pressure at this great depth of a little over 
half a mile amounts to about thirteen hundred 
pounds per square inch. The portholes through 
which observations were made and photographs 
taken were thick quartz windows about six inches 
in diameter. These quartz plates had to withstand 
the tremendous force of about 36,000 lb or 18 tons. 

At these great depths fish of many kinds were 
observed for the first time. How do these fish 
live and withstand such pressures ? The answer is 
to be found in the fact that water circulates freely 
within and permeates the fish to such an extent 
that the pressure inside is the same as the pressure 
outside. The entire organism is therefore in equi¬ 
librium, for the inside forces pushing out are 
everywhere equal to the ouside forces pushing in. 

If such fish are brought to the surface too suddenly, m „ , 

, . ., . rr ■ 1-1 Fig. 9F— The Beebe 

the inside pressure will not be sufficiently relieved bathysphere which in 
and the fish will explode. A gradual ascent enables W4 decended with its 
some of the water within to escape slowly, thus re- ocean depth 0 f 3000 f t 
ducing the pressure inside as well as outside, and 
the fish can be brought to the surface alive. These fish do not live long, 
however, for their natural existence requires great pressures. 

Example. Calculate the water pressure exerted on the bathysphere 

* See National Geographic Magazine, Vol. LXVI, Dec. 1934, p. 661-704. 
Charles William Beebe (1877- ), an American ornithologist and ocean¬ 

ographic naturalist, was born in Brooklyn, N. Y., July 29, 1877. After receiving 
rhe degree of B.S. at Columbia University in 1899, he became honorary curator 
of ornithology at the New York Zoological society, and was later made director 
of its department of research. Beebe has published many scientific papers on 
birds ana evolution. For his book "Pheasants, Their Lives and Homes” (1926), 
he was awarded the Elliott Medal of the National Academy of Sciences. Several 
years later he became interested in deep sea fish. 
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at a depth of 3000 ft. Taking the density of water as 62 lb/ft 3 , from 
Table 91, the weight of a column of water one foot high and one 
square inch in cross-section is 62/144 = 0.43. Multiplying this by the 
depth, 

0.43 X 3000 = 1290 lb/in 2 . 

The salt content of ocean water increases this result by a relatively small 
amount. 

The argument often arises as to whether steel ships which have sunk 
in very deep water actually rest on the ocean floor, or due to buoyancy 
stay suspended only part way down. Although the pressure on the 
hull of a ship at a depth of 4 miles is a little over four and a half tons 
per square inch, the pressure is equal in all directions. While the com¬ 
pressibility of water is a little greater than that of steel, the enormous 
pressure of several tons per square inch compresses the water only a 
little. Since, therefore, the density is little changed by the pressure, 
the weight of the displaced water is nearly the same at great depths as it 
is near the surface. By Archimedes’ principle, then, the buoyant force 
at a depth of several miles is little different from that at the surface. 
There should be no doubt that a sunken ship always goes to the bottom. 

9.6. Adhesion and Cohesion. All matter is composed of atoms 
and molecules of one kind or another. These ultra-microscopic par¬ 
ticles attract each other with forces which depend upon the kinds of 
atoms or molecules involved and upon the distance between them. 
The closer two molecules are together, in general, the greater is the 
attractive force between them. The attractive force between different 
kinds of molecules is called adhesion , and the attractive force between 
two like kinds of molecules is called cohesion. 

Although the force of attraction between two molecules is extremely 
small the combined attraction of billions of molecules contained within 
a very small bit of matter is astonishingly great. A steel cable one 
inch in diameter, for example, will support a maximum load of 200 
tons without breaking. Principally, this is a direct measure of the 
cohesive forces between hundreds of billions of iron molecules. 

The difference between adhesion and cohesion can be demonstrated 
by an experiment diagramed in Fig. 9G. A glass plate G is supported 
by one arm of a beam balance. The plate, after being balanced by 
weights on the left-hand scale pan, is brought into contact with the 
surface of water as shown. Additional weights are next added at W 
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until the plate breaks free from the water surface. Upon examining 
the glass, water is found clinging to the under surface, showing that 
the break came between water molecules only. The adhesive forces 
between glass and water molecules therefore exceed the cohesive 
forces between water molecules. The weight added in the experiment 
is therefore a measure of 
the cohesive forces between 
water molecules. 

If mercury is substituted 
for the water in the above 
experiment and the glass 
plate pulled away from the 
mercury surface, the added 
weights measure adhesion, 
the force of attraction be¬ 
tween glass and mercury 
molecules. This is shown 
by the fact that no mercury 
clings to the bottom of the glass plate. Thus the cohesion between 
mercury molecules is greater than the adhesion between mercury and 
glass. 



water 


Fig. 9G—Experiment illustrating the forces of 
adhesion between glass and water. 


9.7. Surface Tension. The cohesion of molecules gives rise in 
liquids to a phenomenon called surface tension. According to this new 
aspect of molecular attraction the surface of a liquid always appears 
to be under tension. The surface acts as though there were a thin 
rubber membrane stretched over it and that this membrane were always 
trying to contract. For one thing, this explains why fog or rain drops 
take the form of spheres. 

The existence of surface tension may be illustrated, as shown in 
Fig. 9H, by floating a steel needle on water. If the needle is first drawn 
through the fingers, a thin film of grease is deposited on the surface, 
making it easier to float. Lowered carefully to the water surface, the 
needle floats because of cohesion. The adhesion between water and 
grease is very weak. For the needle to break though the surface, 
water molecules must be pulled apart. Rather than do this, the 
molecules cling together and the surface becomes depressed until the 
upward force W is equal in magnitude to the weight of the needle. 
The upward force is the resultant of the two tension forces T as shown 
in diagram (a). 
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An interesting experiment is performed by fastening a bit of soap 
to the back of a small wooden boat and then place the two on the 
surface of a pan of water. As the soap goes into solution the surface 
tension of the water is greatly weakened in back of the boat and 
surface tension in front pulls the boat forward. As soon as a soap 
film covers the whole of the water surface the boat stops. 

A similar experiment is to scrape small bits of camphor into a dish 
of water. Like the boat, each tiny camphor flake is propelled rapidly 
around on the surface of the water. The camphor, going into solu¬ 
tion most rapidly at the pointed end of each flake, reduces surface 
tension more at that point than at any other. 



Fig. $>H— (a) End view of a needle floating on water. The experiment illustrates 
surface tension. ( b ) Illustrating how a small wire loop may be used to measure surface 
tension. 


Surface tension in the laboratory is usually measured by an arrange¬ 
ment illustrated in Fig. 9H(b). A small wire frame of length l is 
dipped into water and then pulled slowly out. As a result of both 
cohesion and adhesion a thin film of water is formed in the frame. 
This film pulls down by a force which can be measured by suspending 
the frame from the arm of a beam balance. Weights are slowly added 
to the other scale pan, not shown (see Fig. 9G), until the film breaks. 
The maximum weight added without breaking the film measures di¬ 
rectly the cohesive forces of the water film, the surface tension. 

Surface tension is defined as the force of contraction across a line 
of unit length, the line and the force being perpendicular to each other, 
both lying in the plane of the liquid surface. If F is the maximum force 
applied in the above experiment and / is the length of the wire frame, 
the surface tension T is given by 
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The factor 2 enters because there are two surfaces to a thin film, 
thus making the effective length of the surface equal to 2/. At room 
temperature the surface tension of water is about 70 dynes/cm and of 
mercury is about 540 dynes/cm. A rise in temperature causes a decrease 
in surface tension, and vice versa. 

9.8. Capillarity. When a long glass tube is placed in a dish of 
water as illustrated in Fig. 91(a), the water rises in the tube until it 
reaches a certain height and then stops. The finer the bore of the tube 
the higher the water rises. 

Water rises in capillary tubes because the adhesive forces of glass 
for water are greater than the cohesive forces of water. When a fine- 



Fig. 91—The rise of water and the fall of mercury in capillary tubes is due to adhesion, 

cohesion, and surface tension. 

bore tube is first placed in water the glass walls immediately above 
the edge of the water attract molecules to it by adhesion. These mole¬ 
cules in turn attract other nearby molecules, pulling them up by co¬ 
hesion. This process continues, filling up the space below as the water 
rises higher and higher. Surface tension, the result of cohesion, pre¬ 
vents any of the water from dropping back. The water continues to 
rise until the upward pull of surface tension is equalized by the weight 
of the liquid in the tube pulling down. 

The height to which a liquid will rise in a capillary tube is given by 
the following formula: 

> = § s <*> 
In this equation T is the surface tension measured in dynes per 
centimeter length, r is the radius of the bore, D is the density of the 
liquid, and g is the acceleration of gravity. 
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Example. One end of a capillary tube is placed in a dish of water. 
Assuming the surface tension to be 70 dynes/cm and the diameter of 
the tube to be 1 millimeter, find the height of rise. 


2 X 70 

0.05 X 1 X 980 


2.85 cm. 


With mercury in a glass tube, the strong cohesive forces form a 
surface which is convex downward as shown in Fig. 91(b). Surface 
tension here tries to flatten this surface out thus depressing the liquid 
to a lower level. The same formula applied to the rise of a liquid in 
a capillary tube may here be applied to give the depression with mer¬ 
cury or any other fluid which does not "wet” the tube. 

Surface tension is largely responsible for the rise of sap in trees. 
Carefully performed experiments show that water, by surface tension, 
can be drawn to heights of one hundred feet or more. 

9.9. Viscosity. When a solid body is moving through a liquid 
there are two things which offer a resistance to the motion tending to 
stop it; these are (1) the inertia of the fluid which must be moved away 
from the path of the object, and (2) the viscosity of the liquid. Vis¬ 
cosity is the frictional resistance offered by one part or layer of a liquid 
on an adjacent part or layer as the two move by each other. For ex¬ 
ample, as water flows through a trough or pipe the water nearest the 
center moves with a higher velocity than that near the edges. Dividing 
the water up into imaginary layers parallel to the direction of flow, one 
finds each layer sliding past the adjacent layer. The 
resistance to this relative motion is called viscosity. 

Viscosity can be measured in many ways. Some 
experimental methods measure the rate at which a 
liquid flows through a pipe of known dimensions, 
while others measure the resistance the liquid offers to 
the motion of an object through the liquid. The latter 
can be demonstrated by an experiment illustrated in 
Fig. 9J. A brass weight W is dropped into a tall 
cylinder of some heavy liquid and allowed to sink to 
the bottom. Perhaps the most important observation 
in this experiment is the fact that the weight falls with 
constant velocity. If the liquid is heated to a higher 
temperature and the same weight again dropped the velocity of fall will 
now be greater than before. The viscosity of a liquid decreases as the 
temperature increases. 


i 


Fig. 9J—The rate 
at which a weight 
settles in a fluid is 
a measure of vis¬ 
cosity. 




107 


Chap. 9\ 'Properties of liquids 

The constant speed maintained by a body falling through a viscous 
medium is brought about by the frictional resistance becoming equal to 
the downward pull of gravity. The inertia of the liquid moved away 
from the path of the body as well as the viscosity offers a resistance 
to motion which increases with speed. As the body falls faster upon 
first entering the liquid the upward frictional force exerted on the body 
soon equals the downward force of gravity and from there on the 
velocity of fall remains constant. 

The lubricating properties of oil depend upon its viscosity. Since 
oil molecules adhere to metal, two oiled metal surfaces rubbing over 
each other have a thin oil film between them. By keeping the hard 
metal surfaces apart there is little or no wear on them. This is par¬ 
ticularly important in all high-speed machinery like the motor of an 
automobile. If the viscosity is low the oil will be squeezed out too 
quickly and the two metal surfaces come in contact. 

QUESTIONS 

1. Define density and explain why a solid block of iron will float on mercury. 

2. State Archimedes' principle and describe an experiment illustrating the 
principle. 

3. Define pressure and give an example of the difference between total force 
and pressure. 

4. Define cohesion and adhesion and give examples. 

5. Define and give one example of each of the following: (a) surface tension, 
(b) capillarity, and (c) viscosity. 

PROBLEMS 

1. A tank filled with water is one meter high. Find the pressure on the bottom 
of the tank in (a) gm/cm2, and (b) dynes/cm2. 

2. A glass bottle 20 cm high is filled with mercury. Find the pressure on (a) 
the bottom of the bottle, and (b) on the side of the bottle at the middle. 

3. Calculate the weight of a glass cube 4 cm on each side when in air and again 
when entirely submerged in water. 

4. A block of wood 2 cm X 25 cm X 200 cm and of density 0.5 gm/cm3 floats 
in a tank of gasoline. Find the load that placed on top of this block will 
just submerge it. Assume the added weight does not submerge. 

5. A capillary tube 0.02 cm in diameter stands on end in a dish of water. Find 
the height to which the water rises in the tube. Assume surface tension 
T — 70 dynes per cm. 

6 . Plot a graph showing the height to which water will rise in capillary tubes. 
Plot the height h vertically and the radius r of the tube horizontally. To do 
this calculate h for the five values of r, 0.05 cm, 0.10 cm, 0.25 cm, 0.5 cm, 
1 cm. Assume T = 80 dynes/cm. 
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10.1. The Earth’s Atmosphere. We on the earth’s surface, al¬ 
though little conscious of the fact, are submerged in a great sea of air 
called the atmosphere. This air, which to the earth is the most common 
of all gases, is really a mixture of well known gases, about 77 percent 



Fig. 10A—Illustration of the air sur¬ 
rounding the earth. The height is exag¬ 
gerated to bring out the decrease in density 
with altitude. (If drawn to scale the 
earth's atmosphere would form a layer much 
thinner than the line shown here represent¬ 
ing the earth’s surface.) 

feet vacuum, contains a small but 


nitrogen, 21 percent oxygen, and 
1 percent argon. The remaining 
1 percent includes small quantities 
of such gases as carbon dioxide, 
hydrogen, neon, krypton, helium, 
ozone, and xenon. 

Being most dense at sea level, 
see Fig. 10A, the atmosphere ex¬ 
tends upward to a height of from 
fifty to several hundred miles. 
The apparent uncertainty as to the 
exact height of the atmosphere is 
not real, for the air gets thinner 
and thinner the higher one goes 
and finally thins out into inter¬ 
stellar space. Observations show 
that even interstellar space, which 
is often referred to as the most per- 
definite amount of matter in the 


gaseous state. 

Fig. 10B is a schematic cross-section of the atmosphere up to a 
height of twenty-five miles. It will be noted on the right-hand side of 
the diagram that 50 percent of the earth’s atmosphere lies below three 
and one half miles, and that 99 per cent lies below twenty miles. While 
this accounts for most of the atmosphere, experiments with radio waves 
show that the small amount of air existing at ,a height of several hun¬ 
dred miles is sufficient to reflect radio waves back to the earth. 
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Living as most of us do near sea level we are constantly subjected 
to an enormous pressure due to the weight of the air above us. Unbe¬ 
lievable as it may seem, the air exerts a pressure of fifteen pounds for 
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Fig. 10B—Illustrating important facts concerning the troposphere and the stratosphere and 
the relative heights reached by man in balloons and airplanes. 


every square inch of surface. This, the atmospheric pressure, is the 
weight of a column of air one square inch in cross-section and reaching 
from sea level to the top of the atmosphere. 

Fifteen pounds per square inch is in reality an enormous pressure 
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when one considers that the palm of the hand alone withstands a total 
force of from one to two hundred pounds. This need not alarm us, 
however, for the pressure at any given point, just as in liquids, is equal 
in all directions. The force on the back of the hand, acting in the 
opposite direction to the force on the palm, is just neutralized. The 
hand is not crushed by these two opposing forces for, like the deep sea 
animals observed by Beebe in his bathysphere (see Sec. 9.5), the flesh 
builds up an equal pressure on the inside. Due to this outward pressure 
from within, we too would explode if we were taken unprotected to 
the top of the atmosphere. It is for this reason that the balloonists 
Stevens and Anderson* sealed themselves in an airtight spherical 
gondola on their famous record breaking flight into the stratosphere 
in 1935. 

A pressure of one atmosphere is defined as the average atmospheric 
pressure at sea level. This is taken to be 15 lb/in 2 , or 1,013,000 
dynes/cm 2 . 

10.2. The Density of Air. That air has weight may be shown by 
one of the simplest of experiments. A hollow brass ball with a volume 

of one liter (one liter — 1000 
cm 3 ), is first weighed when it is 
filled with air and again when 
it is evacuated. See Fig. 10C. 
With the air removed the vessel 
is found to be lighter than be¬ 
fore by 1.29 grams. If the 
scales are first balanced with the 
sphere evacuated and then the 
air allowed to enter, a mass of 
1.29 grams must be added to the 
opposite scale pan to restore balance. Since this is the weight of 1000 
cubic centimeters of air the weight of one cubic centimeter will be 
0.00129 gm. This is the density of air. 

If the above experiment is repeated at an elevation of five miles, 
the air in the brass vessel will weigh only one third as much as at sea 

* See the "National Geographic Magazine,” Vol. LXIX, May 1936, pp. 
693-714. Albert W. Stevens and Orvil A. Anderson, ranking captains in the 
United States Army, were each presented (1935) with the Hubbard Gold Medal 
and the Distinguished Flying Cross. Both these men distinguished themselves 
in the 1st World War as airplane and balloon pilots. 
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level. The reason for this is that the lower pressure at a height of five 
miles admits only one third as much air to the evacuated vessel. 

If, on the other hand, air is pumped into the hollow sphere, the 
weight can be made to increase considerably, thus giving a greater than 
normal density. The density of a gas is therefore standardized and 
defined as the weight of one cubic centimeter of the gas measured at 
standard pressure and temperature. Standard pressure is defined as a 
pressure of one atmosphere and standard temperature as zero degrees 
centigrade. The densities of a few common gases are given in Table 
101. The reason for specifying temperature is that gases expand with 
a rise in temperature. This subject will be treated in Chapter 11 on 
expansion. 

Table 10 I. Densities of Six Common Gases 



Density 

Gas 




gm/cm 3 

lb/ft* 

Air. 

0.00129 

0.080 

Carbon dioxide. 

0.00198 

0.124 

Helium. 

0.000178 

0.011 

Hydrogen. 

0.00009 

0.005 

Nitrogen. 

0.00125 

0.078 

Oxygen. 

0.00143 

0.089 


10.3. The Mercury Barometer. A barometer is a device for 
measuring the atmospheric pressure. There are in common use today 
two kinds of barometers, the mercury barometer and the aneroid 
barometer. The mercury barometer was invented by Torricelli* some 
three hundred years ago. Torricelli’s experiment is illustrated in 
Fig. 10D. A long glass tube is filled with mercury and the finger 
placed over one end as shown in diagram (a). This tube is then 
inverted and with the open end in a dish of mercury the finger is 
removed as in diagram (b)The instant the finger is removed the 
mercury level drops in the tube to a height h as shown. The mercury 
drops until the air pressure P pushing down on the mercury surface 

* Evangelista Torricelli (1608-1647). An Italian physicist and mathemati¬ 
cian and disciple of Galileo. He is most noted for his scientific articles on fluid 
motion, on the theory of projectiles, and on geometrical optics. 
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outside is equal to the mercury pressure pushing down at a point at 
the same level inside. 

At sea level the height at which the mercury column stands is about 
7 6 cm or 30 inches. This height will be the same regardless of the 
diameter of the tube or the length of the vacuum space at the top. 

Torricelli’s experiment shows that a 
column of air one square centimeter 
in cross-section and reaching to the 
top of the atmosphere is equal in 
weight to a column of mercury of the 
same cross-section and 76 cm high. 

It was Pascal * who first showed 
that when a mercury barometer is 
taken to a high elevation like the top 
of a mountain, the height of the 
mercury column drops considerably. 
It drops because there is less air above 
that point and hence a lesser down¬ 
ward pressure on the free mercury 
surface. 

Fig. 10E is a diagram of an ex¬ 
periment demonstrating that it is the 
atmosphere outside of a barometer 
pushing down on the exposed mer¬ 
cury surface which supports the mer¬ 
cury column inside and not the vacuum in the space above drawing it up. 
An entire barometer is placed in a tall cylinder and the air removed by 
means of a vacuum pump. As the air slowly leaves, the mercury column 
drops steadily. When the cylinder is well evacuated the level of the 
mercury inside the tube is the same as the level in the small reservoir 
outside. A return of the air forces the mercury back into the tube and 
up to its original height h. 

The height of the mercury in a barometer measures directly the 
atmospheric pressure. Instead of specifying the pressure in lb/in 2 or 
in dynes/cm 2 , it is customary to give the height of the mercury column 

♦Blaise Pascal (1623-1662), French religious philosopher, physicist and 
mathematician. Noted principally for his discoveries in pure mathematics, and 
for his experiments with the barometer. His experiments and his treatise on 
the equilibrium of fluids entitle him to rank with Galileo and Stevinus as one of 
the founders of the science of hydrostatics and hydrodynamics. 



Fig. 10D—Torricelli’s experiment and 
the making of a mercury barometer. 
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in inches or centimeters. The pressure so expressed in cm of Hg (the 
chemical symbol for mercury is Hg) is given at each five mile interval 
at the left in Fig. 10B. 

If a barometer were made to employ water in place of mercury the 
barometer tube would have to be at least 13.6 times as high, or 1,034 
cm. This is equivalent to about 34 ft. Such 
an instrument would be too cumbersome to be 
of much practical value. 

10.4. The Aneroid Barometer. The de¬ 
sirability of a portable barometer has led to 
the development of the aneroid. This is a 
barometer of small dimensions and is fre¬ 
quently used as an altimeter and barometer 
combined. A cross-section diagram of such an 
instrument is shown in Fig. 10F and photo¬ 
graphs are reproduced in Fig. 10G(a). A 
small flat metal box, evacuated and with a 
flexible top, is attached at A to a multiplying 
system of levers. The end of the lever system 
is connected to a small cable C which is 
wrapped around a spindle N carrying a 
pointer I. If the atmospheric pressure P in¬ 
creases, the flexible boxtop is pushed down 
at A. This lowers the end of the lever sys¬ 
tem at B, and with a pivot at D raises the 
point C. The cable winds up on the spindle N, turning the pointer I 
to the right to a scale reading of higher pressure. The scale of the 
aneroid is calibrated by a standard mercury barometer so that the pres¬ 
sure is always given in centimeters or inches of mercury. 

Since the atmospheric pressure decreases as one goes to higher 
altitudes, a barometer is often used to determine elevation. As a matter 
of fact, aneroid barometers are frequently made with an altitude scale 
attached. Such instruments, called altimeters, are to be found on the 
instrument panel of every airplane and dirigible. Some of these instru¬ 
ments are small enough to be carried in the pocket like a watch, and 
others are so sensitive they will indicate a change in elevation of one 
foot. The altitude scale usually has its zero mark near the sea level 
pressure as shown in Fig. 10F. 

Atmospheric pressure not only v aries with altitude but also with 


m normal 
htight 



partial 

vacuum 


to vacuum 
pump 

Fig. 1 0E — Experimental 
arrangement demonstrating 
that atmospheric pressure 
supports the column of mer¬ 
cury in a barometer tube. 
When the air is removed the 
mercury column drops from 
its normal height. 
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move slowly and continuously from place to place, sometimes disap¬ 
pearing and at other times forming. Particularly noticeable is the very 
pronounced low pressure region over the Great Lakes where, at the 



Fig. 10G— (a) Aneroid harometer used for measuring atmospheric pressure. 

(/;) Self-recording aneroid barometer, or barograph. (Courtesy Central Scientific Co.) 



Fig. lOH—Weather map for the North American Continent, for Friday, February 10, 1939. 

center of the very heavy rain and snow storm, the barometer has 
dropped to 29.1 inches or 73-9 cm. Like great whirlwinds these storm 
centers seem to move cross-country and to rotate as indicated by the 
arrows in the figure. 
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10.5. Experiments Illustrating Atmospheric Pressure. Normal 
atmospheric pressure of fifteen pounds per square inch does not ordi¬ 
narily impress a person as being very great. Taken over a considerable 
area, however, such a pressure gives rise to a tremendous force. Con¬ 
sider a light bulb, for example, there is a strong inward force tending 
to collapse the bulb and since light bulbs are evacuated one might 
wonder how such thin glass can withstand this. The reason it does is 
that the force is distributed uniformly over the whole surface. If it 
were all applied at one small point the bulb would surely break. A 
spherical or cylindrical vessel can have thin walls and yet stand enor¬ 
mous pressures, whereas a vessel with flat sides may not. It is for this 


(a) (b) (c) (d) 



reason that all large vessels used for storing liquids or gases have 
curved walls instead of flat ones. 

Two experiments illustrating atmospheric pressure are diagramed 
in Fig. 101. In diagram (a) a thin sheet of rubber is first tied over 
the top end of a jar. When this is done the air pressure inside is the 
same as that outside. If now the inside pressure, upward on the rubber, 
is removed by means of a vacuum pump, the outside pressure pushes 
the rubber down inside as shown in diagram (b). 

The third and fourth diagrams (c) and (d) are for the purpose of 
demonstrating the pressure exerted by the air inside the jar. In diagram 
(c) air at normal atmospheric pressure exists outside the jar as well as 
inside. In diagram (d) the air has been removed from the vacuum 
bell jar, thus removing the downward pressure on the rubber diaphragm. 
The air pressure inside the smaller jar pushes the rubber out like a toy 
balloon. 

Two additional experiments are illustrated in Fig. 10J. The first 
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diagram represents an inverted cylinder and piston. By pumping out 
the air from the cylinder chamber, the atmospheric pressure P lifts the 
piston and accompanying heavy weights W. With a circular piston 
only five inches in diameter a total weight of 295 lb can be lifted. The 
second diagram represents the drinking of water from a glass by means 
of a straw. The water is not drawn up through the straw; it is pushed 

air 

pump 


Fig. 10J—Experiments illustrating the presence of atmospheric pressure and its action 

in all directions. 




up from the outside. Suction at the top end of the straw removes the 
air, and hence the pressure at that point and the atmospheric pressure 
at the liquid surface in the glass pushes the water up the straw and into 
the mouth. This is similar in its action to a syphon. 

10.6. Vacuum Pumps. The first experiments on vacua were per¬ 
formed by Otto von Guericke.* His original experiment was to fill 


some suitable hollow vessel with 
water and then pump the water 
out with a water pump, thus 
leaving an evacuated space. 
Later he invented a crude air 
pump with which a reasonably 
good vacuum could be obtained. 
With one of these pumps 
Guericke performed, in 1654, 
before the Emperor Ferdinand 
III at Regensburg, the celebrated 



22 inches diameter 

Fig. 10K—The Magdeburg hemisphere designed 
by Otto von Guericke. 


experiment of the "Magdeburg Hemispheres.” Two copper hemi¬ 


spheres, about 22 inches in diameter, were placed together to form a 


sphere as shown in Fig. 10K. A ring of leather soaked in oil and wax 


* Otto von Guericke (1602-1686) German philosopher, lawyer, physicist, 
and magistrate. Incited by the discoveries of Galileo, Pascal, and Torricelli, 
he produced the first vacuum and made the first air pump. From researches 
in astronomy he predicted the periodic return of comets. 
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was set between them to make an air tight joint. When the sphere was 
evacuated two teams, consisting of eight horses each, were unable to 
pull the hemispheres apart. This is not to be wondered at for the 
force required to pull them apart is easily calculated and amounts 
to nearly three tons. 

A vacuum pump of modern design is shown in Fig. 10L. The 
operation of the pump itself is shown in detail by the cross-section at 



Fig. 10L—Cross-section and diagram of one of the common forms of vacuum pump. 

the left. An eccentric disk E rotates within a hollow steel cylinder C. 
The empty space between is divided into two parts A and B by a 
plunger P. By means of a lever L and spring S this plunger is held in 
sliding contact against the eccentric. As the eccentric turns in a counter¬ 
clock-wise direction as shown, the air in section A is carried around 
to become section B where it is squeezed out through the outlet O. A 
coin placed on the diagram and rotated properly will show how this 
operates. The entire mechanism is immersed in oil which not only 
lubricates the working parts continually but seals the sliding contacts 
where air might slip by. The air empties into the oil and bubbles to 
the surface. Such mechanical vacuum pumps are capable of removing 
all but one thousandth to one millionth of the air in a reasonably large 
vessel originally at normal atmospheric pressure. 

Since the height of a mercury column of a barometer measures air 
pressure, it is convenient to express the degree of evacuation in terms 
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of the height of a mercury column. Mechanical pumps are capable 
of reducing the pressure within a vessel to 0.01 to 0.0001 cm of Hg. 
To obtain a still lower pressure, that is, a still higher vacuum, mercury 
or oil diffusion pumps are commonly employed. Such pumps are 


(a) (b) 



Fig. 10M—High vacuum pumps, (d) Mercury diffusion pump (made of glass). ( b) Oil 
diffusion pump (made of brass). 


diagramed in Fig. 10M. The mercury diffusion pump on the left is 
made of glass. Hot mercury vapor from the reservoir of boiling 
mercury passes up the large vertical tube and down through a nozzle 
into a water cooled region where it condenses back to the liquid state. 
This condensed liquid mercury drops back through the S tube to be 
boiled again. The pumping action is produced by the stream of 
mercury from the nozzle A carrying the surrounding air with it to the 
lower end of the tube B where it is taken out by a mechanical pump. 
Air from the,vessel C. then comes into the air free region A to be carried 
down to B in^e same way. 
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The oil diffusion pump at the right operates in a similar manner, 
the hot oil vapor coming up in the central tube and turning back down 
by an umbrella-shaped deflector plate. Carrying the air with it, the 
oil condenses and settles to the bottom. Mercury diffusion pumps in 
conjunction with a mechanical pump are capable of reducing the pres¬ 
sure in reasonably large vessels to about 0.000001 mm of Hg, and the 

oil diffusion pumps to about 0.00000001 
mm of Hg. Such extremely low pres¬ 
sures are measured by specially de¬ 
signed gauges. 

10.7. The Buoyancy of Gases. 
Many of the laws and principles known 
to apply to liquids are equally applica¬ 
ble to gases. Archimedes’ principle of 
buoyancy is an example of this. See 
Sec. 9-4. A balloon filled with a very 
light gas like hydrogen or helium rises 
in air for the same reason that a block 
of wood submerged in water rises to the 
top. Archimedes’ principle applied to 
a gas says that the buoyant force acting on an object is equal to the 
weight of the gas it displaces. 

Example. A balloon having a diameter of 40 ft is filled with 
hydrogen gas at a pressure of one atmosphere. We wish to determine 
the buoyant force and the maximum load the balloon can support. 
See Fig. 10N. By Eq. (9^) the mass of the air displaced by the balloon 
and the mass of hydrogen within is given by the volume times the 
density. The volume of a sphere is J nr 3 , where r is the radius. 

Mass = Volume X Density = ^ wr 3 X D 

From the densities given in Table 101, 

Mass of Air = £ 3.14 X 8000 X 0.080 = 2675 lb 

Mass cf Hydrogen = ^ 3.14 X 8000 X 0.C05 = 168 lb. 

The buoyant force is therefore 2675 lb. Since the hydrogen gas 
weighing 168 lb must be lifted by this force, the balloon bag, basket, 
and contents must not weigh more than 2675 — 168 or 2507 lb. 

Only those gases that are lighter than air will produce a buoyant 



Fig. 10N—By Archimedes' prin¬ 
ciple the buoyant force on a balloon 
equals the weight of the air dis¬ 
placed. 
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force and lift a balloon. Heavier gases sink just as solid objects with 
a greater specific gravity than unity sink in water. 

10.8. Fluids in Motion, Bernoulli’s Principle. Since many of 
the laws concerning liquids apply equally well to gases, these two 
forms of matter are often grouped together and called fluids. The 
term fluid denotes ability to flow. When a wide stream or river runs 
into a narrow channel, in its course the velocity of the water increases, 
and upon coming out into a broad straight again it slows down. This 


high 

A 

pressure low 

B 

pressure high 
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Fig. 10O—Venturi meter illustrating Bernoulli’s principle, that, where the velocity of a 
fluid is high the pressure is low and where the velocity is low the pressure is high. 


action is illustrated by a venturi meter, a tube designed as shown in 
Fig. 10O. 

As water is forced through such a tube from left to right the pres¬ 
sure can be measured at three places by means of stand pipes A, B, and 
C. Since the same amount of water passes through the narrow central 
part of the tube every second as passes through the wider part at either 
end the velocity must be greatest in the center. V 2 is greater than V\\ 
symbolically, V 2 j> V\. The relative heights of the water column in 
the pipes A, B, and C indicate high pressures at the ends and a low 
pressure in the center. 

Bernoulli’s principle states that where the velocity of a fluid is high 
the pressure is low and where the velocity is low the pressure is high. 
This paradox is the basis of many interesting phenomena and the stu¬ 
dent should not be surprised when he finds the following experiments 
to act contrary to previous notions. 

Nine experiments are illustrated in cross-section in Fig. 10P. In 
the first diagram (a) a blast of air from a nozzle is blown between two 
sheets of cardboard suspended about three inches apart by cords. In- 
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stead of being blown apart, as one might expect, they come together. 
The reason for this action is that between the two sheets where the 
velocity of the air is high the pressure P 2 is low. On the two outside 
surfaces where the air is not moving the pressure Pi (atmospheric 
pressure) is high and pushes the two sheets together. 

In the second diagram (b) air is blown through a hole in the center 
of a disk AB as shown. When a piece of paper CD is placed close to 
the opening it is not blown away but drawn toward the disk. Where 
the velocity of air between the disk and paper is high the pressure is 



low, and the higher pressure Pi on the underside of the paper pushes 
it up against the disk. 

A similar experiment as illustrated in (c) with water as the moving 
fluid and an inverted cup and ball in place of the disk and paper. The 
ball is made of wood or metal and almost fits into the cup. The fast 
moving stream of water passing over the top surface of the ball pro¬ 
duces a low pressure region P- 2 , and the atmospheric pressure below 
pushes the ball up. 

One often hears it said that during a certain wind storm, tornado. 
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or hurricane that the roofs of one or more houses were blown off with¬ 
out otherwise damaging the house. This is not as freakish an accident 
as one might think, for there is a simple explanation. A high wind 
blowing over the roof, as shown in Fig. 10P(d), creates a low pressure 
P 2 on top, and the atmospheric pressure P 1 inside where the wind is 
not blowing lifts the roof off. 

The fifth diagram (e) represents a common form of perfume 
atomizer. Squeezing the bulb sends a stream of air through the central 
tube, creating a low pressure P 2 inside. Atmospheric pressure Pi on 
the liquid surface pushes liquid up the stem to be blown out the right- 
hand tube with the air stream. 

Most of the baseballs thrown by a pitcher are curves, some up or 
down and others in or out, i.e., to right or left. This is an art, ac¬ 
complished by throwing the ball so that it spins rapidly about some 
particular axis. To produce a downward curve, i.e., a drop ball, the 
ball is given a top spin as shown in diagram (f). Here instead of 
having the ball moving to the right we can imagine the ball standing 
still, but spinning, and the air to be moving from right to left. At 
the top surface where the wind and ball are moving in opposite direc¬ 
tions the air is slowed down by friction, giving rise to a high pressure 
region. On the underside the surface moving with the wind keeps 
the velocity high, thus creating a low pressure region. The resultant 
downward force thus causes the ball to drop faster than usual. 

The same principle has been applied to the historical Flettner rotor 
ship which instead of using sails, employed two tall, rotating cylinders, 
motor driven. As shown by the top view diagram (i) a wind from 
broadside the ship produces a forward force. Such a ship, carrying a 
cargo, crossed the Atlantic twice not many years ago. Although the 
trips were successful, the uncertainty of a strong wind makes shipping 
with such boats unreliable. 

The maximum lift of an airplane is produced by properly designed 
upper as well as the lower wing surfaces. During flight, the air, in 
passing up over the leading edge of the wing and down again near 
the trailing edge, produces a partial vacuum, or low pressure Pn above, 
and the higher pressure Pi underneath lifts the wing up. The major 
part of the lift is due to the proper design of the top surface. 

If a small "ping-pong” ball is placed in a vertical stream of air or 
water it will rise to a given height above the nozzle and stay at that 
level, spinning and bobbing around without falling. If the ball goes 
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to one side as illustrated in diagram (h), the fluid going by on the left 
side causes the ball to spin as shown. The velocity being high on the 
left means a low pressure. The higher pressure on the right where 
the velocity is low pushes the ball back into the stream. 

QUESTIONS 

1. Define (a) normal atmospheric pressure, (b) density of air. 

2. Briefly describe the making of a mercury barometer. 

3. Why does a balloon filled with hydrogen rise against the pull of gravity? 

4. State Bernoulli’s principle. Explain by giving an example. Make a diagram. 

5. Explain why an airplane wing is capable of lifting an airplane. 

PROBLEMS 

1. A toy balloon filled with hydrogen has a diameter of one foot. Find the 
buoyant force at sea level. 

2. A spherically shaped balloon 60 ft in diameter is filled with helium. If the 
balloon basket, bag, and all necessary equipment weigh 1000 lb, what is 
the maximum extra load it will support at sea level? 

3. Calculate the total inward force of atmospheric pressure on the hollow brass 
sphere shown in Fig. 10C, when it is thoroughly evacuated. 

4. Magdeburg hemispheres with an internal diameter of 4 inches are thoroughly 
evacuated. What minimum force is required to pull them apart? The force 
is equivalent to the pressure exerted on one side of a disk 4 inches in diam¬ 
eter. Assume the atmospheric pressure to be 15 lb/in-. 

5. If the original Magdeburg hemispheres were thoroughly exhausted, what 
force would be required to pull them apart? Assume the sphere to have a 
diameter of 22 inches. 
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Chapter 11 * Temperature and Expansion 

Everyone knows the difference between a hot and a cold day but 
few can guess with any accuracy the temperature as recorded by a 
thermometer. As already pointed out in Chap. 1 no one should rely 
upon the physical senses to determine temperature. Temperature is 
only relative, and like time, is difficult to define in terms of the simplest 
concepts. The word temperature means the degree of heat and may be 
defined as a number on a scale. 

11.1. Thermometers. Of the many forms of temperature meas¬ 
uring devices, the mercury thermometer is the most common. But 
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Fig. llA—The expansion of a gas like air or a liquid like mercury may be used to 

measure temperature. 


this is not the first thermometer to be invented. The first authentic 
record of a thermometer dates back to the time of Galileo. Galileo’s 
thermometer, as illustrated in Fig. 11 A, consists of a narrow glass tube 
with an opening at one end and a bulb at the other. The open end of 
the tube is filled with colored water and inverted in a dish of water. 
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When the temperature of the surrounding air rises, the air within the 
bulb expands, forcing the water down the tube. If the bulb is cooled, 
the air inside contracts, drawing the water up. (To be exact, atmos¬ 
pheric pressure outside pushes the water up.) A scale attached to the 
narrow tube can be calibrated to any temperature scale, low tempera¬ 
tures at the top and high temperatures at the bottom. 

A mercury thermometer, as shown in Fig. llA(b), consists of a 
narrow glass tube (called a capillary), the bottom end being sealed to 
a small bulb and the top end being closed. The bulb and part of the 
capillary is filled with mercury, and the remaining section of the capil- 
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Fig. 11B—Mercury thermometers illustrating the four common temperature scales. 


lary is evacuated. When the temperature rises, the mercury and the 
glass bulb both expand. The mercury, however, expands more than 
the glass, forcing a small part of the mercury up the narrow capillary. 
A scale is engraved on the glass to read temperature. 

11.2. Temperature Scales. There are in general use today four 
different temperature scales. These are the Fahrenheit, Reaumer, 
Centigrade, and Kelvin or Absolute. Each scale is shown by a diagram 
in Fig. 11B. The thermometers are all identically made but each has a 
different scale. The Fahrenheit scale is commonly used in civil life in 
the United States as is the Reaumer scale in France. The Centigrade 
and Kelvin scales are used in all countries for scientific measurements. 

All manufactured thermometers are calibrated to one of these four 
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scales. To calibrate a thermometer, the bulb is first placed in a mix¬ 
ture of ice-and water and the height of the mercury column marked on 
the side of the stem. It is next placed in steam just above boiling 
water and again marked. These two marks then determine the end 
points for whatever scale is to be used. 

Between the temperatures of melting ice and boiling water there 
are 180 degrees on the Fahrenheit scale, as compared with 100 degrees 
on the centigrade scale, and 80 degrees on the Reaumer scale. The 
ratios of these numbers are 9:5:4 respectively. This comparison shows 
that a temperature rise of 9° F is equivalent to a rise of only 5° C and 
only 4° R. Roughly speaking, one degree on the Reaumer or centigrade 
scale is about twice as large as one degree on the Fahrenheit scale. 

The lowest temperature ever reached is approximately —273° C, 
— 459° F, or — 218° R. For theoretical reasons which will be given 
later, this is the lowest temperature that can ever be attained. The 
Kelvin or Absolute scale starts with this lowest possible temperature as 
absolute zero. On the basis of the centigrade scale divisions, this 
locates the freezing point of water at 273° K and the boiling point at 
373° K. 

11.3. Electrical Thermometers. If very low or very high tem¬ 
peratures are to be measured, other than mercury thermometers must 
be employed. At temperatures below —39° C mercury freezes and 
becomes a solid, and at high temperatures glass melts and becomes a 


liquid. For both of these temperature extremes electrical thermometers 


are commonly used. These instru¬ 
ments operate upon the principle 
that the resistance a wire offers to a 
flow of electric current through it 
changes with temperature. The 
higher the temperature the greater is 
the resistance. 

A diagram of an electrical ther¬ 



mometer is shown in Fig. 11C. A mometer showing connections between 
fine piece of platinum wire is wound £ wire coil - the batter * “ d 

around a small spool made of silica. 

The ends of this wire are connected to a battery and an ammeter. The 


purpose of the battery is to supply the electric current and the ammeter 
is to determine its exact value. When the temperature of a hot body 


like a furnace is to be measured, the spool of platinum wire is placed 
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Inside the furnace and the battery and ammeter outside. A rise in tem¬ 
perature causes the resistance of the platinum wire to increase, and the 
current, therefore, to decrease. When the platinum wire reaches the 
temperature of the furnace its resistance reaches a constant value and 
the ammeter pointer indicates a steady current. In many cases the 
ammeter scale is calibrated to give the temperature directly in degrees. 

Another form of electrical thermometer, called a thermocouple, is 
illustrated in Fig. llD(a). This temperature recording device is based 
upon a principle, discovered in 1821 by Seebeck, known as the thermo¬ 
electric effect. Two pieces of wire, one copper and one iron, are joined 
together at the ends to form a complete loop. When one junction is 


iron wire 



copper wire 


temperature 
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, cold 
junction 


ammeter 


thermocouple 
",junction 



Fig. llD—Illustrating the thermoelectric effect and its use as a thermocouple for 

measuring temperature. 


heated and the other kept cool an electric current flows around the loop 
in the direction indicated by the arrows. The greater the difference in 
temperature between the two junctions the greater is the electric 
current. 

Diagram (b) in Fig. llD represents a thermocouple connected by 
wires to an ammeter. If the junction of the thermocouple is first placed 
in melting ice and then in boiling water, the two scale readings of the 
ammeter can be marked 0° C and 100° C at the appropriate points. 
This calibrates the instrument, making of it a direct reading ther¬ 
mometer. 

Thermocouples are not always made of copper and iron as shown 
in Fig. llD. Any two different metals when brought into contact will 
exhibit a thermoelectric effect. Some combinations of two metals, how¬ 
ever, produce larger currents than others. For very high temperature 
measurements platinum and platinum-iridium alloys are used, owing to 
their very high melting point temperatures. See Table 121, page 149. 
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A set of thermocouples, when connected together as shown in 
Fig. HE, form what is commonly called a thermopile. Small rods of 
two different metals are joined alternately as shown in diagram (b). 
One set of junctions is usually protected by placing them at the back of 
a small box container and the other set is exposed to heat rays through 
the opposite side which is left open. A funnel or horn-shaped reflector 
mounted over the open side will collect more heat rays from a distant 
hot object and thereby increase the electric current. Thermocouples 
containing several hundred elements can be made so sensitive that they 
will detect the heat of a candle flame several hundred feet away. 


thermopile 



Fig. 11E—Cross-section of a thermopile for measuring heat radiation from hot bodies. 



11.4. Thermal Expansion of Solids. In general, when an object 
is heated, whether it be a solid, liquid, or gas, it expands. There are 
but a few known exceptions to this. The expansion of a solid with a 
rise in temperature can be demonstrated by heating a long wire and 
measuring its over-all elongation. One experimental arrangement for 
demonstrating this is shown in Fig. 11F. An iron wire about 2 meters 
in length is fastened to a hook A at one end and to a weight W at the 
other. Between these two points the wire passes over three pulleys B. 
C, and D. The wire is heated by connecting it to a battery and sending 
an electric current through it from end to end. 

As the wire lengthens due to heating, the weight slowly falls, thus 
turning the pulleys as well as the pointer P. When the current is 
turned off by opening the switch, the wire cools and at the same time 
contracts to its original length. In the well equipped laboratory ac¬ 
curate measurements of the rise in temperature and the lengthening 
of a solid rod are readily made. The graph at the right in Fig. 11F 
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illustrates the straight line relation between the rise in temperature 
and the elongation. By the elongation is meant the increase in length 
and not the total length of the wire. For an iron wire 2 meters long, 
a rise in temperature of 50° C produces an elongation of 1 millimeter, 
100° C produces an elongation of 2 mm, 150° C an elongation of 3 mm, 
etc. The straight line means, therefore, that the elongation is directly 
proportional to the rise in temperature. 

There are many instances in engineering where the expansion of 
solids is an important factor in design and construction. Particularly 
is this true in the construction of suspension bridges and railroads. 


B 



Fig. 11F—Experiment illustrating the expansion (elongation) of a wire due to a rise in 

temperature. 


When the steel rails of a railroad are first put in place, small gaps must 
be left at every union. The reason for this is that in summer, when 
the temperature rises, the rails expand and close these gaps. If the 
gaps are not large enough in cold weather the track will buckle up 
in summer and cause serious accidents. In winter when the rails con¬ 
tract and the gaps are wider, they become noisy to travel as the car 
wheels roll over them. 

Not all substances expand by the same amount when heated 
through the same difference in temperature. This is illustrated by 
the linear coefficients of thermal expansion of a few common sub¬ 
stances given in Table 111. 
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Tablb 111 . Linear Coefficients of Thermal Expansion (Centigrade) _ 


Substance 

a 

Substance 

a 

Aluminum. 

25XKT* 

Iron. 

11X10“* 

Brass. 

18 •* 

Platinum. 

9 “ 

Glass (soda). 

17 “ 

Quartz (fused) . 

0.4 ” 

Glass (Pyrex). 

3 “ 

Pine (along grain) . 

5 “ 


The linear coefficient of thermal expansion « is defined as the 
change in length of unit length of a substance for one degree rise in 
temperature. Once this constant is known, the linear expansion for 
any sized object made of that same material can be calculated for any 
rise in temperature by the following formula: 

elongation = a X length X rise in temperature 

< = aL (T 2 - TO. (11*) 

In this equation Ti is the original temperature of the body, T 2 the 
final temperature to which it is raised, and L its original length. 

Example. A pyrex glass rod is ground and polished to a length of 
10 cm when the room temperature is 20° C. If this same rod is heated 
to a temperature of 420° C, how much does it elongate? 

From the above equation we write 

e = 3 X 10" 6 X 10 X (420 - 20) 

= 3 X 10 -6 X 10 X 400 = 0.012 cm. 

The rod thus lengthens by only 0.012 cm to give an over-all length of 
10.012 cm. It should be noted that had the length of the rod been 
given as 10 inches the elongation would have been 0.012 inch. In 
other words, e and L are always in the same units, so that the coefficients 
of thermal expansion are valid in the metric as well as the English 
system. The coefficients given in Table 111, however, are for the 
centigrade temperature scale only. Should the known temperature be 
Fahrenheit or Reaumer, the change in temperature should be converted 
to the Centigrade scale. 

When the temperature of a wire is raised it not only lengthens but 
the diameter and cross-sectional area increase as well. A disk when 
heated increases in radius and area, while a sphere or cube increases in 
all directions. In isotropic substances like copper, linear expansion 
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takes place equally in all directions. In non-isotropic substances like 
wood, expansion at right angles to the grain is quite different from ex¬ 
pansion parallel to the grain. (See Table 111.) 

The following question will be left as a problem for the student. 
If the temperature of a copper washer; i.e., a copper disk with a hole 
in the center, is raised, will the hole in the center get larger or smaller? 

11.5. Differential Expansion. In the previous section it was 
stated that all substances do not expand alike. Some metals like brass 
and aluminum expand twice as much as others, like iron and platinum. 
See Table 111. This difference in expansion is demonstrated by the 
heating of a bi-metallic strip as shown in Fig. llG. Two thin strips of 
different metal are placed side by side and welded together over their 
entire length. When heated, one metal expands more than the other, 



Fig. llG—Different substances expand by different amounts, (a) bi-metallic strip, ( b) 
balance wheel of a watch, (c) a thermostat. 

causing the strip to bend. The hotter it becomes the more it bends. 
When it cools down to its original temperature the strip becomes 
straight again, and if cooled still further it bends in the opposite 
direction. 

Differential expansion as shown by this experiment finds many 
practical applications in industry. Bi-metallic strips are used, for 
example, in the making of balance wheels for fine watches and in 
thermostats for refrigerators, hot water heaters, and car radiators. 
When on a hot day the spokes of the balance of a watch expand, they 
shift the weight of the rim farther from the center, causing the balance 
wheel to oscillate more slowly. By making the rim of the wheel of 
two bi-metallic strips this can be compensated for as shown in Fig. 
llG(b). With a rise in temperature the ends of the spokes S move out 
and the free ends R of the bi-metallic strips bend in closer to the axis 
of rotation. One expansion compensates the other, keeping the watch 
running at the same rate. 
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Thermostats are so commonly employed in electrical devices today 
that their simple explanation will be given here. An electrical thermo¬ 
stat is an automatic electric switch which closes when the temperature 
reaches one desired temperature and opens when it reaches another. 
One type of switch is shown in Fig. llG(c). If the temperature is low 
the bi-metallic strip is straight and makes electrical contact between the 
points A and B. This operates an electrical device which, for argu¬ 
ment’s sake, might open a gas valve of a furnace in the basement of a 
house. When the air in the house rises to the desired temperature the 
bi-metallic strip has bent far enough away to break the electrical contact 
at A and B, thus turning off the furnace. As the air cools the strip 
straightens out and makes contact, again turning on the furnace. 

11.6. Thermal Expansion of Liquids. Accurate measurements of 
the expansion of liquids with a rise in temperature are made difficult 
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Fig. 11H—Volume-temperature graphs of the thermal expansion of liquids. 


by the simultaneous expansion of the containing vessel. This difficulty 
can be overcome, however, and one finds that most liquids like solids, 
expand by an amount which is proportional to the rise in temperature. 
This is illustrated by the straight line graphs for alcohol and mercury 
in Fig. llH(a). 

A straight line graph here means that with each degree rise in 
temperature the increase in volume due to expansion is exactly the 
same. If one cubic centimeter of mercury at 0° C is heated to a tem¬ 
perature of 1° C its volume will be 1.00018 cm 3 , or an increase of 
0.00018 cm 3 . At ten degrees the increase will be ten times this amount, 
or 0.0018 cm 3 . Thus for each degree rise the increase is the same and 
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equal to 0.00018. This is called the volume coefficient of thermal ex¬ 
pansion of mercury. For alcohol the coefficient is 0.0011 per degree 
centigrade. 

The volume expansion of liquids like mercury or alcohol is given 
by a formula of exactly the same form as the one for solids. See 
Eq. (11<*). 

V = PV (T 2 - TO Clio 

where v is the change in volume, p the volume coefficient of thermal 
expansion, V the original volume, and T 2 —Ti is the difference in tem¬ 
perature. 

11.7. The Anomalous Expansion of Water. There are some 
liquids which do not expand uniformly like mercury and alcohol. 
Water, as shown by the two graphs in Fig. 11H, is an example of this. 
Starting at its freezing temperature of 0° C, and being slowly heated, 
water contracts until it reaches a temperature of 4° C and then ex¬ 
pands. At 4° C where it reaches its minimum volume it has its max¬ 
imum density. It might be considered fortunate that water expands 
on being cooled from 4° C to 0° C. If this were not the case and it 
contracted the way most liquids do, ice would form at the .bottom of 
lakes instead of at the top. 

When a pond of water cools toward the freezing point, the surface 
water next to the cold air cools first. Having cooled and contracted 
it has a greater density than the water below and it sinks. This process 
continues until all the water reaches 4° C. Now, as the surface water 
cools below 4° C it expands, and becoming less dense, floats. The 
water on the surface therefore reaches 0° C first and freezes. In freez¬ 
ing, the water expands still more to become ice. Ice floats on water 
because its density is less than that of water. 

11.8. Thermal Expansion of Gases. Thermal expansion of a 
gas is quite different from the expansion of a liquid or solid. Accord¬ 
ing to the laws of gas expansion one must take into account the pres¬ 
sure on the walls of the containing vessel as well as the volume. This 
is illustrated schematically in Fig. 111. A gas at a temperature T i is 
confined as in diagram (a) to a cylinder by a movable piston. The 
pressure exerted on the gas is Pi due to the weight W As the tem¬ 
perature of the gas is raised to a value T 2 the gas expands. To prevent 
the piston from being pushed out of the cylinder by this expansion a 
larger weight W 2 may have to be applied as in diagram (b). This 
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larger weight changes the pressure from the previous value of Pi to a 
new value P 2 . 

For a given quantity of gas the general gas law states that 


PiVi = P 2 V 2 
Ti T 2 


(no 


where P is the pressure, V is the volume, and T is the absolute tem¬ 
perature. In other words, if the volume of a given quantity of gas is 
multiplied by its pressure and divided by its absolute temperature the 
result is the same regardless of how the gas is changed. At any new 



Fig. Ill—Illustrating the expansion of a gas due to a rise in temperature. 


pressure, volume or temperature the value of PV/T will remain un¬ 
changed. 

It is possible with the arrangement in Fig. Ill to increase the 
temperature of a gas without increasing the volume. This is ac¬ 
complished by increasing the pressure on the piston. It is also possible 
to increase the temperature without increasing the pressure. If this 
is done the volume will have to increase. As a special rule, it can be 
stated that when the state of a gas is changed it is possible to keep one 
of the three factors P, V, or T, constant and change the other two. 

Converse to the principle that heat added to a gas tends to make 
it expand is the principle that the expansion of a gas brought about by 
releasing the pressure exerted on it will cause it to cool. The lifting 
of the weight from the piston in Fig. Ill will allow the volume to 
increase and the gas to cool. If, on the other hand, the gas is com¬ 
pressed by pushing down on the piston, the temperature of the gas 
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will rise. In short, the compression of a gas produces heating and the 
expansion of a gas produces cooling. An everyday example is found 
in the use of a bicycle tire-pump. After pumping only a few hard 
strokes, the cylinder of the pump will become quite hot. Contrary to 
what one might think, this is due almost entirely to the heating of the 
air compressed in the cylinder before it is forced into the tire and not 
to the friction between the piston and cylinder wall. 

11.9. Quantity of Heat. According to the kinetic theory of mat¬ 
ter all substances are made of atoms in a rapid state of motion. As 
a body is heated to a higher temperature this atomic motion increases 
and the body expands. Thus heat is a form of energy. 

It is not always clear to the beginning student that temperature and 
the quantity of heat are different entities. The difference is well 



Fig. 11J—Experiment illustrating the different heat capacities of different substances. 

illustrated by the following experiment. See Fig. 11J. Five solid 
marbles are heated in boiling water to a temperature of 100° C. These 
marbles are all the same in size but made of different materials. At 
a given moment they are all placed on a sheet of paraffin about 1 cm 
thick and permitted to melt their way through. The iron and brass 
marbles are observed to get through first, but the lead and glass marbles 
never do. This illustrates the fact that the heat content of the iron and 
brass, even though raised to the same temperature as the others, is 
considerably greater than the heat content of the glass and lead. 

The unit of heat is the calorie. The calorie is defined as the amount 
of heat necessary to raise the temperature of one gram of water one 
degree centigrade. The heat required to raise one gram of any sub¬ 
stance one degree centigrade is called its specific heat. By this defini¬ 
tion the specific heat of water is unity. Specific heat is usually 
expressed in calories, and has a different value for every substance. 
This is illustrated by the values given in the third row of Table 1 HI. 
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Tablb 11 II. Specific Heats and Heat Capacities of the Marbles Used in thb 

Experiment of Fig. 11J 


Substance 

Lead 

Glass 

Zinc 

Brass 

Iron 

Mass in gm. 

40 

9 

24 

31 

28 

Specific heat (cal/gm deg). 

0.031 

0.160 

0.092 

0.092 

0.105 

Heat capacity (cal/deg). 

1.24 

1.44 

2.21 

2.85 

2.94 


The heat capacity of any body is defined as the quantity of heat 
necessary to raise the temperature of that body one degree centigrade. 
By definition, therefore, 


heat capacity = specific heat X mass. (11<0 

The masses of the marbles used in the above experiment are given 
in the second row and the corresponding heat capacities in the fourth 
row. A comparison of these with the experiment shows why the 
brass and iron marbles melted through the paraffin and the lead and 
glass marbles did not. The amount of heat available in the case of 
the iron and brass is greatest. Note that lead, although a very heavy 
substance, has a very low specific heat. 

Since the heat capacity of a body is defined as the heat necessary to 
raise the temperature of that body one degree, the quantity of heat 
necessary to raise the temperature a number of degrees will be 

quantity of heat = heat capacity X f i se in temperature 

Q = s.h. X m X CT 2 - TO, (110 

where Q is the number of calories, s.h. the specific heat, m the mass of 
the body in grams, Ti the initial temperature, and To the final tem¬ 
perature. 

Example. Find the amount of heat required to raise 500 gm of iron 
from 20° C to the boiling point of water 100° C. 

Using Eq. (11c), 

Q = 0.105 X 500 X 80 = 4200 calories. 

QUESTIONS 

1. Define (a) temperature, (b) calorie, (c) specific heat, (d) heat capacity, and 

(e) linear coefficient of expansion, 
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2. Name and diagram the four temperature scales. 

3. Diagram and explain the principle of the thermocouple. 

4. Give an example of, and explain, differential expansion . 

5. Explain why the top surface of a pan of water freezes first. 

6. Explain how to calibrate a new thermometer so that it reads temperature on 
the centigrade scale. 


PROBLEMS 

1. If a Fahrenheit thermometer indicates a room temperature of 50° F, what 
would a centigrade thermometer in the same*room indicate? A Reaumer 
thermometer? 

2. What temperature on the Fahrenheit scale and the Reaumer scale is equiva¬ 
lent to the following: (a) 25° C, (b) 60° C, and (c) —40° C. 

3. If an aluminum bar is exactly one meter long when its temperature is 0° C, 
what will be its length when the temperature is raised to 50° C? 

4. The iron rails used in building railroads are 60 feet in length. If at the 
time they are spiked into place the temperature is 25° C, what size gaps 
must be left between the ends to allow for expansion in summer when the 
temperature rises to 65° C? 

5. The temperature of 500 gallons of alcohol is raised from 0° C to 30° C. 
Find the increase in volume due to thermal expansion. 

6. A balloon at sea level, where the pressure is 76 cm of mercury and the 
temperature is 27° C, contains 4000 cubic feet of hydrogen gas. Find the 
volume of the gas when the balloon rises into the stratosphere to a height 
of 9 miles, where the pressure is only 10 cm of mercury and the tempera¬ 
ture is —53° C. 

7. Find the heat capacity of the following: (a) 10 gm of iron, (b) 250 gm of 
zinc, and (c) 1000 gm of lead. 

8. Find the heat capacity of the following: (a) 2 lb of lead, (b) 10 lb of 
brass, and (c) 1 ton of glass. 

9- How many calories of heat are required to raise the temperature of 200 cm3 
of water from 0° C to 100° C? 

10. Find the quantity of heat required to raise the temperature of 1000 cm3 of 
lead from 20° C to 420° C. 



Chapter 12 * Kinetic Theory and 
Change of State 

The kinetic theory of matter assumes that all material substances 
are made up of ultra-microscopic bodies called atoms and molecules 
and that these are at all times in a rapid state of motion. The nature 
of this motion and its activity depends upon the temperature and the 
state of the substance in question, as well as upon the kinds of atoms 
and molecules present. 

12.1. Kinds of Atoms. Although there are thousands of different 
substances known to the scientific world, there are only ninety-two 
different kinds of atoms. Every known substance, whether it is in one 
state or another, is made up of atoms of one or more of the 92 different 
kinds. The names of these atoms and their chemical symbols are listed 
in the second and third columns of Table I in the Appendix. 

A substance which contains atoms of one kind only is called an 
element, while those containing more than one kind are called com¬ 
pounds or mixtures. Iron, copper, aluminum, platinum, mercury, hy¬ 
drogen, and helium are examples of elements; whereas water, salt, 
brass, wood, and air are examples of compounds and mixtures. 

The so-called atomic weights of the elements, given in the last 
column in Table I, are not true weights but only numbers relative 
to sixteen, the arbitrarily chosen weight of an oxygen atom, the eighth 
element. On this basis the lightest atoms, the atoms of hydrogen, have 
a weight of approximately unity. 

To illustrate the minuteness of individual atoms, the actual masses 
in grams and approximate diameters in centimeters of the lightest 
element hydrogen and the heaviest element uranium are known as 
follows: 

{mass = 1.66 X 10 -24 gm 
1. hydrogen j jj ameter ^ i X 10 “ 8 cm 

{mass = 4.92 X 10 -22 gm 
92. uranium {dimeter ^ 3 x 10 ~ 8 cm 

141 



142 


Heat 


['Part 111 

The actual mass of a single atom of any other element can be ob¬ 
tained by multiplying the atomic weight of that element by the unit 
mass 1.65 X 10 -24 gm. It will be noted that while the mass of a 
uranium atom is over two hundred times that of a hydrogen atom its 
diameter is very little different. As the weights of the atoms in the 
table of elements increase steadily their sizes vary only a little from 
each other. 

Although the intricate structure of each atom plays an important 
part in its physical and chemical behavior, we will neglect this detailed 
structure for the time being and think only of each atom as being a tiny 
sphere-like particle with a very small mass. Later in other chapters 
where it is pertinent to do so the structure of individual atoms will be 
discussed in detail. 

12.2. Kinds of Molecules. As a general rule a molecule is an 
atom or group of atoms which under various physical conditions 
behaves as a unit particle. In the free state of a gas some atoms, like 
helium and neon, prefer to exist alone as an individual unit, whereas 
others like hydrogen, oxygen, and nitrogen prefer to move about in 
pairs. Molecules in general may contain almost any number of atoms. 
Those having but one atom are called monatomic molecules, those with 
two are called diatomic molecules, and those with three triatomic 
molecules. 

Examples of monatomic molecules are helium (He), Neon (Ne), 
and argon (A); of diatomic molecules are hydrogen (H 2 ), nitrogen 
(N 2 ), oxygen (0 2 ), and carbon monoxide (CO); and of triatomic 
molecules are ozone (O 3 ), carbon dioxide (C0 2 ), water (H 2 0), and 
hydro-cyanic acid (HCN). See Fig. 12A. Besides these simplest 
atomic aggregates there are molecules known to contain many atoms. 
Along with triatomic molecules they are called polyatomic molecules. 
The molecules of acetylene (C 2 H 2 ) and ethyl bromide (QHsBr), are 
typical examples. 

It is clear from the diagrams in Fig. 12A that the atoms of a 
molecule may be of the same kind or all different. The question as to 
why some atoms hold together in pairs and others do not is a subject 
involving the structure of the atoms themselves. Atoms which are 
close together exert forces on each other; sometimes forces of attraction 
and sometimes of repulsion. If the individual atoms of a molecule 
were brought much closer together than their normal separation they 
would repel each other and be pushed apart. If they were pulled 
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farther apart the forces would become attractive, pulling them to¬ 
gether. At large distances all atomic forces become very small; so 
that if the atoms of a molecule are pulled far enough apart they become 
free atoms and go on as such until they meet another suitable and at¬ 
tractive companion. 

The molecular weight of a substance is defined as the sum of the 
atomic weights of the atoms which make up one molecule. A carbon 
dioxide molecule, for example, has two oxygen atoms of weight 16 
and one carbon atom of weight 12. The molecular weight of carbon 
dioxide is therefore 16-)- 16-)- 12 — 44. Similarly the molecular 
weight of nitrogen is 28, oxygen is 32, and helium is 4. 



monatomic diatomic 



H C C H 

% # # ® 



poly¬ 

atomic 


Fig. 12A—Schematic diagrams of a few simple forms of molecules. Helium, hydrogen, 
nitrogen, oxygen, carbon monoxide, ozone, carbon dioxide, water, hydro-cyanic acid, 
acetylene, and ethyl bromide. 


One gram molecule of a substance is defined as a quantity of a 
compound equal in number of grams to the molecular weight. Thus 
44 grams of carbon dioxide is called one gram molecule. 

12.3. Three States of Matter. All matter has three states: (1) 
the solid state, (2) the liquid state, and (3) the gaseous state. If a solid 
is heated sufficiently it can be made to melt or liquefy, and by continued 
heating can be boiled or vaporized. As a vapor it is in the gaseous 
state. If, on the other hand, a gas is cooled sufficiently it will condense 
and become a liquid. The continued cooling of a liquid will cause it 
to solidify or freeze. A good example is to be found in the case of 
water where nature performs all these changes of state: ice is melted 
to become water, and water is vaporized to become steam; water vapor 
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or clouds condense to become rain, and rain freezes to become ice or 
hail. Although it may sometimes require extreme heat or extreme 
cold, all substances can be transformed from any one state to another. 

12.4. The Gaseous State. When a substance is in the gaseous 
state it is in an extremely rarefied condition, the molecules being on the 
average very far apart. These molecules are not at rest but are moving 
about with extremely high velocities, bumping into each other and 
into the walls of the container. It is the bumping of many millions 
of molecules against the walls of the containing vessel that gives rise 
to what is called gas pressure. 

A good example of gas pressure is to be found where air has been 
pumped into an automobile tire or into a toy balloon. Since there are 
so many more air molecules bombarding the rubber walls inside than 
outside, the walls are held out by greater bombardment. In addition 
to moving linearly, a gas molecule, made up of two or more atoms, 
also vibrates and rotates about its center of mass. As the temperature 
of the gas is raised all of these motions increase in speed, causing an 
increase in pressure. As the temperature is decreased the atomic 
motions slow down, decreasing the pressure. 

Molecular motion can be illustrated by means of a mechanical 
model as shown in Fig. 12B. Small steel marbles are placed between 
two parallel glass plates and set into motion by means of vibrating 
metal strips around the sides. Each strip V is mounted at the end of a 
short strip of spring steel and is set into vibration by means of small 
electromagnets S. As the steel balls bump into these strips they are 
bounced off with high speed. On the average, the small steel marbles 
move considerably faster than the larger ones. This is characteristic 
of the different sized molecules in a mixture of two different gases 
like helium and neon. By increasing the vibrations of the strips the 
steel marbles move faster. This is analogous to the addition of heat 
and the resultant rise in temperature. 

If a gas is continually cooled the molecular motion slows down until 
at a certain temperature the gas condenses into a much smaller volume 
and changes into a liquid. 

12.5. The Liquid State. Although the molecules of a liquid are 
still in motion, they are not moving about as rapidly as they are in the 
gaseous state. Being closer together they attract each other with 
sufficiently strong forces to cause them to move in closely packed 
swarms. 
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Although no one has ever observed directly the random motions 
of molecules, it is possible to observe their individual impacts against 
slightly larger particles by means of a high powered microscope. The 
effect was first discovered in 1827 by Robert Brown, a British botanist, 
who observed the irregular but life-like motions of small particles 
suspended in a liquid. These microscopic particles appear to be con¬ 
tinually agitated and make a succession of quick jumps first one way 
then another. The path of a single particle is illustrated by Fig. 
12B(b). Such motions are called Brownian movements, after the 
name of their discoverer. These curious Brownian movements were 



Fig. 12B—Mechanical model illustrating the random motion of molecules in a gas. 


first explained by Sir William Ramsey in 1879. The invisibly small 
molecules of air or water, as the case may be, move at relatively high 
velocities, and bombarding the larger visible particles vigorously from 
all sides, make them dart here and there. The larger the particles the 
slower their Brownian movement. 

As the temperature of a liquid is lowered the molecular activity 
decreases. This permits the molecules to pack a little more closely 
together and accounts for the contraction of a liquid on cooling, and 
conversely for its expansion on heating. As they come closer and closer 
together the tendency of each molecule to wander through the liquid 
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decreases. If the temperature is lowered still further a point is ulti¬ 
mately reached where the liquid freezes and becomes a solid. 

12.6. The Solid State. In the solid state of matter each molecule 
is confined to a definite small space between neighboring molecules. 
This is illustrated in Fig. 12C by a diagram of an ultramicroscopic crys¬ 
tal of common salt. Common table salt contains two kinds of atoms, 
sodium and chlorine. Arranged in a cubic lattice the individual atoms 
alternate in kind in each of the three directions as shown. The distance 
between the atoms in any row is found by measurement to be 2.8 X 
10 -8 cm. 

Some conception of the number of atoms within a crystal lattice 
can be obtained from the knowledge that a single crystal of table salt 

contains about 10 19 atoms. This 
corresponds to an array contain¬ 
ing about two million atoms in 
each of the three directions. The 
atoms in one layer of such a crys¬ 
tal compared with trees planted 
ten feet apart would correspond 
to an orchard larger in area 
than the North American con¬ 
tinent. 

There are hundreds of different forms into which substances are 
known to crystallize. These forms have all been classified under one 
of the six following crystal systems: cubic, tetragonal, orthorhombic, 
monoclinic, anorthic, and hexagonal. Examples of each of these are 
shown in Fig. 12D. Ordinary sugar and salt granules, if examined 
with a reading glass, will be seen to be small cubes. 

Not all substances solidify in the crystalline form. Those which 
have no regular space lattice are called amorphous. Glass is a good 
example of an amorphous solid. 

While each atom or molecule in a solid is confined to a definite 
space within the body lattice it is in a state of motion within that space. 
As the temperature decreases this motion becomes slower and slower 
until at absolute zero all molecular motion ceases. By molecular mo¬ 
tion is meant motion of the molecule as a whole. At absolute zero, 
however, the atoms of certain solids are still vibrating. This residual 
energy of vibration is known to be an inherent property of some solids, 
which cannot be utilized nor taken away. 



chlorine 

atom 

sodium. 

.atom. 


Fig. 12C—Model of a small crystal of 
common salt. Sodium chloride (NaCl). 
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12.7. Heat is a Form of Energy. From the preceding discussion 
of the kinetic theory of matter it is clear that heat is a form of energy. 
To add heat to a body is to increase the motion of the molecules. Hav¬ 
ing mass and velocity each molecule has kinetic energy, \mv 2 . 

In order to heat an object it is customary to bring it into contact with 
some other body at a higher temperature. A pan of water, for example, 
can be heated by placing it over an open gas flame. The combustion 
of natural gas first sets gas molecules into a rapid state of motion. 
These molecules striking the bottom of the pan set the molecules of 
the metal into rapid vibration. They in turn strike other metal 



Fig. 12D—Typical forms of crystals found in nature. 


molecules, thus transferring the motion through to the other side. This 
is called heat conduction. The metal molecules in contact with the 
water set the first layer of water molecules moving and they in turn 
set others moving. Thus molecular motion, called heat, has been given 
to the body of water. 

We can now give the following definitions: temperature is a measure 
of the intensity of the molecular motion of a body, and the quantity of 
heat is a measure of the total amount of energy present. The calorie as 
a unit of heat quantity is therefore equivalent to a certain amount of 
kinetic energy in ergs. The number of energy units which gives one 
heat unit is called the mechanical equivalent of heat. Experiment shows 
that 

41,800,000 ergs of work = 1 calorie of heat. 
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Roughly speaking, this amount of work is equivalent to lifting ten 
pounds a distance of four inches. 

There are numerous ways of transforming mechanical work into 
heat. By rubbing the palms of the hands together, for example, heat 
is produced. This is called heating by friction. If a weight is dropped 
from a given height, heat is developed when the weight strikes the 
ground. A ten pound weight dropped only four inches, for example, 
will produce one calorie of heat. 

12.8. Change of State. The change of state of nearly all sub¬ 
stances can be illustrated by water, the most common of all liquids. 
If a block of ice at a temperature of —50° C is placed in a pan and 
put on the stove to heat, its temperature will rise slowly until it reaches 



Fig. 12E—Heat-temperature graph for one gram of ice starting at —50° C. Illustrating 
the latent heat of fusion and vaporization. 

0° C. At this temperature the entire block will not melt instantly 
but will require a considerable time. The reason for this is that every 
gram of ice requires 80 calories of heat to just change to the liquid 
state without raising its temperature. This latent heat of fusion, as it is 
called, is utilized by the substance in setting the molecules vibrating 
and rotating vigorously enough to free themselves from the rigid space 
lattice to which they are confined. During the melting process the 
temperature of the water and ice remain at 0° C until all the ice is 
melted. 

Continued heating after the ice has melted raises the temperature 
of the water until the boiling point at 100° C is reached. Here again 
a definite quantity of heat is required to change the state without 
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velocity it must be remembered that molecules are extremely small 
and that they travel only a small fraction of a centimeter before making 
collisions with other molecules. 


Table 1211. The Mean Velocities and Mean Free Paths of Molecules 
in a Few Common Gases 

(Temperature 0° C. Pressure 76 cm of mercury) 


Gas 

Mean Velocity v 

Mean Free Path X 

Hydrogen. 

18.4X10 4 cm/sec 
4.9 “ 

4.6 “ 

18.3X1CT® cm 
9.4 “ 

9.9 “ 

Nitrogen. 

Oxygen. 



The great variety of distances between collisions of gas molecules 
has an average value called the mean free path. The mean free paths 
for hydrogen, nitrogen, and oxygen, given in Table 1211, are seen to 
be extremely small. The chances are, therefore, that a single molecule 
will not wander far from a given point in a short time. 

12.11. Avogadro’s Number. If one gram molecule (see Sec. 
12.2) of any chemical compound is vaporized it will occupy, at a 
pressure of 76 cm of Hg and a temperature of 0° C, a volume of 
22.4 liters, i.e., 22,400 cm 3 . This volume, which is slightly smaller 
than one cubic foot, is called one gram molecular volume. 

It is possible by various means to calculate with considerable accu¬ 
racy the number of molecules in a given volume of gas. The number 
contained in one gram molecular volume is called Avogadro’s number 
and is equal to 6.02 X 10 23 . This number of molecules is the same 
whether the gas is pure or whether it is a mixture of two or more gases. 

In one cubic centimeter of air at normal temperature and pressure 
there are approximately 2.7 X 1019 molecules. In order to get some 
idea of how large a number this is imagine each molecule enlarged 
to the size of a grain of fine sand. As grains of sand there would be 
enough to build a roadbed four feet deep and thirty feet wide once 
around the world. As startling as this comparison might be, it should 
also be pointed out that the average distance between air molecules is 
several thousand times the size of the individual molecules. The 
atmosphere even at sea level, therefore, is mostly free space. 
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QUESTIONS 

1. Define or explain the following: (a) diatomic molecule, (b) polyatomic 
molecule, (c) one gram molecule, (d) amorphous substance, (e) melting 
point. 

2. Define or explain the following: (a) latent heat of fusion, (b) heat of 
vaporization, (c) boiling point, (d) Avogadro’s principle, and (e) Avo- 
gadro’s number. 

3. What are the three states of matter? Give an example of each. 

4. Explain what is meant by change of state. Give an example. 

5. What are the general conditions necessary to bring about a change of state? 
Give an example. 

6. Briefly describe the kinetic theory of matter as it applies to the motions of 
molecules in (a) a solid, (b) a liquid, and (c) a gas. 

PROBLEMS 

1. Find the actual mass in grams of a single chlorine atom. Assume an atomic 
weight of 35. 

2. Find the mean velocity of the molecules in helium gas at normal atmospheric 
pressure, and 0 ° C. The density of helium is 0.000178 gm/cm3. 

3. Find the mean velocity of the molecules of xenon gas at normal atmospheric 
pressure and 0° C. The density of xenon is 0.0057 gm/cm3. 

4. Find the number of molecules in 10 cm3 of air at 0° C and normal atmos¬ 
pheric pressure. 



Chapter 13 ' Heat Transfer and 
Refrigeration 

There are numerous methods by which heat may be transmitted 
from one place to another. Some of these methods are slow and round 
about while others are very fast and straight to the point. A careful 
study of all known methods has led to the realization that there are 
but three general types of heat transfer. These are conduction, con¬ 
vection, and radiation. Conduction is a slow process by which heat is 
carried through a substance by molecular activity. Convection is a 
more rapid process involving the motion of heated matter itself from 
one place to another. Radiation of heat from one place to another 
takes place in the same manner and with the same speed as light. 

13.1. Conduction. Not all bodies are good conductors of heat. 
Metals like copper and silver are much better for this purpose than 
are other substances like wood, glass, paper, and water. The ability 
of a given substance to conduct heat is called its thermal conductivity. 

The relative conductivities of different substances can be illustrated 
by an experiment performed as follows: Similar rods of six different 
metals, copper, aluminum, brass, tin, german silver and lead are coated 
with a special yellow paint and arranged as shown in Fig. 13A. The 
ends of the rods, mounted in rubber corks, project through holes in a 
metal tube where their lower ends are heated to 100° C by steam pass¬ 
ing through the tube. As the heat travels slowly up each rod the 
yellow paint turns to red. After five or ten minutes running, the height 
to which the paint has turned color is approximately as shown by the 
stippled areas in the figure. Of these six metals, copper is observed to 
be the best conductor and lead the poorest. 

In addition to the conductivity there are three other factors which 
determine the amount of heat conducted through a body. These are 
(1) the difference in temperature between the ends, (2) the cross- 
sectional area through which the heat flows, and (3) the distance the 
heat must travel. 
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The formula for heat transfer by conduction involves all of these 
factors. 


H = 


At (T 8 ~ TQ 
L 


( 13 *) 


H is the amount of heat flowing through the body of length L and 
cross-section A, k is the conductivity, t is the time, T 2 is the temperature 


Cu At Br Sn G.S. Pb 



Fig. 13A—Experiment illustrating the relative heat conductivities of six different metals, 
copper, aluminum, brass, tin, german silver, and lead. 


of the hot end and T x is the temperature of the cold end. It is quite 
clear to most everyone that if the temperature difference T 2 — T 1 , or 
the area A is increased, see Fig. 13B, the amount of heat passing 

through is increased. It is not 
as obvious, however, that an 
increase in the length L causes 
a decrease in heat flow, or that 
a decrease in length produces 
an increase. This latter will be 
illustrated by two experiments. 

Although paper is a poor conductor, the flow of heat through it 
can be made very great by increasing A, the cross-sectional area, and 
decreasing L, the distance it has to flow. Diagram (a) in Fig. 13C, 
illustrates thermal conductivity by the boiling of water in a paper cup. 
Although the gas flame plays directly against the surface of the paper 
the cup will not burn. The reason for this is that the heat from the 
lower surface of the paper is conducted through to the water fast 
enough to keep the temperature of the paper from rising too high. 


hot 


cold 


5 


heat —- flow 


T, 


Fig. 13B—Illustrating the various measur¬ 
able factors involved in the flow of heat through 
a body by conduction. 
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If the paper is thick the lower surface will burn. Strange as it may 
seem, the thinner the paper the less is the chance of burning. 

In diagram (b) of Fig. 13C, a thin piece of paper is wrapped once 
around a rod made half of wood and half of copper. When the flame 
is brought up as shown the paper burns only where it is in contact 
with the wood and not at all where it is in contact with the copper. 
Copper, being a good conductor, carries the heat into the interior of 



Fig. 13C—Illustrating the conduction of heat through paper. 


the metal and away from the metal surface. Since wood is a poor 
conductor it cannot conduct the heat away from the surface fast enough 
and the paper heats up and soon burns. 

The thermal conductivities of a few common substances are given 
in Table 131. 

Table 13 I. Thermal Conductivities, k 


Substance 

k 

Substance 

k 

Silver. 

0.97 

Mercury. 

.. 0.02 

Copper. 

0.92 

Glass. 

.. 0.0025 

Aluminum. 

0.50 

Water. 

.. 0.0014 

Brass. 

0.26 

Wood. 

.. 0.0005 

Iron. 

, 0.16 

Paper. 

.. 0.0003 

Lead. 

0.08 

Felt. 

.. 0.0001 


The number k is the quantity of heat in calories that in one second 
will pass through a one centimeter cube when two opposite faces are 
maintained at one degree centigrade difference in temperature. Know¬ 
ing the value of k for a given substance, it is possible to calculate by 
means of Eq. (13tf) the amount of heat flowing through any sized 
object made of that same substance. 
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Example. One end of an aluminum rod 40 cm long and 5 cm 2 in 
cross-section is maintained at a temperature of 100° C and the other end 
at 20° C. Find the amount of heat that will flow through the rod in 
2 minutes. 


h-ojox 5 XUO S ”~ 2 < 0 

40 


600 calories. 


(13*) 


13.2. Convection. Why is it that a poor conductor of heat like 
water can be heated so quickly when it is placed in a pan over a hot 

fire? It is due to the second method 
of heat transfer known as convection. 
Water on the bottom of a pan is heated 
first. Due to a rise in temperature it 
expands. Being lighter than the cold 
water above, it then rises to the top, 
permitting cold water to come to the 
bottom from the sides. This action sets 
up a flow of water called a convection 
current. See Fig. 13D. Convection currents thus keep the water stirred 
up as it heats. 

Convection currents set up by the heating of a vessel of water is 
illustrated in Fig 13E(a). A glass tube in the shape of a letter O is 



Fig. 13D—Convection currents in a 
pan of water being heated over a 
stove burner. 



Fig. 13E—Illustrations of convection by the circulation of water. 

filled with water and then heated at one of the lower corners as indi¬ 
cated. A drop of ink admitted at the top opening will mix with the 
water and quickly flow around the tube in a counter-clockwise direction. 
This circulation is the basis of the hot water heating systems used in 
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some houses. As illustrated in diagram (b), hot water from a supply 
tank in a lower room or basement rises and flows through several 
radiators only to return, somewhat cooled, to the tank again where it is 
reheated. 

Similar to this in its action is the hot air heating system used in 
some houses. Air heated in a furnace in the basement rises through 
an outlet in or near the floor as shown in Fig. 13F(a). Rising up one 
side of the room this air travels across the ceiling, down the other side 
and across the floor to return to the furnace by another opening. 


cold. 



Fig. 13F —Convection air currents set up by heating. 


An interesting experiment illustrating convection in gases is shown 
in Fig. 13F(b). A tall glass cylinder, sealed at the bottom by a dish 
of water, has a cardboard partition in the top half and a candle at the 
bottom. With the partition in place, the warm air surrounding the 
flame rises on one side of the partition and escapes, while cold air 
enters on the other side supplying the necessary oxygen for combustion. 
If the partition is removed no circulation can set up; the warm air rises 
through the whole cylinder, and with no supply of oxygen, the candle 
flame goes out. 

The hot air heating systems illustrated by Fig. 13F(a) are referred 
to by engineers as gravity systems. The cold air being heavy falls,, 
displacing the warmer air and causing it to rise. In many of the more 
modern homes this convection is not relied upon for the circulation of 
warm air. An electrically operated fan or blower, at a point F in Fig. 
13F(a), circulates the air by pushing it through. In such cases the 
air is made to pass through a pad of loosely woven felt or other fibrous 
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material to take out the dust and smoke brought into the circulating 
air from the rooms above. Such systems are commonly referred to as 
air conditioning. 

In passing, one important difference between conduction and con¬ 
vection should be pointed out. In conduction, increased molecular 
motion is transferred from one particle to the next, with the particles 
themselves remaining in their immediate vicinity. In convection, the 
heated matter itself, gas or liquid, is carried along from one place to 
the other. 

13.3. Radiation. When the sun comes over the horizon in the 
early morning the heat can be felt as soon as the sun becomes visible. 
This heat, called radiation, travels with the speed of light, one hundred 



Fig. 13G—Reflection of heat rays by concave mirrors. 


and eighty six thousand miles per second. In fact, heat waves are light 
waves of a little longer wave-length (see Fig. 32D), having all the 
general properties known to visible light. The essential difference 
between the two is that heat rays, sometimes called infrared rays, are not 
visible to the human eye. 

A demonstration of the reflection of infrared rays is diagramed in 
Fig. 13G. A candle flame acting as a source at F emits light and heat 
rays in all directions. Of these rays only the ones traveling in the 
direction of the concave mirror Mi are reflected into a parallel beam. 
Arriving at the second concave mirror M 2 , these rays are again reflected, 
being brought together to a focus on the exposed junctions of a thermo¬ 
pile T. As the junctions of the thermopile warm up an electric current 
is produced, causing the ammeter pointer P to move to the right. When 
the candle is removed the pointer returns to zero. 

A practical example of heat radiation is to be found in every home 
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where a fireplace is used as a means of heating. Contrary to most 
beliefs, the heat entering a room from a fireplace is practically all in 
the form of infrared rays originating in the flames, the coals, and the 
stone or brick walls. The air that is heated within the fireplace does 
not enter the room but is carried up the chimney as a convection current. 
See Fig. 13H. This rising current of air draws fresh air into the room 
and into the fire, thus supplying fresh oxygen to the burning wood or 
coal. It should be pointed out that a relatively fine mesh screen, com¬ 
monly used in front of a fireplace to keep the sparks in, screens off 



Fig. 13H—A fireplace heats 
a room by radiation from the 
flame, the coals, and the stone 
walls. Convection currents set 
up a draft and carry warm air 
and smoke out the chimney. 



silvered 

Surfaces 

vacuum 

glass 


Fig. 131—The Dewar-flask, or 
"thermos bottle," minimizes 
conduction by using glass, con¬ 
vection by evacuating, and radi¬ 
ation by silvering. 


nearly all the radiant heat. This is easily demonstrated to the satisfac¬ 
tion of each individual by removing and replacing the screen several 
times and noting the difference in the amount of heat striking the face. 

A Dewar-flask or "thermos bottle" is an example of a practical de¬ 
vice in which the conduction, convection, and radiation of heat are 
eliminated as far as possible. As shown by the cross-section diagram 
in Fig. 131, a thermos bottle consists of a double-walled glass vessel 
silvered on the inside. The purpose of the silvering is to reflect all 
radiant heat attempting to enter or leave the vessel. The space between 
the walls is highly evacuated to prevent convection, and the glass being 
a poor conductor minimizes conduction through the walls of the neck. 

13.4. Cooling by Evaporation. When water is left in an open 
dish it slowly evaporates, i.e., it goes spontaneously into the gaseous 
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state. Evaporation therefore is a free expansion, and expansion is 
always accompanied by cooling. This phenomenon of cooling by evap¬ 
oration, which is so important from the standpoint of its many commer¬ 
cial applications, is simply explained on the kinetic theory of matter. 

Due to the random motions of the mole¬ 
cules of a liquid, some molecules obtain, 
momentarily, a very high velocity. If a mole¬ 
cule at the surface is given a high velocity 



Fig. 13 J—Evaporation of 
water from an open dish is 
due to the rapid motion of the 
water molecules and their oc¬ 
casional escape into the air 
space above. 


in an upward direction it may escape into 
the air above. Some of these escaped mole¬ 
cules soon find their way back into the liquid 
by chance collisions with air molecules from 
above the surface but many of them do not. 


See Fig. 13J. The sporadic escape of molecules may be speeded up by 
blowing air across the surface. The air carries the newly escaped mole¬ 
cules away before they have a chance to return to the liquid. 


By virtue of the high speed of the molecules escaping from a liquid 
surface, considerable kinetic energy is carried away with them. Since 


the kinetic energy of each escaping molecule is con¬ 
siderably above the average energy of the molecules 
in the liquid, the average energy is continually low¬ 
ered by evaporation. A lowering of the kinetic energy 
of the molecules means a lowering of the tempera¬ 
ture. The more rapid the evaporation, therefore, the 
faster will be the cooling. This is strikingly demon¬ 
strated by pouring a small amount of ether or alcohol 
on the finger. Either of these liquids, and particu¬ 
larly ether, evaporates very rapidly, cooling the sur¬ 
face of the finger quickly. Ether is often used in this 
way by surgeons, in place of an anesthetic, to freeze 
local spots of the body before beginning a minor 



operation. Fig - 1J K—Exper- 

Cooling by evaporation can be demonstrated to a 'th^'cooUng^^ffea 
large group by pouring a small quantity of ether over produced by the 
the bulb of an air thermometer as shown in Fig. 13K. ether.° ran ° n ° f 
Due to the cooling of the glass bulb the air inside 
contracts, drawing more water up into the stem of the thermometer. 

13.5. Humidity. When water molecules escape by evaporation 
from the free surface of a liquid they mix with the air molecules above. 
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If the space above the liquid surface is enclosed, as shown in Fig. 13L, 
this mixture cannot escape. Under these circumstances the water will 
continue to evaporate until the air above becomes saturated with water 
vapor, that is, until it can hold no 



state in a cubic meter of air is given in the other. 

Table 13 II. Weight of Water Vapor in One Cubic Meter of Saturated Air 


Temperature 

Water Vapor 

Temperature 

Water Vapor 

0° C or 32° F 

4.8 gm 

20° C or 68° F 

17.1 gm 

5° C " 41° F 

6.8 gm 

25° C " 77° F 

22.8 gm 

10° C •• 50° F 

9.3 gm 

30° C ” 86° F 

30.0 gm 

15° C " 59° F 

12.7 gm 

35° C " 95° F 

39.2 gm 


It is clearly seen from the table that the hotter the air the greater is 
the amount of water it can hold in the vapor state. 

Our atmosphere which we might term as free air is not always sat¬ 
urated with water vapor. If it contains very little or no water vapor we 
say the air is dry; if it contains a great deal we say it is damp. 

The quantity of water vapor present in the air is called the absolute 
humidity. It is, therefore, a measure of the dampness of the air. It is 
measured by the number of grams of water vapor present in one cubic 
meter of air. For example, the absolute humidity might be said to be 
14 grams per cubic meter. 

It is customary in speaking of the dampness of air, not to give 
the absolute humidity but to give the relative humidity. The relative 
humidity is defined as the ratio of the quantity of water vapor actually 
present in any volume of air to the quantity requtred to saturate the 
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same volume of air at the same temperature. To illustrate this, suppose 
the air at the present time contains 5.7 grams of water vapor per cubic 
meter and the temperature is 25° C. If the air were saturated at this 
temperature (see Table 1311) it would contain four times as much, or 
22.8 grams per cubic meter. Therefore the 


5.7 

relative humidity = = 0.25. 

It is customary to express this in percent and say that the relative 
humidity in this case is 25 percent. 

If air which is saturated with water vapor is cooled to a lower 
temperature, some of the water vapor will condense to the liquid state. 
These are the conditions under which rain and fogdrops are formed. 
The reason for this condensation is that at the lower temperature less 
water can exist in the vapor state and still saturate the air. Small drops 
of water, falling through warm layers of air which are nearly saturated, 
cause more water to condense on their surfaces to form raindrops. 

13.6. Pressure and the Boiling Point. The boiling of a liquid is 
but a state of rapid evaporation. As the temperature of water is raised, 
the rate of evaporation increases until at the boiling temperature it 
reaches a maximum. Beyond this temperature water can exist only in 
the vapor state. 

Experiments show that the atmospheric pressure has a marked 
effect upon the temperature at which liquids boil. At normal atmos¬ 
pheric pressure water boils at 100° C, but when the pressure is reduced 
to half an atmosphere it boils at 81° C. This is the reason campers in 
the high mountains find it takes longer to cook their food there than 
it does at lower altitudes. Since the water boils at a lower temperature 
food cannot get as hot. 

A complete curve showing the temperature at which water boils 
for different pressures is given in Fig. 13M(b). A careful examina¬ 
tion of this curve shows that if the pressure could be reduced to about 
3 cm of mercury, water would boil at room temperature, and that 
reduced to 0.5 cm of mercury, it would boil at the freezing point. 
Ridiculous as it may sound, this statement is easily demonstrated by 
an experiment. 

A small flat dish of water is placed inside an evacuation chamber (a) 
and the air is slowly pumped out. Starting at room temperature and 
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pressure, as indicated at A in diagram (b), the pressure decreases until 
it reaches B, about 3 cm of mercury, where bubbles form and the water 
begins to boil. Rapid evaporation produces cooling and the tempera¬ 
ture of the water goes down. Continued cooling and pumping brings 
the liquid to 0° C where it continues to boil. Continual evaporation 
cools the surface of the water until ice forms over the surface of the 
boiling water. A small quantity of sulphuric acid, H 2 SO 4 , placed in 
the vacuum chamber absorbs the water vapor, thus helping to keep the 
pressure low. 

13.7. Refrigeration. A refrigerator in the home or corner grocery 
store is now a commonplace. It is not the purpose here to describe any 



Fig. 13M—The boiling point of a liquid like water is lowered by lowering the atmospheric 
pressure. Water in vacuum will boil and freeze at the same time. 

particular commercial refrigerator but to present the physical principles 
underlying the operation of a typical machine. It is probably safe to 
say that nearly all refrigerators are based upon the principle that the 
rapid evaporation of a liquid or the expansion of a gas produces 
cooling. The most common fluids used in these machines today are 
liquid ammonia (NHs), sulfur dioxide (SO 2 ), and methyl chloride 
(CH 3 CI). 

A schematic diagram of an electrically operated refrigerator is 
shown in Fig. 13N. The three principal parts of this machine are (l) 
the cooling unit, (2) the compressor, and (3) the condenser. The 
cooling unit k and the condenser coils are partly filled with one of the 
above mentioned liquids, and the remaining parts with vapor. By 
means of an electric motor and pump the vapor is removed from the top 
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of the cooling unit and pumped into the hollow coiled pipes of the 
condenser. The low pressure in the cooling unit causes the liquid to 
boil, resulting in the cooling of the entire unit by evaporation. In 
pumping more and more vapor into the condenser, the compression 
heats the vapor considerably above room temperature. Before and 
after the motor stops running, the heated vapor cools and condenses 
into a liquid by transferring heat into the room. When the liquid in 



Fig 13N—Schematic diagram of the working parts of a common electrically operated 

refrigerator. 

the cooling unit gets down to a certain low level the float F opens a 
valve V, letting in liquid from the condenser. Being cold, the cooling 
unit absorbs heat from the refrigerator and warms up. When the tem¬ 
perature rises to a certain value the thermostat makes electrical contact, 
see Fig. llG(c), and starts the motor. The pump then lowers the 
pressure which in turn causes evaporation and cooling. The moment 
the temperature of the cooling unit and thermostat drops to the desired 
value the thermostat opens the electric circuit, stopping the motor and 
pump. 

It should be noted that a refrigerator is like a heat pump since it 
takes in heat through the cooling unit and empties it into the room 
through the condenser. 
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13.8. Liquefaction of Air. The present method of liquefying air 
and other gases is based upon the principle of cooling by expansion. 



Fig. 130—Cross-section of a machine used in the liquefaction of air. 


It was by this method that Dewar* liquefied oxygen for the first 
time in 1891, and Linde liquefied air in 1895. Oxygen gas becomes a 
liquid at the extremely low temperature of —184° C and air at 
—191° C. On the Fahrenheit scale these correspond to —300° F and 
—312° F. 

* Sir James Dewar (1842-1923), British chemist and physicist noted chiefly 
for his experiments on the liquefaction of the so-called permanent gases. As a 
child he was very fond of music, and when he met with an accident which 
prevented him from playing the flute he practiced making violins. At this work 
he developed a dexterity that proved to be useful in later years. Educated at 
Edinburgh University, he held several professorships. In 1891 Dewar was 
successful in liquefying oxygen for the first time. He was awarded the famous 
Rumford Medal of the Royal Society in 1894, and was knighted in 1904. He 
built a large refrigeration plant at the Royal Institution in London, by which 
hydrogen gas was first liquefied at a temperature of 252° C in 1898, and 
solidified at a still lower temperature in 1899. He was known to his collaborators 
as an experimentalist of unusual skill, and a lecturer of remarkable eloquence. 
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In the liquid air machine, see Fig. 130, air is compressed by a pump 
to a pressure of about three thousand pounds per square inch. Due 
to compression this air is heated to a fairly high temperature. It 
must therefore be cooled by running it through a cooling tank. This 
cold compressed air passes through the inner tube of a double-walled 
coil B and escapes through the very narrow opening of a needle valve A. 
The escaping air expands so much that its temperature is lowered 
considerably below the room temperature. The continual pumping of 
the compressor draws this cold air up through the outer tube of the 
coil, thus cooling the compressed air on its way to the needle valve. 
This air is compressed again and cooled in the cooling tank to go 
around the circuit again. The cycle continues until the temperature 
in the region of V is so low that drops of liquid air form in the jet 
from the needle valve. These drops fall into the Dewar flask and 
accumulate to be drawn off later. 

13.9. The Liquefaction of Hydrogen and Helium. Hydrogen 
gas was first liquefied by Dewar at a temperature of —252° C in 1898, 
and helium gas was first liquefied by Onnes* at a temperature of 
—268° Cin 1908. 

The making of liquid hydrogen requires large quantities of liquid 
air. Hydrogen is first compressed under a very high pressure and 
then cooled by means of liquid air. It is then allowed to expand in an 
interchanger similar to that shown for liquid air in Fig. 130. To 
liquefy helium in turn requires a considerable quantity of liquid hy¬ 
drogen. The gas is compressed, cooled by liquid hydrogen, and allowed 
to expand. 

By boiling helium in a partial vacuum, Onnes cooled liquid helium 
to a temperature only 0.82° C above absolute zero. 

13.10. Liquid Air Experiments. The physical properties of 
matter are quite different at extremely low temperatures than they are 
at room temperatures. This may be illustrated by a number of experi¬ 
ments with a small quantity of liquid air. Liquid air has the same 
general appearance and density as water. When poured into an open 
dish or Dewar flask it boils vigorously until the container has cooled to 

* Kammerlingh Onnes (1853-1926) Dutch experimental physicist, noted 
principally for his physics experiments performed with substances at very low 
temperatures and for his discovery of superconductivity. In 1908 he succeeded 
for the first time in liquefying helium. The Nobel prize for physics was con¬ 
ferred upon him in 1913. 
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liquid air temperature. A small coil of lead wire cooled in liquid air 
becomes elastic and behaves as a spring. A piece of rubber tubing or 
the petals of a flower become hard and break like glass under the 
blow of a hammer. A hollow rubber ball no longer bounces but 
breaks into small pieces the first time it strikes the floor. A small 
bunch of grapes, an egg, or a piece of beefsteak exhibit the same hard¬ 
ness and breaks like glass. 

Mercury and gasoline will freeze when cooled in liquid air. Mer¬ 
cury, for example, poured into a small rectangular paper cup containing 
a wooden handle and then frozen can be used as a hammer to drive 
nails into a block of wood. 

If liquid air is left standing for some little time its nitrogen content 
will have boiled off, leaving nearly pure liquid oxygen. A cigarette or 
cigar soaked in this liquid oxygen for a few seconds and then lighted 
with a match will burn rapidly with the appearance of night fireworks, 
a "flower pot.” A small bit of wool or cotton will exhibit the same 
effect but will go off more explosively. When used for blasting pur¬ 
poses, a paper cartridge containing wood-powder or carbonized cork 
is soaked in liquid oxygen and then pushed into the bore-hole and 
fired by means of a fuse or electric spark. 

QUESTIONS 

1. Define (a) absolute humidity, (b) relative humidity, (c) thermal conduc¬ 
tivity, (d) evaporation, and (e) boiling. 

2. Name the three methods of heat transfer and briefly explain each. Give an 
example for each case. 

3. Diagram and explain the construction of a Dewar flask ("thermos bottle”). 

4. Explain how the average fireplace operates. 

5. Explain why the evaporation of a liquid produces cooling. 

PROBLEMS 

1. One end of a copper rod 10 cm long is maintained at 100° C and the other 
end at 0° C. How much heat will flow through this rod in 10 minutes if its 
cross-sectional area is 1 cm 2 ? 

2. A glass windowpane having an area of 5000 cm 2 is only 3 mm thick. If the 
snow outside maintains the temperature of the outer surface at 0° C, and the 
heat of the room maintains the inner surface at 10° C, how much heat will be 
conducted through the glass in one minute? 

3. The bottom of an aluminum pan, filled with water at a temperature of 
30° C, has a cross-sectional area of 300 cm 2 , and is only 1 mm thick. If the 
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lower surface is maintained at a temperature of 40° C by the gas flame under¬ 
neath, how much heat will flow through in 15 seconds? 

4. Using the values given in Table 1311, plot a graph of temperature against 
the weight of water vapor in saturated air. From this graph read off the 
amount of water vapor in saturated air at a temperature of (a) 12° C, (b) 
28° C, (c) 70° F, (d) 90° F, and (e) 40° C. 

5. If the room temperature at the present time is 68° F and the air contains 
5.7 gm of water vapor per cubic meter, what is the relative humidity? 

6. If the room temperature at the present time is 28° C and the air contains 
14 gm of water vapor per cubic meter, what is the relative humidity? 

7. If the air pressure on the top of a pan of water is reduced to 10 cm of mer¬ 
cury, at what temperature will the water boil (see Fig. 13M)? 
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Chapter 14 * Vibrations and Waves 

Though the subject of sound does not play an outstanding role in 
the development of modern physics there are certain aspects of sound 
phenomena that definitely classify it as a part of the subject we call 
physics. Perhaps the most interesting part of sound comes under the 
heading of the science of music, a phase of the subject about which 
many books have been written. It is interesting to find out that music 
and musical instruments can be treated not only in a scientific manner 
but that the principles upon which they are based are fundamentally 
scientific in origin. Many beginning students find sound to be the 
most interesting of all the subjects in physics. 

It is essential, before taking up sound proper that we first become 
more or less familiar with certain types of vibrating motion and with 
the meaning of the terms commonly used in describing different kinds 
of wave motion. The reason for this is that sound is a particular kind 
of wave motion and that musical sounds always arise from some 
vibrating mechanism, like the vibrating string of a piano, or the vibrat¬ 
ing reed of a saxophone. 

14.1. Simple Periodic Motion. Any motion, simple or complex, 
which repeats itself in equal intervals of time is called periodic motion. 
There are many examples in every day life which give rise to a special 
kind of periodic motion called simple periodic motion. The swinging 
of the clock pendulum, the turning of the balance wheel of a watch, or 
the vibration of a tuning fork, are good examples of such motions. 
The term simple periodic motion applies to these because each can be 
described in terms of one of the simplest known types of periodic 
motion, namely, uniform circular motion. 

Simple periodic motion is defined as the projection on any diameter 
of a point moving in a circle with uniform speed. This is illustrated in 
Fig. 14A. The point P moves around the circle of radius a with uniform 
speed v. If at every instant a perpendicular is drawn from p to the 
diameter AB, the intercept P will move with simple periodic motion. 
Moving back and forth along the straight line from A to B the velocity 
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of P is continually changing. At the center point C it has its greatest 
velocity, while at A and B it is momentarily at rest. Starting from 
either end of its path the velocity increases until it reaches C; from 
there it slows down again, coming to rest at the opposite end of its 
path. 

The displacement of a simple periodic motion is defined as the 
distance from the center C to the point P. As shown in Fig. 14A, the 

displacement x varies in magnitude from zero 
at C up to a, the radius of the circle of refer¬ 
ence at A or B. 

The amplitude a is defined as the maxi¬ 
mum value of the displacement, and the 
period is defined as the time required to make 
one complete vibration. 

If a vibration starts at A it is not com¬ 
pleted until the point moves across to B and 
back again to A. If it starts from C and 
moves to B and back to C, only half a vibra¬ 
tion has been completed. The amplitude a is usually measured in centi¬ 
meters and the period T is measured in seconds. 

The frequency of a periodic motion is defined as the number of 
complete vibrations per second. For example, if a particular vibrating 
object completes one vibration in one half second (the period T = 1/2 
sec) then it will make two complete vibrations in one second (the 
frequency 11 —2 vib/sec). If again a body completes one vibration 
in one tenth of a second, T = V 10 sec, it will make ten vibrations in one 
second, « = 10 vib/sec. In other words, n and T are reciprocals of 
each other. 


Fig. 
trating 


^. 

14A—Diagran> illus- 
simple periodic mo¬ 


tion along a straight line. 


period = 


frequency * 


or, frequency = 


period 


(14*) 


14.2. The Simple Pendulum. Historically, the pendulum dates 
back at least to the time of Galileo. The story goes that one day while 
attending a religious service in the Cathedral at Pisa, Galileo, then but 
19 years old, observed that the attendant, in lighting the candles of 
a large chandelier had left the heavy fixture swinging like a huge 
pendulum. With only his pulse to measure equal time intervals, 
Galileo observed that the time of swing, i.e., the period, remained the 
same even though the amplitude of swing was gradually diminishing. 
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In later years he carried out a number of experiments with pendulums 
and made the additional discovery that the period of a pendulum is not 
influenced by the weight of the pendulum bob. 

Since the time of Galileo the mathematical theory of the pendulum 
has been worked out and we now know that if a simple pendulum, as 
shown in Fig. 14B, is set swinging in an arc which is not too big, its 
period T is given by the following formula, 

T = lirVl/g. (14 V) 

T is the time of one complete vibration, l is the length of the 
pendulum, and g is the acceleration of gravity. If the angle of swing 
is much greater than five degrees the period will 
be slightly increased. This means that Galileo’s 
early observations are valid only for small 
amplitudes. 

The statement can now be made that the 
bob of a simple pendulum moves along its arc 
with simple periodic motion. At the ends of its 
swing the velocity is momentarily zero and at the 
center is a maximum. The driving force which 
starts the bob at one end of its path and acceler¬ 
ates it until it reaches the center and then de¬ 
celerates it, bringing it to rest at the other end, 
is the component F\ of the force of gravity W. dulu ™ hob executes simple 
The component F 2 is the tension in the cord sup- curved path, 
porting the mass in. 

Eq. (l 4b) implies that the only factors governing the period of a 
pendulum are the acceleration of gravity g and the length of the 
pendulum /. If the pull of gravity could be increased the period of all 
pendulums would decrease, that is, they would swing faster. If the 
length could be increased the periods would be greater, that is, they 
would swing more slowly. The effect of both of these factors on a 
simple pendulum is demonstrated in Fig. 14C. In diagram (a) the 
pull of gravity is imitated by means of an electromagnet. When the 
magnet is turned on it pulls down on the iron bob and makes it swing 
more quickly. 

In diagram (b) four pendulums of lengths /, 2/, 3/, and 4/ are all 
shown at the same instant a short time after having started simul¬ 
taneously at their respective origins s. While the pendulum / has 
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made one complete swing, the pendulum of length 41 has made but 
half a swing. This shows that to double the time of swing the length 



Fig. 14C —Experiments illustrating the influence of (a) gravity and ( b) length, upon the 
rate at which a simple pendulum swings. 


must be made four times as large. This is in agreement with Eq. (14 b) 
in which the length occurs under the square root sign. 



i 

i 


Fig. 14D—Demonstration of a simple periodic motion; a mass m vibrating at the end 

of a spring. 


14.3. Vibrating Spring. Any elastic body may be set into a state 
of vibration by first distorting it in some way and then releasing it. 










Vibrations and Waves 


175 


Chap. 14] 

This is demonstrated by a weight on the end of a spring as shown in 
Fig. 14D. In diagram (a) the spring S and mass m hang in a state of 
equilibrium. At (b) a force F has been applied to stretch the spring, 
displacing the mass a distance a. After being released the mass m 
moves up and down with simple periodic motion. In diagram (c) the 
spring is shown compressed with m at its highest point. The amplitude 
a of the vibration is determined by the original distance to which the 
spring is stretched, and the period T is given by the algebraic equation: 

T = 1-K'^/mJk, (14c) 

where m is the mass of the vibrating body and k a number expressing 
the stiffness of the spring. (See Sec. 8.1.) The constant k is the force 
in dynes required to stretch the spring 1 cm. This formula shows that 
if in is made larger the period is in¬ 
creased and that when a stiffer spring 
is used (k being in the denominator ) 
the period is decreased. 

14.4. Vibrating Strips. If a 
strip of wood or metal is clamped 
tightly at one end as shown in Fig. 

14E it may be set into a natural state 
of vibration. Pulled to one side and 
then released, the free end of the 
strip will move back and forth with 
simple periodic motion. If the mass 
m clamped to the free end is in¬ 
creased the frequency of vibration 
will decrease; whereas, if the strip is 
made stiffer either by increasing its 
thickness or decreasing its length, the frequency will increase. 

This, as shown in diagram (b), is the principle of the tuning fork 
used by musicians to determine pitch. Striking one prong of a fork 
against some object sets both prongs vibrating simultaneously in oppo¬ 
site directions. The thicker the prongs of the fork the lower is the 
frequency of vibration; the shorter the prongs of the fork the higher is 
the frequency of vibration. 

Besides being used as standards of pitch by musicians tuning forks 
are used for scientific purposes. As scientific instruments they perform 
one very useful function of marking off short but equal intervals of 



Fig. 14E—Illustrating the vibrations 
of ( a) a strip clamped at one end and 
weighted near the other, and ( b ) the 
prongs of a tuning fork. 
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time. A common fork used for this purpose has a frequency of one 
thousand, n — 1000 vib/sec, and is frequently kept vibrating by means 
of an electrical circuit similar to that of a door-bell. 

14.5. Sources of Waves. The motion of any material object may 
be considered as a source of waves. A board striking the water, the 
snap of a finger, or a bowed violin string are examples of this. 

Suppose that the far end of a rope is fastened to a post, as shown 
in Fig. 14F, and that the other end (a), which is held in the hand, is 
given a sudden flip up and down. The disturbance sent out along the 
rope travels down the rope to the post, as shown and is then reflected 
back again toward the hand. This kind of wave is called a single wave 
pulse. If instead of a sudden pulse the hand is moved up and down 


(«■) 


rope 


yy—» single wave pulse 


— wave train -► 




Fig. 14F—Examples of transverse waves sent out along a rope. 


with simple periodic motion, a train of waves like that shown in dia¬ 
gram (b) travels down the rope. 

When the prongs of a tuning fork are made to vibrate they set 
the surrounding air into periodic motions. Each prong periodically 
strikes the air molecules next to it and these molecules in turn strike 
others, thus transmitting the disturbance outward. Traveling out¬ 
ward in all directions, such periodic disturbances constitute sound 
waves. 

If a flat board is dropped on the surface of a still pond of water a 
loud splash is heard, and then over the surface of the water one ob¬ 
serves waves traveling outward in concentric rings. These are all ex¬ 
amples of waves starting as a result of the motion of some material 
object. 

14.6. Kinds of Waves. When a wave is propagated through a 
medium it is the disturbance which travels along and not the medium 
itself. A little consideration of the matter will show that this is the 
case. If one confines his attention to any single point or particle in 
the medium he will observe that, as the waves move past, the particle 
moves about its rest or equilibrium position with periodic motion. The 
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waves themselves are classified by the direction in which the particles of 
the medium move with respect to the direction of propagation. 

14.7. Transverse Waves. Transverse waves are those in which 
each particle vibrates along a line perpendicular to the direction of 
propagation. Along any one line of travel all particles are vibrating in 
one plane only. Such waves are illustrated in Fig. 14G by means of a 


a—* o — *• f —«- 



'% •? 

TTt tTl 

ft* 

illl 

'"If 

"Tlftf 


1 1 ' 

1 » ! 

' \,'~ 

i i i i I i | | 1 i > I 

" N 1 1 1 | 1 1 1 • • 

\« » i 1 ' ' 

i i i i i i i i i i i i { 

N 1 1 1 1 1 1 | 1 L u ■ 

1 1 » 1 1 1/ 

! ! ' » 

L * it 

; 

_ _ x' _ 



Fig. 14G—Diagram of a wave-machine for demonstrating transverse waves. 

wave machine designed for this purpose. As the handle H is turned 
one way or the other the small round balls at the top move up and 
down with simple periodic motion. As they move up and down, each 
along its own line, the wave form ABCDEF will move to the right or 
to the left. Light is an example of transverse wave motion. 

14.8. Longitudinal Waves. Longitudinal waves are those in 
which the vibrations of the particles are along straight lines parallel 



Fig. 14H—Diagram of a wave-machine for demonstrating longitudinal waves. 

to the direction of propagation. This type of wave is illustrated in 
Fig. 14H by another wave machine. As the handle is turned each small 
ball moves horizontally and in the plane of the page with simple 
periodic motion. In so doing the regions of rarefaction B and D and 
the regions of condensation A, C, and E move to the right, always keep¬ 
ing their same relative distances. 

Sound waves in air are examples of longitudinal waves. Each air 
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molecule vibrates back and forth about some equilibrium position as 
the wave train passes by. 

14.9. Water Waves. The motion of the surface of water as a 
wave passes by is a combination of both transverse and longitudinal 
waves. The water molecules move back and forth and at the same 
time up and down, i.e., in circles or ellipses. As illustrated by the 
diagram in Fig. 141 each molecule moves in a circle in a vertical plane 
to form moving crests at A, C, and E and troughs at B and D. A small 
cork placed on the surface of water and observed from the side will 
exhibit this circular motion. When a person is swimming in a rough 
sea, and the crest of a wave approaches, he is first carried upward and 
forward in the direction the wave is traveling; after the crest has 
passed he falls and then is carried backward. 


a b c D £ 



Fig. 141—Water Waves. Each water molecule moves in a circle or an ellipse as the waves 
pass by. This is a combination of longitudinal and transverse wave motions. 


14.10. Torsional Waves. Torsional waves are those in which the 
particles move in circles whose planes are at right angles to the direc¬ 
tion of wave propagation. Examples of such waves are illustrated 
in Fig. 14J. Diagram (a) represents one end of a flexible rod, the 
lower end of which has been given a twisting motion. A torsional 
wave travels up the rod toward the upper end, where it is reflected 
back toward the bottom. 

Diagram (b) represents a long thin steel ribbon, with wooden 
crossbars, suspended from the ceiling. Diagram (c) is the same ribbon 
strip after the lower end has been given a twisting motion. The source 
may turn continuously in one direction or may turn periodically first 
one way then the other. 

Examples of torsional waves are found among the various possible 
motions of a stretched violin or piano string or light waves. These will 
be taken up in detail in later chapters. 

14.11. Standing Waves. Nearly all sounds emanating from 
musical instruments have standing waves of some kind as their origin. 
Standing waves may be produced in any substance whether it is a solid, 
liquid, or gas, by two wave trains traveling in opposite directions. As 
a rule, two separate wave trains are not necessary as one train can be 
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reflected back on itself. One of the ways in which this is done is illus¬ 
trated in Fig. 14K. One end of a rope is fastened to a post and the 
other end is moved up and down with simple periodic motion. As the 



Fig. 14J—Illustrations of torsional waves. 


waves reach the fixed end of the rope they are reflected back to meet 
succeeding waves just coming up. If the waves have just the right 
frequency the rope will sustain both wave trains by dividing into sec¬ 
tions as shown. 



Fig. 14K—Standing waves produced by reflecting a train of transverse waves from the 

fixed end of a rope. 

The points Li to L 5 , where the rope has a maximum up and down 
motion, are called loops, and the points of no motion half way between 
are called nodes. The heavy line represents the rope at one instant 
and the other lines represent it at other instants. 
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Standing waves with longitudinal vibrations may be demonstrated 
with a long flexible spring as shown in Fig. l4L(a). The right-hand 
end of the spring is fixed and the left-hand end is moved back and 
forth with simple periodic motion. If the impressed vibration has the 
proper frequency the waves traveling to the right in meeting the re¬ 
flected waves traveling to the left set up nodes and loops. The nodes N 
correspond to points where there is no motion, and the loops L to 
points where the motion is a maximum. The dots in diagram (b) 
show the relative positions and motions of each individual coil of the 



Fig. 14L—Illustrating standing waves as they are produced with (a) the longitudinal 
waves of a spring, (b) the longitudinal waves of sound in the air, and ( d) the transverse 
waves of a rope, (c) and ( e) indicate the direction of vibration at the loops. 


spring at nine different times during one complete vibration. The 
dots at the nodes remain fixed at all times while those at the loops move 
back and forth as shown by the arrows in diagram (c). At one instant 
(3), compressions are formed at the odd-numbered nodes N i, N 3, and 
N 5 and rarefactions at the even-numbered nodes N 2, N 4, and N G . Half 
a vibration later, (7), they change, the nodes of compression become 
nodes of rarefaction, and vice versa. 

A direct comparison of standing transverse and standing longi¬ 
tudinal waves is given by diagrams (b), (c), (d) and (e) in Fig. 14L. 
The numbers (1), (2), (3), etc., indicate the corresponding states in 
the vibrations of each. Diagram (c) indicates the amplitudes of the 
longitudinal motions at the loops of the spring, and diagram (e) the 
transverse motions at the loops of the rope. 
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It should be explained that the dots in diagram (b) also represent 
the motions of air molecules when sound waves are reflected from a 
flat wall, back on themselves, to produce standing waves. As we shall 
see in the next chapter, these are the sustained vibrations of the air in 
an organ pipe, a flute, or some other musical wind instrument. 

While sound waves in air are longitudinal vibrations, it is cus¬ 
tomary, for convenience only, to draw them as transverse waves. It is 
for this reason that the comparisons in Fig. 14L are made here. In 
the following two chapters, therefore, sound waves will usually be 
drawn as though they were transverse. 

14.12. Wave-length. When a vibrating object sends out waves 
through a homogeneous medium the waves travel with constant 
velocity. If the source vibrates with simple periodic motion and 


V -- 



!•-*-*i !•-X-1 
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Fig. 14M—Illustrating the wave-length X as the distance between corresponding points on 
two consecutive waves, and the amplitude a as the maximum displacement. 

waves are transverse they have the general appearance of the waves 
shown in Fig. 1 4 M. The wave-length is defined as the distance be¬ 
tween two similar points of any two consecutive waves, and is repre¬ 
sented by the Greek letter lambda, X. The distance between two 
consecutive wave crests, for example, is equal to one wave-length. 

The amplitude of a wave is defined as the maximum value of the dis¬ 
placement. This is illustrated by a in Fig. 14M, the amplitude of the 
waves being equal to the amplitude of the source. The frequency of 
a train of waves is defined as the number of waves passing any given 
point per second. This is equal to the frequency of the source and 
is usually designated by n. 

From the definitions of velocity, frequency, and wave-length , the 
following very simple relation exists between them: 

v = n\. 

The length of one wave, X, times the number of waves per second, n, 
equals the total distance traveled in one second, v. 

Since the period is defined as the time required for one wave to 
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pass by a given point, the relation between frequency and period given 
for vibrating sources in Eq. (14^) also applies to waves 

T = - , or n = ^ (140 

n T 

Example. If a train of waves moving along a rope has a velocity 
of 100 ft/sec and a wave-length of 20 ft, what is the frequency and 
period of the source? 

Substituting these values in the proper places of Eq. (1 Ad), 

100 ft/sec = n X 20 ft, or n = = 50 vib/sec. 

ByEq. (14^), 

T = -rffi = 0.02 sec. 

The frequency is 50 vib/sec, and the period is 0.02 sec. 


questions 

1. Define or explain the following: (a) periodic motion, (b) simple periodic 
motion, (c) amplitude, (d) displacement, (e) period, (f) wave-length, 
and (g) frequency. 

2. Name four kinds of waves and give an example of each. Make a diagram 
for each wave. 

3. Make a diagram and explain how standing waves may be produced with a 
rope. 

PROBLEMS 

1. A small iron ball is suspended at the end of a string 98 cm long. If the 
ball is set swinging as a pendulum, find its period of vibration. Assume the 
acceleration of gravity g = 980 cm/sec^. 

2. Find the length / of a simple pendulum that has a period of exactly one 
second. 

3. When a mass of 100 gm is hooked onto the lower end of a spring as shown 
in Fig. 14D, it stretches the spring a distance of 10 cm. If the mass and 
spring are then set vibrating up and down, what will be the period of 
vibration? 

4. A tuning fork with a frequency of 200 vib/sec sends out sound waves having 
a wave-length of 5.4 ft. Find the velocity of the waves. 

5. Standing waves are produced on a rope, as illustrated in Fig. 14K, by 
moving the free end up and down with simple periodic motion. If the fre¬ 
quency is 5 vib/sec, and the distance between nodes is 2.5 ft, what is the 
velocity of the waves along the rope? 

6. If sound waves, moving with a velocity of 1080 ft/sec, have a wave-length 
of 8 inches, what is their frequency? 



Chapter 15 * Sound 


Someone has said that if a tree falls in the forest and there is no 
one there to hear it there is no sound. This statement always gives rise 
to argument and should be explained. According to the physiological 
definition of sound the statement is true, while according to the physical 
definition it is false. In other words, sound has two definitions. 
Physiologically, sound is the effect of air vibrations on the ear drum 
and the entire hearing mechanism, whereas according to physics, sound 
is a disturbance traveling through a material substance, and does not 
depend upon someone being present to record its reception. 

15.1. Sound Transmission. The transmission of sound from one 
place to the other, from source to receiver, requires a material medium 
through which to travel. This is to be 
contrasted with light which travels best 
through a vacuum. 

That sound is transmitted by air, or 
any other gas, may be demonstrated by 
placing a small bell in an evacuated jar. 

This is illustrated in Fig. 15A. As the air 
is slowly removed from the jar the ringing 
of the bell grows fainter and fainter, un¬ 
til when a good vacuum is obtained no 
sound can be heard. As soon as the air is 
admitted, however, the ringing becomes 

clearly audible again. The vibrating bell strikes air molecules, knocking 
them away from the metal surface. These fast moving molecules strike 
the adjacent air molecules and they in turn strike others. Upon reach¬ 
ing the side of the jar, the glass walls are periodically bombarded by 
the molecules and set vibrating. The walls in turn set the outside air 
vibrating. Arriving at the observer’s ear the disturbance strikes the ear¬ 
drum, setting it into motion. Without air to transmit the vibrations 
from the bell to the inside surface of the glass jar, no sound could ever 
leave the jar. 

It should be made clear at this point that sound waves are longi- 



vacuum 
pump 

Fig. 15A—A bell ringing in a 
vacuum cannot be heard. 
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tudinal vibrations. The small balls on the wave machine in Fig. 14H 
represent air molecules whose motions are always in a line parallel to 
the direction in which the wave is traveling. 

The transmission of sound by liquids may be illustrated by an 
experiment shown in Fig. 15B(a). A tuning fork with a disk at¬ 
tached to its base is set vibrating and then touched to the surface of a 
dish of water. The vibrations of the fork and disk travel through 
the water to the bottom of the dish and to the table top. The table 
top itself is set into vibration with the same frequency as the fork, 
thus acting like a sounding board to make the sound louder. 



Fig. 15B—Experiments demonstrating the transmission of sound by (a) liquids, like 
water, and ( b ) solids, like wood. 


The transmission of sound by solids is illustrated in diagram (b). 
A vibrating tuning fork is brought into contact with the end of a long 
wooden rod. The longitudinal vibrations travel down the length of 
the rod, setting the hollow wooden box at the other end vibrating. 
Sound is clearly heard coming from the box. 

15.2. Detection of Sound. By far the most important instrument 
by which sound is detected is the ear. The longitudinal vibrations of 
the air molecules set the eardrum into vibration. The drum sets 
another diaphragm (the oval window of the inner ear) moving by 
means of very small bones which act as a lever mechanism similar to 
the aneroid barometer. Beyond this is a fluid carrying the vibrations 
to the auditory nerve endings, which in turn transmit impulses to the 
brain. (This hearing process is presented in detail in Sec. 15.6 on 
page 189). 

Sound may also be detected by the method known as the sensitive 
flame. This device, as illustrated in Fig. 15C, consists of a tall, thin 
gas flame produced by gas issuing from a small nozzle. As sound 
waves pass by the tip of the nozzle the gas stream is disturbed and the 
flame becomes unstable and drops in height. This action is particularly 
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glass 

*nozzle 


noticeable with high-pitched sounds like those from a blowing whistle, 
or those from a jingling bunch of keys. 

Other more satisfactory devices used for sound detection are the 
ordinary telephone or radio microphone, and the phonodeik. These 
instruments and their operation will be taken up in . 
later chapters. I 

15.3. Velocity of Sound. Although light and 
sound both travel with a finite velocity, the velocity 
of light is so great in comparison that an instanta¬ 
neous flash may be regarded as taking no time to 
travel many miles. When we see the flash of a dis¬ 
tant lightning bolt and hear the thunder later, we ^ 

know that the difference in time is due to the rela- • < fUm e 
tively low velocity of sound. Knowing that sound 
requires five seconds to travel one mile, the exact 
distance of a passing thunder storm can be noted by i 
the second hand of a watch. Similarly, when a dis¬ 
tant train whistles and we watch for the first puff I ( glass 

of smoke as it starts out, the sound is not heard until l nozzle 

an appreciable time afterward. I 1 

The earliest successful attempts to measure the I I 
velocity of sound in air were made in 1640 by Marin J L 
Mersenne, a French physicist, and in 1656 by Gio- I I 
vanni Borelli and Vincenzo Viviani, Italian physicists. I I- 
Since that time many experimenters have improved ^ 
upon these earliest measurements by using various Fig 15C _ Diagram 
different methods and devices. The most recent and of a gas flame sensi- 
probably the most accurate measurements are those “ v u e nd to w ^« h 
made in 1934 by Miller* With coast defense guns waves pass the tip of 
as a source of sound and a set of receivers located at the nozzle the flame 

, . , dips down. 

certain distances apart, very accurate velocity deter¬ 
minations were made. The results gave a velocity of 331 meters/sec at 
a temperature of 0° C. This is equivalent to 1087 ft/sec. 

♦Dayton C. Miller (1866—), American physicist, noted for his experi¬ 
ments on the quality of musical sounds, and on the ether drift. He collected 
and had in his possession the largest collection of flutes in the world. These 
instruments he turned over to the Smithsonian Institution in Washington, D. C., 
where they are now on exhibit. A member of the National Academy of 
Sciences and one time president of the American Physical Society, he has been 
awarded the Elliott Cresson Medal and the Cleveland Distinguished Service 

Medal. 


Fig. 15C—Diagram 
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In 1823 Jean Collaclon and Jacob Sturm measured the velocity of 
sound in the water of Lake Geneva, Switzerland. At one station a 
bell was placed under water and struck a blow with a hammer. At 
the other station, about eight miles away, an especially constructed ear 
trumpet was dipped in the water. By making very careful measure¬ 
ments of the time required for the vibrations to travel from the bell to 
the ear trumpet they calculated a velocity of 1435 meters per sec, a 
value four times the velocity in air. 

As a general rule, sound travels faster in solids and liquids than it 
does in gases. This is illustrated by the measured velocities for a few 
common substances given in Table 151. 


Table 151. Velocity of Sound in Different Substances 


Substance 

__ . . meters 

Velocity in 

sec 

Velocity in — 
sec 

Air (at 0° C). 

331 

1,087 

Hydrogen. 

1269 

4,165 

Water. 

1433 

4,708 

Alcohol. 

1213 

3,890 

Iron. 

5130 

16,820 

Glass. 

5000 

16,410 


It is well known that the temperature lias a small but measureable 
effect upon the velocity of sound. For each degree centigrade rise in 
temperature the velocity in air increases by 2 ft/sec. At a temperature 
of 5° C, for example, the velocity is 1097 ft/sec as compared with 
1087 ft/sec at 0° C. 

For extremely loud sounds like the firing of large guns, the velocity 
of the disturbance close to the muzzle will be slightly greater than at 
some little distance. Outside of this extreme condition the velocity in 
air does not change with a change in loudness, pitch, or pressure. The 
latter point has been demonstrated by measurements made at high alti¬ 
tudes in the Alps, the velocity there being the same as at sea level. 

15.4. Intensity of Sound. There are three fundamental charac¬ 
teristics of all sounds: (l) intensity, (2) pitch, and (3) tone quality. 
The intensity of sound is characterized by its loudness and is measured 
scientifically by the amount of energy in a given volume of the space 
through which the sound is traveling. In other words, sound waves 
constitute a flow of energy through matter. This may be demon- 
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strated by an experiment, arranged as shown in Fig. 15D. A vibrating 
tuning fork is placed near one opening of a Helmholtz * resonator 
and a very lightly constructed pinwheel 
is placed near the other. Air pulses 
from the vibrating prongs of the fork 
traveling through the resonator come 
out reinforced at the other opening and 
strike the vanes of the pinwheel. When 
the fork is removed the pinwheel stops 
rotating. 

It has already been explained that 
sound waves are disturbances passed on 
from one molecule to the next. Since 
a disturbance involves motion, and motion means kinetic energy, energy 
is transported with all sound waves. 

The original source of energy for the above experiment was in the 
striking blow that started the tuning fork vibrating. This energy is 
carried off with the sound waves while the fork itself, losing energy 
continuously, vibrates with smaller and smaller amplitude. The greater 
the energy supplied to the fork, the greater is the amplitude of the vi¬ 
brating prongs, the greater is the amplitude of the sound waves sent 
out, and the greater is the intensity or loudness of the sound. 

Instead of specifying the loudness of a given sound in terms of the 
energy content of the waves, that is, in ergs, it is customary to express 
it in bels or decibels. The bel is the larger of these two units, 1 bel 
being equal to 10 decibels. The bel as a unit of loudness is based upon 
the excess pressure in the compressional part of a sound wave. By 
excess pressure is meant the increase in pressure over and above the 
pressure of the undisturbed air. 

If energy, or the intensity, of one sound is 10 times that of another 
it is said to be 1 bel louder than the other. According to this definition 
of the bel the loudness scale for sound is based upon the logarithm of 
the relative energy. The following tabulation will illustrate. 


Relative energy . 1 10 100 1,000 10,000 etc. 

Relative loudness in bels . 0 1 2 3 4 etc. 


♦Hermann Helmholtz (1821-189-1), noted German physicist who during 
his lifetime made outstanding contributions to the subjects of light, sound, and 
electricity. Probably his greatest contribution was his explanation of tone quality 
in musical notes. He demonstrated that quality depends upon the number and 
intensity of the overtones or harmonics present in the musical tone. 



Fig. 15D—A pinwheel may be set 
rotating by sound waves from a tun¬ 
ing fork, demonstrating that sound 
waves have energy. 
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Because the bel is such a large unit representing so great a difference 
between the loudness of two sounds the decibel, a smaller unit, is pre¬ 
ferred in most measurements. If a sound is one decibel louder than 
another sound, the energy, or the intensity, of the one is 26 percent 
greater than the other. 

Relative energy . 1.26 1.58 2.00 2.51 3.16 3.98 5.01 6.31 7.94 10.0 

Relative loudness in decibels .... 1 2 3 4 5 6,7 8 9 10 

Each energy value in the upper row is 26 percent greater than the 
preceding value. 

This difference is just detectable by the human ear. The Threshold 
of audibility is defined as the faintest audible sound that can be heard. 



Fig. 15E—Sound demonstrations illustrating the relation between pitch and frequency. 


With this as a starting point for a loudness scale the ticking of a 
watch has an audibility of about 15 decibels. When the loudness 
reaches 130 to 140 decibels the effect is painful to the human ear. 

The amplitude of the sound waves at the threshold of audibility 
have been determined and found to be about 1 X 10~ 8 cm. This is 
about the diameter of a hydrogen atom and gives some idea of the 
enormous sensitivity of the human ear. When a sound becomes so 
loud that it is painful to the ear the amplitude is of the order of one 
or two millimeters. In stating these limits of audibility the reader 
should be reminded that the upper and lower limits vary considerably 
with pitch and with different individuals. 

15.5. Pitch. The pitch of a musical note refers to its position on 
a musical scale, and is determined by the frequency of the sound im¬ 
pulses sent out by the vibrating source. The dependence of pitch upon 
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frequency can be demonstrated in many ways. Diagram (a) of Fig. 15E 
represents a toothed wheel rotating at high speed. A small card held 
against the teeth is set into vibration, giving out a musical note. As 
the wheel slows down the vibration frequency of the card decreases 
and the note lowers in pitch. 

Diagram (b) is a siren similar to those commonly used as factory 
whistles. The energy as well as the sound is derived from compressed 
air which is blown through small holes in the hollow container C. 
The air issuing from these jets passes through similar holes in a rotating 
disk W. With the holes drilled at an angle as shown in detail (d) 
the air blasts from the stationary holes below exert a force on one side 
of the holes in W, causing the disk to turn. As the disk turns each 
blast of air is momentarily cut off until another hole arrives just above it. 
The intermittent pulses of air issuing from the disk give rise to a mu¬ 
sical note. The stronger the air blast the faster the wheel turns, the 
higher is the frequency of the air pulses, and the higher is the pitch of 
the siren’s note. 

Diagram (c) in Fig. 15E represents a siren in which a single blast 
of air is interrupted by a rotating disk containing several rings of holes. 
When the air is blown through one ring of holes, the air pulses emerg¬ 
ing from the opposite side will produce a note whose frequency depends 
on the number of holes in the ring and the speed of the wheel. Since 
each ring may contain a different number of holes, a musical scale can 
be arranged and played by putting the air nozzle in front of the rings 
in proper succession. 

15.6. The Human Ear. The ear is by far the most important 
and most universal receiver of sound. This organ of "hearing” has an 
enormous range of frequency and sensitivity, and can distinguish be¬ 
tween musical tones whose frequencies differ by less than one percent. 
In addition to this it can analyze some sounds into their component 
notes and concentrate on these notes one at a time. 

The range of frequencies audible to the human ear starts as low as 
20 vib/sec and extends to as high as 16,000 vib/sec. The upper limit 
of audibility differs considerably between individuals and depends 
somewhat upon intensity. It is often demonstrated by means of an 
adjustable whistle called a "Galton whistle.” As the frequency cf 
such a whistle increases the shrill-pitched note goes higher and higher 
and finally fades out. 

At the low end of the frequency range a musical note ceases to be 
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recognized as having any pitch and one hears or feels the individual 
vibrations of the waves. Normally this occurs below 15 to 20 cycles 
per second. 

The process of hearing has long been a subject for discussion by 
men in many branches of science. While most of the experts agree 
on the general structure and the mechanical motions within the ear, 
there still exists several controversies regarding the functions of cer¬ 



tain parts. The entire hearing mechanism is divided into three parts: 
the outer ear, the middle ear, and the inner ear. See Fig. 15F. 

The outer ear consists of the pinna F, used to collect the sound 
waves from the outside, and the ear canal M to carry the waves to the 
eardrum D. The middle ear contains three small bones H, A, and B, 
called the hammer, anvil, and stirrup, respectively, and is connected to 
the outside air by means of a small canal called the Eustachian tube E. 
The function of the three bones is to transmit the vibrations of the 
eardrum to the oval window of the inner ear. The inner ear itself 
consists of two essential parts: the cochlea C, and the semi-circular 
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canals P , L, and S. In the cochlea are found the nerve endings which 
are stimulated by sound vibrations and give rise to the sense of hearing, 
and in the semi-circular canals are the nerve endings which give rise to 
a sense of balance. 

The entire inner ear is contained within the cavity of a solid bony 
structure and is sometimes referred to as the bony labyrinth. This 
labyrinth is entirely filled with a watery liquid through which the sound 
vibrations from the outside are transmitted to the sensitive membranes 
of the cochlea. The cochlea consists of two and one-half turns of a 



Fig. 15G—Detail of the cochlea of the human car; (a) typical cross-section and 
( b) straightened cochlea illustrating the various regions of the spiral lamina sensitive 
to sounds of various frequencies. 


spiral cavity shaped like a snail shell and divided lengthwise into three 
parts by what arc called the spiral lamina and Reissner’s membrane. 
Cross-sections of the cochlea are shown in Fig. 15G. Diagram (a) 
represents a section directly across one turn of the spiral, and diagram 
(b) a lengthwise cross-section as it would appear if the cochlea could 
be straightened out. 

Throughout the total length of the basilar membrane, which is just 
a little over 3 cm in length, there are about 30,000 nerve endings. This 
amounts to 1000 nerves per millimeter length which must pass through 
the bony spiral lamina and into the nerve canal leading to the brain. 
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The work of many experimentalists shows that the nerve endings 
nearest the oval window, where the sound vibrations enter the scala 
vestibula, respond to the notes of highest pitch, while those at the 
farther end respond to those of lowest pitch. The various regions 
sympathetic to the entire frequency scale is shown in the diagram. 

The eardrum and the bones of the middle ear act as a lever mecha¬ 
nism to decrease the amplitude of the vibrations from the air, a very 
light medium, to the liquid, a much more dense medium. This reduc¬ 
tion in the motion gives rise to a pressure on the stirrup which is from 
30 to 50 times that exerted on the eardrum. As the stirrup tips in and 
out with a low frequency, the entire liquid column from the oval 
window down the scala vestibula to the helicotrema , and back along 
the scala tympani to the round window , is set into vibration. Since 
liquids are practically noncompressible, the round window moves out 
when the oval window and stirrup move in, and vice versa. 

When a higher frequency like 2000 vibrations per second is 
sounded, the vibrations in the liquid, set up by the motion of the 
stirrup at the oval window, travel the path shown by the dotted line 
in Fig. 15G, diagram (b). As the waves travel through the thin 
Reissner membrane and across the edge of the spiral lamina there is 
a relative motion set up between the basilar membrane and the tectorial 
membrane , which causes the local hair cells to stimulate the nerve 
endings at their base. Somewhere in this stimulation and motion, part 
of the energy is transformed into electrical impulses which travel along 
the nerve canal to the brain. 

15.7. Resonance, or Sympathetic Vibrations. If two violin 
strings are tuned to the same frequency and one is set vibrating, the 
other stationed some distance away will soon pick up the vibrations 
and give out the same note. This is a case of resonance, a phenomenon 
which occurs only if two objects have the same natural frequency of 
vibration. 

An experimental demonstration of resonance is illustrated in 
Fig. 15H. Two tuning forks with exactly the same pitch are 
mounted on separate hollow boxes as shown. Fork A is first set 
vibrating for a moment and then stopped by touching the prongs 
with the fingers. Fork B will then be found vibrating. Taking into 
account the hollow boxes, whose purpose it is to act as sounding 
boards and intensify the sound, the explanation is quite simple. Each 
sound pulse emerging from the box with each vibration of fork A 
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passes into the other box, pushing out the sides at just the right time 
to make the prongs of fork B move in the same direction as with the 
previous pulse. 

The action is similar to pushing someone in a swing. If a swing 
is pushed periodically with the correct frequency, it will go higher and 
higher. If, on the other hand, 

it is pushed with a different t'f I’l 

frequency, the swing’s mo- A U U 

tion will not always be in T. , I ^ 

the same direction as the ap- I 

plied force and the amplitude 1 =-= ■ < ---. =1 

will not increase. The latter I?IG - — Tuning forks mounted on resonator 

i j . . i i boxes for demonstrating resonance. 

can be demonstrated by 

weighting one prong of either tuning fork in the experiment above with 
a rubber band. This changes the frequency of one fork and no ap¬ 
preciable resonance "pick up” vibrations will be heard from the other. 

The phenomenon of resonance is an important factor in the recep¬ 
tion of radio waves. To "tune in” a given station the radio receiver 
must be tuned to exactly the same frequency as that of the transmitter. 
When this condition is reached the radio receiver responds to and 
"pick up” energy from the radio waves as they pass by. Radio 
waves are electrical in character and should not be confused with 
sound waves. 


15.8. Beat Notes. When two notes of slightly different pitch 
are sounded together, beats are heard. This phenomenon is used in 
organ pipes to produce the familiar tremulous effect. Two pipes 
tuned to slightly different frequencies are used for every note. 

The phenomenon of beats may be demonstrated by two tuning 
forks mounted as shown in Fig. 15H. One fork is made slightly out 
of tune with the other by adding rubber bands to the prongs. If the 
two forks are sounded directly the intensity or loudness of the sound 
rises and falls periodically. This is illustrated by means of vibration 
graphs as shown in Fig. 151. The upper curve represents the sound 
vibrations arriving at the ear from one fork and the second curve the 
vibrations from the other. Both waves arriving at the ear are first in 
phase, i.e., in step with each other, then out of phase, then in phase, 
then out of phase, etc. 

The resultant action of these two waves on the eardrum is repre¬ 
sented by the third line. When the waves are in phase the resultant 
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has a large amplitude equal to the sum of the amplitudes of the two. 
When they are out of phase no sound is heard. Beat notes, then, are 
just sound waves of periodically varying intensity. The number of 
beats per second, N, is determined by the difference between «2 and 
»i, the respective frequencies of the two sources producing the sound. 

Beat frequency N = « 2 — «i 

15.9. The Doppler Effect. Nearly everyone has at some time, 
perhaps without realizing it, observed the Doppler Effect. A car 
sounding its horn while passing at high speed on the highway exhibits 
the phenomenon. The pitch of the horn, as the car goes by, drops as 



Fig. 151—Vibration graphs for two musical notes of slightly different frequency. 
Sounded together the intensity rises and falls periodically, producing what is called a 
beat note. 

much as two whole notes on the musical scale. A similar observation 
can be made by listening to the roar of the motor of a racing car as it 
approaches and recedes from an observer at the race track. The 
motor seems to slow down as it passes by. Again, the pitch of the 
whistle on a fast moving train sounds higher as the train approaches 
the observer than it does after the train has passed by. 

/The explanation of this change in pitch is due to the relative mo¬ 
tions of the source of sound and the observer. To see how this pro¬ 
duces the effect consider the following example. A train at rest in 
blowing its whistle sends out waves traveling with the same velocity 
in all directions. To all stationary observers, no matter in what direc¬ 
tion -they are located, the true pitch of the whistle is heard, since just 
as many waves arrive at the ear per second as there are waves leaving 
the whistle. If, on the other hand, the train is moving as shown in 
Fig. 15J, the whistle is moving away from the waves traveling to the 
rear and toward the waves traveling forward. The result is that the 
waves behind are considerably drawn out while those in front are 
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crowded together. With each new wave sent out by the source, the 
train is farther from the preceding wave sent out to the rear and nearer 
to the one sent out ahead. An observer at 0\ therefore hears more 
waves per second and an observer at O 2 hears fewer. 

To an observer O3 or O4, at right angles and at some little distance 
from the moving source, the pitch remains unchanged. For these side 
positions the source is neither approaching nor receding from the ob¬ 
server; so that approximately the same number of waves are received 
per second as there are waves leaving the source. 



Fig. 15J—The Doppler Effect. The pitch of a whistle on a fast moving train sounds 
higher to an observer in front of the train, lower to an observer in back, and normal to 
observers off at the sides. 


If a source of sound is moving with a velocity v and has a frequency 
«, the frequency of the note heard by a stationary observer is given by 


n 


V 

V ± v ’ 


(W 


where V is the velocity of sound. The (-f) sign is used when the 
source is receding from the observer and the (—) sign when it is 
approaching. 

Turning now to where the observer is moving and the source is 
stationary we find a similar effect. An observer approaching a source 
of sound intercepts more waves per second than he would at rest, and 
the pitch of the note seems higher than normal. If, on the other hand, 
he is receding from the source, fewer waves are received and the pitch 
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is lowered. If n is the frequency of a stationary source, the frequency 
heard by an observer moving with a velocity v is given by 


n 


/ _ 


V ±v 
V ’ 


05c) 


When the observer is approaching the source the (-f-) sign is used, 
and when he is receding from it the (—) sign is used. 


QUESTIONS 

1. Briefly describe an experiment demonstrating that sound waves are trans¬ 
mitted by (a) a gas, (b) a liquid, and (c) a solid. Make a diagram for each. 

2. Briefly describe an experiment illustrating the relation between the pitch and 
the frequency of a sound wave. 

3. What are the approximate frequency limits of the normal human ear? 

4. Define (a) sound, (b) pitch, (c) decibel, (d) resonance, and (e) beats. 

5. Briefly describe an experiment that may be performed to demonstrate (a) 
beats and (b) resonance . Diagram each. 

6. What is the Doppler Effect? Illustrate by an example. 


PROBLEMS 

1. How long will it take a sound wave to travel 10 miles in (a) air and (b) 
water? 

2. Calculate the velocity of sound in air when the temperature is 30° C. 

3. If one sound is 5 decibels louder than the other, what are the relative 
energies in the two sounds? 

4. If one sound is 50 decibels louder than the other, what are the relative 
energies in the two sounds? 

5. Two organ pipes having frequencies of 264 and 396 vib/sec, respectively, 
are sounded together. What is the frequency of the beat note? 

6. The whistle on a locomotive has a frequency of 100 vib/sec. If while the 
train approaches a road crossing at the rate of 60 mi/hr it blows its whistle, 
what will be the pitch of the note heard by a stationary observer at the cross¬ 
ing? What pitch will be heard after the train has passed? 



Chapter 16 * Musical Instruments and 
Scales 


Musical instruments are often classified under one of the follow¬ 
ing heads: strings , winds , rods , plates , and bells . One who is more or 
less familiar with instruments will realize that most of these terms 
apply to the material part of each instrument set into vibration when 
the instrument is played. It is the purpose of the first half of this 
chapter to consider these vibrating sources and the various factors gov¬ 
erning the frequencies of their musical notes, and in the second part 
to take up in some detail the science of the musical scale. 

16.1. Stringed Instruments. Under the classification of strings 
we find such instruments as the violin , cello , viola, double bass , harp , 
guitar , and piano . There are two principal reasons why these instru¬ 
ments do not sound alike as regards tone quality ; first, the design of 
the instrument, and second, the method by which the strings are set 
into vibration. The violin and cello are bowed with long strands of 
tightly stretched horsehair, 


the harp and guitar are 
plucked with the fingers or 
picks, and the piano is ham¬ 
mered with light felt mallets. 

Under very special condi¬ 
tions a string may be made 



Fig. 16A —Single string vibrating with its funda¬ 
mental frequency. 


to vibrate with nodes at either 


end as shown in Fig. 16A. In this state of motion the string gives rise 
to its lowest possible note, and it is said to be vibrating with its funda¬ 


mental frequency. 

Every musician knows that a thick heavy string has a lower natural 
pitch than a thin one, that a short strong string has a higher pitch than 
a long one, and that the tighter a string is stretched the higher is its 
pitch. The G string of a violin, for example, is thicker and heavier 
than the high pitched E string, and the bass strings of the piano are 
longer and heavier than the strings of the treble. 
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Accurate measurements with vibrating strings, as well as theory, 
show that the frequency n is given by the following formula: 

n=j L VJ/m, ( 1 6 a) 

where L is the distance in centimeters between two consecutive nodes, 
F is the tension on the string in dynes, and m the mass in grams of one 
centimeter length of string. The equation gives the exact pitch of a 
string or the change in pitch due to a change in length, mass, or tension. 
If the length L is doubled the frequency is halved, i.e., the pitch is 
lowered one octave. If m is increased n decreases, and if the tension F 
is increased n increases. The formula shows that to double the fre¬ 
quency by tightening a string the tension must be increased fourfold. 



fundamental 
1st overtone 
Znd overtone 
3rd overtone 

Fig. 16B—Vibration modes for strings of musical instruments. 


16.2. Harmonics and Overtones. When a professional violinist 
plays '’in harmonics ” he touches the strings lightly at various points 
and sets each one vibrating in two or more segments as shown in 
Fig. 16B. If a string is touched at the center a node is formed at that 
point and the vibration frequency, as shown by Eq. (16*), becomes 
just double that of the fundamental. If the string is touched lightly 
at a point just one-third the distance from the end it will vibrate in 
three sections and have a frequency three times that of the fundamental. 
These higher vibration modes as shown in the figures, which always 
have frequencies equal to whole number multiples of the fundamental 
frequency », are called overtones. 

It is a simple matter to set a string vibrating with its fundamental 
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frequency and several overtones simultaneously. This is accomplished 
by plucking or bowing the string vigorously. To illustrate this, a dia¬ 
gram of a string vibrating with its fundamental and first overtone is 
shown in Fig. 16C. As the string vibrates with a node at the center 
and a frequency 2n, it also moves up and down as a whole with the 
fundamental frequency n and a node at each end. 

It should be pointed out that a string set into vibration with nodes 
and loops is but an example of standing waves, see Figs. 14K and 14L. 
Vibrations produced at one 

end of a string send a con- ^ __ 

tinuous train of waves along ^^§=|=i= 35s ““‘ : ^====§^|!l 
the string to be reflected back 

from the Other end. This is and first overtone simultaneously, 

true not only for transverse 

waves but for longitudinal or torsional waves as well. Standing waves 
of the latter two types can be demonstrated by stroking or twisting one 
end of the string of a sonometer or violin with a rosined cloth. 

16.3. Wind Instruments. Musical instruments often classified 
as "wind instruments” are usually divided into two subclasses, "wood¬ 
winds” and "brasses.” Under the heading of wood-winds we find 
such instruments as the flute, piccolo, clarinet, bass clarinet, saxophone, 
bassoon, and contra bassoon, and under the brasses such instruments as 
the French horn, cornet, trumpet, tenor trombone, bass trombone , and 
tuba (or bombardon ). 

In practically all wind instruments the source of sound is a vibrating 
air column, set into and maintained in a state of vibration by one of 
several different principles. In instruments like the saxophone, clari¬ 
net, and bassoon, air is blown against a thin strip of wood called a 
reed, setting it into vibration. In most of the brasses the musician’s 
lips are made to vibrate with certain required frequencies, while in 
certain wood-winds like the flute and piccolo air is blown across the 
sharp edge of an opening near one end of the instrument setting the 
air into vibration. 

The fundamental principles involved in the vibration of an air 
column are demonstrated by means of an experiment shown in Fig. 16D. 
A vibrating tuning fork acting as a source of sound waves is held over 
the open end of several long hollow tubes. Traveling down the tube 
•with the velocity of sound in air, each train of sound waves is reflected 
from the bottom back toward the top. If the tube is adjusted to the 
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proper length, standing waves will be set up and the air column will 
resonate to the frequency of the tuning fork. In this experiment the 
proper length of the tube for the closed pipes is obtained by slowly 
pouring water into the cylinder and listening for the loudest response. 
Experimentally, this occurs at several points as indicated by the first 
three diagrams; the first resonance occurs at a distance of one and one- 
quarter wave-lengths, the second at three-quarters of a wave-length, 
and the third at one-quarter of a wave-length. The reason for these 


(*) (b ) (c) (d) (e) (f) 



closed pipes 


Fig. 16 D—The column of air in a pipe will resonate to sound of a given pitch if the length 
of the pipe is properly adjusted. 

odd fractions is that only a node can form at the closed end of a pipe 
and a loop at an open end. This is true of all wind instruments. 

For open pipes a loop forms at both ends with one or more nodes 
in between. The first five pipes in Fig. 16D are shown responding to a 
tuning fork of the same frequency. The sixth pipe, diagram (f), is 
the same length as (d) but is responding to a fork of twice the fre¬ 
quency of the others. This note is one octave higher in pitch. In 
other words, a pipe of given length can be made to resonate to various 
frequencies. Closed pipe (a), for example, will respond to other 
forks whose waves are of the right length to form a node at the bottom, 
a loop at the top and any number of nodes in between. 

The existence of standing waves in a resonating air column may be 
demonstrated by a long hollow tube filled with illuminating gas as 
shown in Fig. 16E. Entering through an adjustable plunger at the left 
the gas escapes through tiny holes spaced at regular intervals in a row 
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along the top. Sound waves from an organ pipe enter the gas column 
by setting into vibration a thin rubber sheet stretched over the right- 
hand end. When resonance is attained by sliding the plunger to the 
correct position, the small gas flames will appear as shown. Where 
the nodes occur in the vibrating gas column the air molecules are not 
moving, see Fig. 14L (b) ; at these points the pressure is high and the 
flames are tallest. Half way between are the loops; regions where the 
molecules vibrate back and forth with large amplitudes, and the flames 
are low. Bernoulli’s principle is chiefly responsible for the pressure 


gas flames 


organ pipe 


X 




N L 

"illuminatim 


N 


N 


N 
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airblast 


Fig. 16E—Standing waves in a long tube containing illuminating gas. 


differences, see Sec. 10.8, for where the velocity of the molecules is 
high the pressure is low, and where the velocity is low the pressure 
is high. 

The various notes produced by most wind instruments are brought 
about by varying the length of the vibrating air column. This is illus¬ 
trated by the organ pipes in Fig. 16F. The longer the air column the 
lower the frequency or pitch of the note. In a regular concert organ 
the pipes vary in length from about six inches for the highest note to 
almost sixteen feet for the lowest. For the middle octave of the musical 
scale the open-ended pipes vary from two feet for middle C to one 
foot for C 1 one octave higher. In the wood-winds like the flute the 
length of the column is varied by openings in the side of the instru¬ 
ment and in many of the brasses like the trumpet, by means of valves. 
A valve is a piston which on being pressed down throws in an addi¬ 
tional length of tube. 

The frequency of a vibrating air column is given by the following 
formula, 
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where L is the length of the air column, K is a number representing 
the compressibility of the gas, p is the pressure of the gas, and d is its 
density. The function of each factor in this equation has been verified 
by numerous experiments. The effect of the length L is illustrated in 
Fig. 16F. To lower the frequency to half-value the length must be 
doubled. The effect of the density of a gas on the pitch of a note may 
be demonstrated by a very interesting experiment with the human 
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Fig. 16F—Organ pipes arranged in a musical scale. The longer the pipe the lower is 
its fundamental frequency and pitch. The vibrating air column of the flute is terminated 
at various points by openings along the tube. 


voice. Voice sounds originate in the vibrations of the vocal cords in 
the larynx. The pitch of this source of vibration is controlled by mus¬ 
cular tension on the cords, while the quality is determined by the size 
and shape of the throat and mouth cavities. If a gas lighter than air 
is breathed into the lungs and vocal cavities, the above equation shows 
that the voice should have a higher pitch. The demonstration can be 
best and most safely performed by breathing helium gas, whose effect 
is to raise the voice about two and one-half octaves. The experiment 
must be performed to be fully appreciated. 

16.4. Edge Tones. When wind or a blast of air encounters a 
small obstacle, little whirlwinds are formed in the air stream behind 
the obstacle. This is illustrated by the cross-section of a flue organ 
pipe in Fig. 16G. Whether the obstacle is long, or a small round 
object, the whirlwinds are formed alternately on the two sides as shown. 
The air stream at B waves back and forth, sending a pulse of air first 
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up one side and then the other. Although the wind blows through 
the opening A as a. continuous stream, the separate whirlwinds going 
up each side of the obstacle become periodic shocks to the surrounding 
air. Coming at perfectly regular intervals these pulses give rise to a 
musical note often described as the whistling of the 
wind. These notes are called "edge tones.” 

The number of whirlwinds formed per second, 
and therefore the pitch of the edge tone, increases 
with the wind velocity. When the wind howls 
through the trees the pitch of the note rises and 
falls, its frequency at any time denoting the velocity 
of the wind. For a given wind velocity smaller 
objects give rise to higher pitched notes than large 
objects. A fine stretched wire or rubber band when 
placed in an open window or in the wind will be set 
into vibration and give out a musical note. Each 
whirlwind shock to the air reacts on the obstacle 
(the wire or rubber band), pushing it first to one 
side and then the other. These are the pushes that 
cause the reed of a musical instrument to vibrate 
and the rope of a flagpole to flap periodically in the 
breeze, while the waving of the flag at the top of a 
pole shows the whirlwinds that follow each other 
along each side. 

These motions are all "forced vibrations” in that 
they are forced by the wind. A stretched string or 
the air column in an organ pipe has its own natural across the lip of an 
frequency of vibration which may or may not coin- OI £ a " . p ! pe . sets , up 

t J J ' whirlwinds along both 

ride with the frequency of the edge tone. If they do sides of the partition, 
coincide, resonance will occur, the string or air 
column will vibrate with a large amplitude, and a loud sound will result. 
If the edge tone has a different frequency than the fundamental of the 
string, or air column, vibrations will be set up but not as intensely as 
before. If the frequency.of the edge tone of an organ pipe, for example, 
becomes double that of the fundamental, and this can be obtained by a 
stronger blast of air, the pipe will resonate to double its fundamental 
frequency and give out a note one octave higher. 

16.5. Vibrating Rods. If a number of small sticks are dropped 
upon the floor the sound that is heard is described as a noise. If one 



| air 

Fig. 16G—A steady 
stream of air blown 
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stick alone is dropped one would also describe the sound as a noise, 
unless, of course, a set of sticks of varying lengths are arranged in 
order of length and each one dropped in its order. If this is done, one 
notices that each stick gives rise to a rather definite musical note and 
the set of sticks to a musical scale. The use of vibrating rods in the 
design of a musical instrument is to be found in the xylophone, the 
marimba, and the triangle. Standing waves in a rod, like those in a 
stretched string, may be any one of three different kinds, transverse, 
longitudinal, and torsional. Only the first two of these modes of vi¬ 
bration will be treated here. 

Transverse waves in a rod are usually set up by supporting the rod 
at points near each end and striking it a blow at or near the center. As 



Fig. 16H—The bars of the marimba or xylophone vibrate transversely with nodes near 

each end. 


illustrated in Fig. l6H(a) the center and ends of the rod move up and 
down, forming nodes at the two supports. Like a stretched string of 
a musical instrument, the shorter the rod the higher is its pitch, and 
the longer and heavier the rod the lower is its frequency of vibration 
and pitch. 

The xylophone is a musical instrument based upon the transverse 
vibrations of wooden rods of different lengths. Mounted as shown in 
Fig. l6H(b) the longer rods produce the low notes and the shorter 
ones the higher notes. The marimba is essentially a xylophone with 
a long, straight hollow tube suspended vertically under each rod. Each 
tube is cut to such a length that the enclosed air column will resonate 
to the sound waves sent out by the rod directly above. Each resonator 
tube, being open at both ends, forms a node at its center. 

Longitudinal vibrations in a rod may be set up by clamping a rod 
at one end or near the center and stroking it with a rosined cloth. 
Clamped in the middle as shown in Fig. 161 the free ends of the rod 
move back and forth while the middle is held motionless, maintaining 
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a node at that point. Since the vibrations are too small to be seen 
with the eye a small ivory ball is suspended near the end as shown. 
The bouncing of this ball is indicative of the strong longitudinal vi¬ 
brations. This type of vibra¬ 


tion in a rod is not used in 
musical instruments. 

16.6. Vibrating Plates. 
Although the drum or the 
cymbals should hardly be 
called musical instruments 



Fig. 161—Diagram of a rod vibrating longitu¬ 
dinally with a node at the center. 


they are classified as such and made use of in nearly all large orchestras 
and bands. The noise given out by a vibrating drumhead or cymbal 
plate is in general due to the high intensity of certain characteristic 


overtones. These overtones in turn are due to the very complicated 
modes of vibration of the source. 


Cymbals consist of two thin metal disks with handles at the centers. 
Upon being struck together their edges are set into vibration with a 
clang. A drumhead, on the other hand, is a stretched membrane of 



Fig. 16J—Chladni’s sand figures showing the nodes and loops of ( a) a vibrating drum¬ 
head (clamped at the edge) and ( b ) a vibrating cymbal plate (clamped at the center). 

leather held tight at the periphery and is set into vibration by being 
struck a blow at or near the center. 

To illustrate the complexity of the vibrations of a circular plate, 
two typical sand patterns are shown in Fig. 16J. The sand pattern 
method of studying the motions of plates was invented in the 18th 
century by Chladni, a German physicist. A thin circular metal plate 
is clamped at the center C and sand sprinkled over the top surface. 
Then while touching the rim of the plate at two points N i and N 2 a 
violin bow is drawn down over the edge at a point L. Nodes are 
formed at the stationary points N i and N 2 and loops in the regions of 
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L\ and Li. The grains of sand bounce away from the loops and into 
the nodes, the regions of no motion. At one instant the regions marked 
with a -J- sign all move up, while the regions marked with a — sign 
all move down. Half a vibration later the -|- regions are moving 
down and the — regions up. Such diagrams are called Chladni’s sand 
figures. 

With cymbal plates held tightly at the center by means of handles 
a node is always formed there, and loops are always formed at the 
periphery. With a drumhead, on the other hand, the periphery is 
always a node and the center is sometimes but not always a loop. 

16.7. Bells. In some respects a bell is like a cymbal plate, for 
when it is struck a blow by the clapper, the rim in particular is set 




Fig. 16K—Experiment illustrating that the rim of a bell or glass vibrates with nodes 

and loops. 


vibrating with nodes and loops distributed in a symmetrical pattern 
over the whole surface. The vibration of the rim is illustrated by a 
diagram in Fig. l6K(a) and by an experiment in diagram (b). Small 
cork balls are suspended by threads around and just touching the out¬ 
side rim of a large glass bowl. A violin bow drawn across the edge 
of the bowl will set the rim into vibration'with nodes at some points 
and loops at others. The nodes are always even in number just as they 
are in cymbal plates and drumheads, and alternate loops move in while 
the others move out. 

Strictly speaking, a bell is not a very musical instrument. This is 
due to the very complex vibrations of the bell surface giving rise to so 
many loud overtones. Some of these overtones harmonize with the 
fundamental while others are discordant. 

16.8. The Musical Scale. The musical scale is based upon the 
relative frequencies of different sound waves. The frequencies are so 
chosen that they produce the greatest amount of harmony. Two notes 
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are said to be harmonious if they are pleasant to hear. If they are not 
pleasant to hear they are discordant. 

The general form of the musical scale is illustrated by the symbols, 
letters, terms, and simple fractions given in Fig. 16L. 

The numbers indicate that whatever the frequency of the tonic C, 
the frequency of the octave C 1 will be twice as great, that G will be 
three halves as great, F four thirds as great, etc. These fractions below 


— 

' - 6 ^ 

ff 


Is 

J o :,o :° „„_ 


iomc second fourth fifth S w&h octave 

Fig. 16L—Diagram giving the names, and fractional ratios of the frequencies, of the 
different tone intervals on the diatonic musical scale. 


each note are proportional to their frequencies in whatever octave of 
the musical scale the notes are located. 

The musical pitch of an orchestral scale is usually determined by 
specifying the frequency of the A string of the first violin, although 
sometimes it is given by middle C on the piano. In the history of 
modern music the standard of pitch has varied so widely and changed 
so frequently that no set pitch can universally be called standard.* 
For many scientific purposes the A string of the violin is tuned to a 
frequency of 440 vib/sec, while in a few cases the slightly different 
scale of 256 vib/sec is used for the tonic, sometimes called middle C. 

16.9. The Diatonic Scale. The middle octave of the diatonic 
musical scale is given in Fig. 16M assuming as a standard of pitch 
A = 440. The vocal notes usually sung in practicing music are given 
in the second row. The ratio numbers are the smallest whole numbers 
proportional to the scale ratios and to the actual frequencies. 

The tone ratios given at the bottom of the scale indicate the ratio 
between the frequencies of two consecutive notes. Major tones have 
a ratio of 8 : 9, minor tones a ratio of 9 : 10, and diatonic semitones a 

* For a brief historical discussion of normal standards of pitch the student 
is referred to the book "The Science of Musical Sounds” by D. C. Miller. For 
other treatments of the science of music see "Sound” by Capstick, "Science and 
Music” by James Jeans, and "Sound and Music” by J. A. Zahn. 
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ratio 15 : 16. (The major and minor tones on a piano are called 
tv hole tones and the semitones are called half tones.) 

Other tone intervals of interest to the musician are the following: 


Interval Frequency Ratio Examples 

Octave. 1:2 CC 1 , DD l , EE 1 

Fifth. 2:3 CG, EB, GD l 

Fourth. 3:4 CF, EA, GC 1 

Major third. 4:5 CE, FA, GB 

Minor third. 5:6 EG, AC 1 

Major sixth. 3 : 5 CA, DB, GE l 

Minor sixth. 5:8 EC 1 , AF 1 


A scientific study of musical notes and tone intervals shows that 
harmony is based upon the frequency ratios between notes. The 
smaller the whole numbers giving the ratio between the frequencies of 
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Fig. 16M—The diatonic musical scale illustrated by the middle octave with C as the 
tonic and A = 440 as the standard pitch. 


two notes the more harmonious, or consonant, is the resultant. Under 
this definition of harmony the octave, with a frequency ratio of 1 : 2, 
is the most harmonious. Next in line comes the fifth with a ratio 2 : 3, 
followed by the fourth with 3 : 4, etc. The larger the whole numbers 
the more discordant, or dissonant, is the interval. 

Helmholtz was the first to give a physical explanation of the various 
degrees of consonance and harmony of these different intervals. It is 
based in part upon the beat notes produced by two notes of the interval. 

As shown by Eq. (15^) the beat frequency between two notes is 











Chap. 16] ^Musical Instruments and Scales 209 

equal to their frequency difference. Consider, for example, the two 
notes C and G of the middle octave in Fig. 16M. Having frequencies 
of 264 and 396, the beat frequency is the difference, or 132. This is a 
frequency fast enough to be heard by the ear as a separate note, and in 
pitch is one octave below middle C. Thus in sounding the fifth, C and 
G, three harmonious notes are heard, 132, 264, 396. They are har¬ 
monious because they have ratios given by the smallest whole numbers 
1:2:3. 

Harmonious triads or chords are formed by three separate notes 
each of which forms a harmonious interval with the other two, while 
the highest and lowest notes are less than an octave apart. Since there 
are but six such triads they are shown below. 


Harmonic Triads or Chords 

Frequency Ratio 

Example 

Major third followed by 

minor third... 

.. 4:5:6 

c 

E 

G 

4* “ “ “ 

fourth. 

3:4:5 

C 

F 

A 

Minor third 

major third. . . 

.. 5 : 6, 4 : 5 

E 

G 

B 

Minor third 

fourth. 

5 : 6, 3 : 4 

E 

G 

c 1 

Fourth 

major third. . . 

4 : 5, 3 : 4 

C 

E 

A 

Fourth 

minor third. . . 

3 : 4, 5 : 6 

E 

A 

C 1 


Consider the beat notes or difference tones between the various pairs 
of notes in the second triad above. The notes themselves have fre¬ 
quencies C — 264, F — 352, and A — 440. The difference tones 
F-C = 88, A-F ~ 88, and A-C — 176. Being exactly one and two 
octaves below C, one of the notes of the triad, they are in harmony 
with each other. Grouping the first two beat frequencies as a single 
note, all the frequencies heard by the ear have the frequencies 88, 
176, 264, 352, and 440. The frequency ratios of these notes are 
1 : 2 : 3 : 4 : 5, the first five positive whole numbers. 

16.10. The Chromatic Scale. Contrary to the belief of many 
people the sharp of one note and the flat of the next higher major or 
minor tone are not of the same pitch. The reason for this false im¬ 
pression is that on the piano the black keys represent a compromise. 
The piano is not tuned to the diatonic scale but to an equal tempered 
scale. Experiments with eminent musicians, and particularly violinists, 
have shown that they play in what is called pure intonation, that is, to 
a chromatic scale and not according to equal temperament as will be 
described in the next section. 

On the chromatic scale of the musician the ratio between the fre¬ 
quency of one note and the frequency of its sharp or flat is 25 : 24. 
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This ratio is just the difference between a diatonic semitone and a minor 
tone, i.e.^tyie %o = 2 % 4 - The actual frequencies of the various 
sharps and flats for the middle octave of the chromatic scale, based 
upon A = 440, are shown above in Fig. 16N. C* for example has 


C*D b D*E b 

_ Z7S 289.1 309.4 3/6.8 _ 

c I I D II E 


F*G b G*A b A*B b 

3667 3802 4)25 422.4 4S&3 47S.Z „ 

F \ \ & I I A,, B 


major tone 

minor tone 

semi¬ 

tone 

major tone 


major tone 



Fig. 16N—Scale diagrams showing the diatonic and chromatic scale above and the equal 

tempered scale below. 


a frequency of 275 whereas D b is 285.1. This is a difference of 
10 vib/sec, an interval easily recognized at this pitch by most every¬ 
one. (The sharps and flats of the semitone intervals are not shown.) 

16.11. The Equal Tempered Scale. The white keys of the 
piano are not tuned to the exact frequency ratios of the diatonic scale; 

they are tuned to an 
tempered scale. Each 
is divided into twelve 
black rat i° intervals as illustrated 
keys below in Fig. 16N. The 
whole tone and half tone in¬ 
tervals shown represent the 
white white keys of the piano, as 
keys indicated in Fig. 160, and 
the sharps and flats represent 

Fig. 160—The equal tempered scale of the lb® black keys. Including 

piano illustrating the frequencies of the middle the black keys all twelve 

octave based upon A = 440 as the standard pitch. . , . 

tone intervals in every octave 
are exactly the same. The frequency of any note in the equal tempered 
scale turns out to be 6 percent higher than the one preceding it. More 
accurately, the frequency of any one note multiplied by the decimal 


Z77.I 311.0 370.1 415.5 466.4 



261.6 293 .7 329.6 349.2 392 440 493.9 523.2 
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1.05946 gives the frequency of the note one-half tone higher. For 
example, A = 440 multiplied by 1.05946 gives A s or B b as 466.1 vib/ 
sec. Similarly, 466.1 X 1.05946 gives 493.9. 

The reason for tuning the piano to an equal tempered scale is to 
enable the pianist to play in any key and yet stay within a given pitch 
range. In so doing, any given composition can be played within the 
range of a given person’s voice. In other words, any single note can 
be taken as the tonic of the musical scale. 

Although the notes of the piano are not quite as harmonious as if 
they were tuned to a diatonic scale, they are not far out of tune. This 
can be seen by a comparison of the actual frequencies of the notes of 
the two scales in Fig. 16N. The maximum differences amount to about 
1 percent, which for many people is not noticeable, particularly in a mod¬ 
ern dance orchestra. To the average musician, however, the difference is 
too great to be tolerated, and this is the reason most symphony orchestras 
do not include a piano. The orchestral instruments are usually tuned 
to the A string of the first violin and played according to the chromatic 
and diatonic scale. 

16.12. Quality of Musical Notes. Although two musical notes 
have the same pitch and intensity they may differ widely in tone quality. 
Tone quality is determined by the number and intensity of the over¬ 
tones present. This is illustrated by an examination either of the vi¬ 
brating source or of the sound waves emerging from the source. There 
are numerous experimental methods by which this is accomplished. 

A relatively convenient and simple demonstration is given in 
Fig. 16P, where the vibrating source of sound is a stretched piano 
string. Light from an arc lamp is passed over the central section of 
the string which, except for a small vertical slot, is masked by a screen. 
As the string vibrates up and down the only visible image of the string 
is a very short section as shown at the right, and this appears blurred. 
By reflecting the light in a rotating mirror the section of wire draws 
out a wave W on a distant screen. 

If a string is made to vibrate with its fundamental alone, its own 
motion or that of the emitted sound waves have the form shown in 
diagram (a) of Fig. 16Q. If it vibrates in two segments or six seg¬ 
ments (see Fig. 16B) the wave forms will be like those in diagrams (b) 
and (c) respectively. Should the string be set vibrating with its fun¬ 
damental and first overtone simultaneously, the wave form will appear 
something like diagram (d). This curve is the sum of (a) and (b) 
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and is obtained graphically by adding the displacement of correspond¬ 
ing points. If in addition to the fundamental a string vibrates with 



Fig. 16P—Diagram of an experiment demonstrating the vibratory motion of a stretched 

string. 


the first and fifth overtones the wave will look like diagram (e). This 
is like diagram (d) with the fifth overtone added to it. 

• It is difficult to make a string vibrate with its fundamental alone. 
As a rule there are many overtones present. Some of these overtones 



fundamental 



1st overtone 


5th overtone 



(a) Hb) 


f«) 



(a)Hb)t(c) 


Fig. 16Q—Illustrating the form of the sound waves resulting from the addition of over- 

tones to the fundamental. 


harmonize with the fundamental and some do not. Those which har¬ 
monize are called harmonic overtones, and those which do not are 
called anhamonic overtones. If middle C = 264 is sounded with its 
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first eight overtones, they will have 2, 3, 4, 5, 6, 7, and 8 times 
264 vib/sec. These on the diatonic scale will correspond to notes 
C 1 , G 1 , C 2 , E 2 , G 2 , X, and C 3 . All of these except X, the sixth over¬ 
tone, belongs to some harmonic triad. This sixth overtone is anhar- 
monic and should be suppressed. In a piano this is accomplished by 
striking the string one-seventh of its length from one end, thus pre¬ 
venting a node at that point. 

16.13. The Ranges of Musical Instruments. The various octaves 
above the middle of the musical scale are often labeled with numerical 
superscripts as already illustrated, while the octaves below the middle 
are labeled with numerical subscripts. 

The top curve in Fig. 16Q is typical of the sound wave from a 
tuning fork, whereas the lower one is more like that from a violin. 
The strings of a violin are tuned to intervals of the fifth, G i == 198, 
D — 297, A = 440, and E 1 = 660. The various notes of the musical 
scale are obtained by touching a string at various points, thus shorten¬ 
ing the section which vibrates. The lowest note reached is with the 
untouched Gi string and the highest notes by the E 1 string fingered 
about two-thirds of the way up toward the bridge. This gives the 
violin a playing range, or compass, of 3^2 octaves, from G i= 198 to 
C 3 = 2112. 

The viola is slightly larger in size than the violin but has the same 
shape and is played with slightly lower pitch and more sombre tone 
quality. Reaching from C\ to C 2 , it has a range of three octaves. 

The cello is a light bass violin which rests on the floor, is played 
with a bow, has four strings pitched one octave lower than the viola, 
C 2 , <J 2 , D x, and Ai, and has a heavy rich tone quality. The double 
bass is the largest of the violin family, rests on the floor and is played 
with a bow. The strings are tuned to two octaves below the viola and 
one octave below the cello. In modern dance orchestras the bow is 
often discarded and the strings are plucked with the fingers. 

Of the wood-wind instruments the flute is nearest to the human 
voice. It consists essentially (see Fig. 16R) of a straight narrow tube 
about 2 feet long and is played by blowing air from between the lips 
across a small hole near the closed end. The openings along the tube 
are for the purpose of terminating the vibrating air column at various 
points. See Fig. 16F. With all holes closed a loop forms at both 
ends with a node in the middle. See Fig. l6D(d). As each hole is 
opened one after the other, starting from the open end, the vibrating 
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air column with a loop at the opening grows shorter and shorter, giving 
out higher and higher notes. To play the scale one octave higher, one 
blows harder to increase the frequency of the edge tones and set the 
air column vibrating, as in Fig. l6D(e), with three loops and two 
nodes. Starting at middle C the flute can be extended in pitch for two 
octaves, up to C 2 . The piccolo is a small flute, 1 foot long, and sings 
one octave higher. The tone is shrill and piercing and the compass 
iis C 1 to A 2 . 

The oboe is a melodic double-reed keyed instrument, straight and 
about 2 feet long. It has a reedy yet beautiful quality, and starting at 



Fig. 16R—Musical instruments. Brasses: (a) horn, ( b) bugle, (c) cornet, ( d) trombone. 

Wood-winds: ( e) flute, (/) oboe, and (g) clarinet. 

Bi has a range of about two octaves. The clarinet , sometimes called 
the violin of the military band (see Fig. 16R), is a single-reed instru¬ 
ment about 3 feet long. It has a range of over three octaves starting 
at Ei. The bass clarinet is larger than the clarinet, but has the same 
shape and plays one octave lower in pitch. 

The bassoon is a bass double-reed keyed instrument about 4 feet 
long. The tone is nasal and the range is about two octaves starting 
at 23 b 3 . 

The horn is a coiled brass tube about 12 feet in length (see Fig. 16R) 
but interchangeable according to the number of crooks used. It has 
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a soft mellow tone and starting at C 2 has a range of three octaves. 
The cornet, not usually used in symphony orchestras (see Fig. 16R), is 
a coiled conical tube about 4\/ 2 feet long with three valves. It has a 
mellow tone starting at middle C and extends for two octaves. The 
trumpet is a brass instrument having a similar shape as, and slightly 
larger than, the cornet. Having three valves, it extends to two octaves 
above middle C. The purpose of the valves is to vary the length of 
the vibrating air column. 

The trombone is a brass instrument played with a slide, is a conical 
tube about 9 feet long when straightened (see Fig. 16R), and has a 
tone range from F2 to C 1 . Since the length of the vibrating air column 
can be varied at will it is easily played to the chromatic scale. The 
tuba is the largest of the saxhorns and has a range from F3 to Fi. 


A 



Fig. 16 S—Diagram of a phonodeik. An instrument for observing the form of sound waves. 


The bugle (see Fig. 16R) is not capable of playing to the musical 
scale but sounds only certain notes. These notes are the harmonic 
overtones of a fundamental frequency of about 66 vibrations per sec¬ 
ond. With a loop at the mouthpiece, a node in the center, and a loop 
at the flared end, this requires a tube 8 feet long. The second, third, 
fourth, and fifth overtones have the frequencies 66 X3 = 198, 66 X 
4 = 264, 66 X 5 = 330, and 66 X 6 = 396 corresponding to G lf 
C, E, and G , the notes of the bugle. By making the lips vibrate to 
near these frequencies the air column is set resonating with 3, 4, 5, or 
6 nodes between the two open ends. 

16.14. The Phonodeik. The phonodeik is an instrument designed 
by D. C. Miller for photographing the minute details and wave forms 
of all audible sounds. The instrument consists of a sensitive diaphragm 
D (see Fig. 16S), against which the sound waves to be studied are 
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allowed to fall. As the diaphragm vibrates back and forth under the 
impulses of the sound waves the thread T winds and unwinds on the 
spindle S, turning the tiny mirror M up and down. A beam of light 
from an arc lamp A and lens L is reflected from this mirror onto a ro¬ 
tating mirror RM. As RM spins around the light sweeps across a dis¬ 
tant screen, tracing out the sound wave. The trace may be either pho¬ 
tographed or observed directly on the screen. Persistence of vision 
enables the whole curve to be seen for a fraction of a second. 

Several sound curves photographed by Miller are redrawn in 
Fig. 16T. In every graph except the one of the piano, the sound is 




Fig. 16T—Various types of sound waves in music as observed with a phonodeik or cathode 

ray oscillograph. 


maintained at the same frequency so that the form of each wave, no 
matter how complex, is repeated the same number of times. The 
tuning fork is the one instrument which is readily set vibrating with 
its fundamental alone and none of its harmonics. Although each 
different instrument may sound out with the same note, that is, the 
same fundamental, the various overtones present and their relative 
loudness determines the quality of the note identified with that 
instrument. 

QUESTIONS 

1. Name the five classes of musical instruments and give at least one example 
of each. 

2. What three factors determine the fundamental frequency of a vibrating 
string? How does the frequency change as each of these factors is changed? 
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3. What four factors determine the fundamental frequency of a vibrating air 
column? How does the frequency change as each of these factors is changed? 

4. Define or explain each of the following: (a) fundamental frequency, (b) 
overtones, (c) harmonics, (d) edge tones, (e) anharmonic overtones. 

5. Diagram one octave of the diatonic musical scale showing (a) scale notes, 
(b) vocal notes, (c) ratio numbers, (d) frequencies, (e) scale ratios, and 
(f) tone ratios. 

6. What is the essential difference between the diatonic and the even tempered 
musical scales? 

7. Illustrate each of the following musical intervals by giving the scale notes 
and frequency ratios: (a) octave, (b) fifth, (c) fourth, (d) major third, 
(e) minor third, (f) major sixth, (g) minor sixth, (h) major seventh, 
(i) major tone, (j) minor tone, and (k) semitone. 

8. Briefly explain the chromatic scale. 

PROBLEMS 

1. A piano string 100 cm long, with a mass of 0.1 gm per cm length, is under 
a tension of forty million dynes. Find the fundamental frequency. 

2. Find the tension in the A string of a violin assuming the length to be 50 cm 
and the mass per cm length of string to be 0.04 gm. 

3. If both ends of an organ pipe, 4 ft long, are open find its fundamental 
frequency. 

4. Calculate the frequencies of the notes on the diatonic musical scale of 
Fig. 16M, for (a) the first octave above, and (b) the first octave below the 
one shown. 

5. Give the frequencies of the first eight harmonic overtones and the first 
four anharmonic overtones to middle C having a frequency of 264 vib/sec. 




Part V 

Electricity and 
Magnetism 




Chapter 17 * Electricity at Rest 

When the question is asked "what is electricity?" the answer is 
often given that "no one knows.” This all too frequent answer is 
far from being correct and it is hoped that as the next several chapters 
are studied in detail the reader will become more and more convinced 
that science, as a branch of knowledge, knows a great deal about elec¬ 
tricity. It is possible to explain its behavior under numerous and varied 
conditions, to design electrical equipment like motors, generators, and 
transformers with great precision and efficiency, and to even say of 
what electricity is composed. 

This statement is not to be misinterpreted to mean that science 
knows everything about electricity. We still have much to learn, for¬ 
tunately, for if everything were known about electricity, and to this can 
be added all branches of knowledge, the world about us would be a 
dull place in which to live. 

17.1. Electrification by Friction. It is impossible to say when 
electricity was first discovered. Records show that as early as 600 B.C. 
the attractive properties of amber were known. Thales of Miletus 
(640-546 B.C.) , one of the "seven wise men” of ancient Greece, is 
credited with having observed the attraction of amber, when previously 
rubbed, for small fibrous materials and bits of straw. Amber was 
used by these people even as it is now, for ornamental purposes. Just 
as the precious metals had their names of gold and silver, so amber 
had its name "electron.” 

Although the electrification of amber by friction was handed down 
from one writer to another, nothing new about the phenomenon was 
discovered for over two thousand years. It was not until the beginning 
of the seventeenth century that Sir William Gilbert * announced the 

* Sir William Gilbert (1540-1603), court physician to Queen Elizabeth and 
a noted philosopher and experimental physicist. In 1600 he published a book 
on magnetism, "De Magnete.” This book was full of valuable facts and experi¬ 
ments on electricity and magnetism, and among other things contained many 
criticisms of his contemporaries, predecessors and the early philosophers. Says 
he in his preface: "Why should I submit this new philosophy to the judgment 
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discovery that many substances can be electrified by friction. Gilbert 
named this effect "electric” after the word "electron.” It is now a well- 
established fact that all bodies when rubbed together become electrified 
and that amber is just one of a number of substances which show the 
effect most strongly. 

17.2. Electrostatic Attraction. The word electrostatic means 
electricity at rest, and the word attraction refers to the force exerted by 
one body upon another at a distance. To demonstrate electrostatic at¬ 
traction one often uses a rubber or amber rod and rubs it with a piece 
of flannel or fur. This electrifies the rod so that when it is held close 
over some small bits of paper they jump up to the rod and hold fast. 


wooden arrow 



rubber rod. 

Fig. 17A—A rubber rod, electrified by rubbing against a piece of fur, attracts wood as 
shown by the turning of the arrow. 

The attraction of an electrified rubber rod for wood is illustrated 
in Fig. 17A. A small arrow cut from a piece of dry wood is mounted 
so that it is free to turn as shown. When the electrified rubber rod is 
brought near to the pointed end of the arrow it attracts the wood, turn¬ 
ing the arrow until it points toward the rod. Brought near the opposite 
end, the wood is again attracted, turning the arrow to point away from 
the rubber rod. 

An ordinary hard rubber comb when drawn through the hair be¬ 
comes charged with electricity and will attract light objects in the same 
way. So great are the electrical charges produced on a comb sometimes 
that tiny sparks can be seen to jump between the comb and hair. This 
is particularly noticeable in a darkened room. These sparks are the 
cause for the crackling noise so often heard when combing the hair. 

of men who have taken oaths to follow the opinions of others, to the most sense¬ 
less corrupters of the arts, to lettered clowns, grammatists, sophists, spouters, 
and the wrong-headed rabble. To you alone true philosophers, ingenious minds, 
who not only in books but in things themselves look for knowledge, have I 
dedicated these foundations of magnetic science.” So strongly does he advocate 
here, and carry out, himself, the experimental method that he is to be classed 
as a scientist with his contemporary Galileo "the father of modern physics.” 
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An ordinary sheet of writing paper placed on the panel of a door 
or other similar flat surface and rubbed will hold fast and remain there 
for some little time without falling down. 

17.3. Electricity -)- and —. When two different substances are 
rubbed together and then separated, both are found to be electrified, 
one with one kind of electricity and the other with another. To illus¬ 
trate this, one end of a rubber rod is charged by rubbing with fur and 
then suspended in a small wire stirrup as shown in Fig. 17B. When 
the electrified end of a similarly charged rod is brought close by as 
shown in diagram (a) the suspended rod turns away, showing repul¬ 
sion. If the fur is brought close by in place of the rubber, the sus- 



Fig. 17B—Like charges of electricity repel each other and unlike charges attract. 

pended rod is attracted and turns toward the fur. When a glass rod, 
previously rubbed with silk, is brought close by as in diagram (b) there 
is attraction, and when the silk is brought up there is repulsion. 

Since the fur, as well as the glass, attracts the electrified rubber rod, 
they each have the same kind of electrification. They are said to be 
positively charged. By similar notation the rubber and silk by their 
actions are said to be negatively charged. Positive charges are desig¬ 
nated by a 4 - sign and negative charges by a — sign. 

Not only do the above experiments indicate the existence of two 
kinds of electrification but also demonstrate a rule concerning the action 
of one kind on another. Diagram (a) showing a negatively charged 
rubber rod repelling a similar rod shows that two negative charges repel 
each other. Diagram (b) shows that positive and negative charges 
attract each other, and diagram (c) that two positive charges repel 
each other. The general law can therefore be stated that like charges 
repel and unlike charges attract. 
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17.4. Theory of Electrification. Historically there have been 
two outstanding theories of electrification, the one-fluid theory of Ben¬ 
jamin Franklin * and the two-fluid theory of Charles Du Fay. Accord¬ 
ing to the two-fluid theory all objects contain equal amounts of two 
fluids. When two different substances are rubbed together one kind of 
fluid (positive) is spread over one object and the other kind of fluid 
(negative) over the other. 

According to the one-fluid theory of Franklin all bodies contain a 
certain specified amount of an "electric fire” or fluid to keep them in 
an uncharged or neutral state. When two objects are rubbed together 
one accumulates an excess of fluid and becomes positively charged 
while the other loses fluid and becomes negatively 
charged. To Franklin we owe the terms "plus” 
and "minus,” "positive” and "negative electricity.” 

Both of these theories are in part correct, for 
now we know the mechanism by which bodies be- 
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© come electrified by friction. The modern theory is 
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based upon the principle already put forward that 
all substances are made of atoms and molecules. 
Each atom contains a nucleus having a known 
amount of positive charge. See Fig. 17C. This 
positive charge is due to the presence in the nucleus 
of a certain number of protons. All protons are 
alike and have the same mass and positive charge. 
Around every atomic nucleus there are a number 
of negatively charged particles called electrons. 

Normally each atom of a substance is electrically neutral; in other 
words, it has equal amounts of negative and positive charge. Since 
each electron has the same amount of charge as every other electron 
and the same in amount as every proton but of opposite sign, there 
are just as many protons in every nucleus as there are electrons around 
the outside. While protons are much smaller than electrons in si 2 e 


Fig. I7C—Schematic 
diagram of a neon atom 
showing its nucleus at 
the center with ten 
positive charges (called 
protons) surrounded on 
the outside by ten nega¬ 
tive charges (called 
electrons). 


♦Benjamin Franklin (1706-1790). From printer’s apprentice as a youth 
he became a man of unusual powers, not only in politics and diplomacy but 
also in scientific research. His most famous scientific achievement was the 
discovery of the electrical nature of lightning. This he did by flying a kite 
into the clouds on a stormy day and noting the electrical sparks at the ground 
end of the kite string (a copper wire). Among his manv practical applications 
of scientific discoveries he invented the lightning rod and made the first pair of 
bifocal eyeglasses. 
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they contain the bulk of the mass of every atom. One proton, for ex¬ 
ample, weighs nearly two thousand times as much as an electron. The 
electrons therefore are light particles or objects around a small but 
relatively heavy nucleus. 

Individual atoms or large groups of atoms and molecules have an 
affinity, an attraction, for additional electrons over and above the exact 
number which will just neutralize the positive charges of the nuclei. 
This attraction of the atoms for more than a sufficient number of elec¬ 
trons varies considerably from atom to atom and substance to sub¬ 
stance. When, therefore, two different substances are brought into 
contact, the substance with greater electron affinity seizes nearby elec¬ 
trons from the other and thus acquires a net negative charge. Such is 
the case, for example, with rubber and amber when rubbed with fur. 
Having a strong affinity for electrons, both of these solids become 
strongly negative, whereas the fur becomes deficient of electrons and 
thereby positively charged. 

One of the questions which science has not yet been able to answer 
is why do like charges repel and unlike charges attract. Science has 
progressed in modem times only because the scientist has ceased look¬ 
ing for the "why” of things and turned to an objective study of the 
"how” of things. The question cannot be dismissed with this flippant 
attitude, for the time will come when progress will enable one to answer 
at least in part "why.” Einstein, by an extension of his generalized 
theory of relativity, has been taking steps in this direction. 

17.5. The Electroscope. An electroscope is an instrument for 
measuring the kind and quantity of electrical charge. A thin strip of 
gold leaf is fastened to the side of a long narrow rod of metal and 
mounted in a metal and glass box. See Fig. 17D. The gold-leaf sup¬ 
port, which will here be called the "stem,” is insulated with amber from 
the box. When the metal knob N is touched by a charged rubber rod, 
some of the charge flows onto and distributes itself over the gold leaf 
and support. Since like charges repel each other, the gold leaf is 
pushed out as shown in the diagram. When the source of charge is 
taken away the electroscope retains its acquired charge and distributing 
itself more or less uniformly over the stem causes the leaf, as shown in 
diagram (b), to stand out at a somewhat smaller angle. The more 
charge given the electroscope the higher the gold leaf is repelled. 

If an electroscope is first charged negatively as shown in Fig. 
17D(b) and then a negatively charged body is brought close to but 



226 


Electricity and JM.agnetism ['Part V 

not touching the knob, as shown in Fig. 17E(a), the gold leaf will 
• rise as indicated. The reason is that the electrons are repelled away 
from the knob to the far end of the stem, causing the gold leaf to rise 



Fig. 17D—Diagrams of an electroscope showing how such an instrument may be given 

a negative charge. 

still higher. As long as the two bodies do not touch each other, and 
allow more negatives to go to the electroscope, the gold leaf will fall 
back to its original angle when the negatively charged rod is taken away. 



Fig. 17 E—Brought near a negatively charged electroscope, (a) a negatively charged 
body causes the gold leaf to rise, and ( b ) a positively charged body causes the gold 
leaf to fall. 

If a positively charged body is brought up as shown in Fig. 17E(b), 
negatives from the stem and gold leaf are attracted to the knob, causing 
the gold leaf to fall. Thus with a negatively charged electroscope, a 
positive charge brought nearby causes the gold leaf to drop, and a 
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negatively charged body causes it to rise. If the electroscope is posi¬ 
tively charged the reverse action will take place, a positive charge 
causes it to rise and a negative causes it to fall. 

17.6. Conductors and Insulators. Not all substances are good 
conductors of electricity. As a general rule, metals are good conductors 
whereas non-metals are poor conductors. The poorest of conductors 
are commonly called insulators, or dielectrics. Several examples of 
conductors and insulators are listed in Table 171. 


Table 17 I. Examples of Substances that are Good Electrical Conductors 
and Others that are Non-conductors or Insulators 


Conductors 

Insulators 

Silver 

Nickel 

Glass 

Sulfur 

Aluminum 

Platinum 

Amber 

Porcelain 

Copper 

Iron 

Rubber 

Paper 

Gold 

Mercury 

Mica 

Silk 


The property of electrical conduction is illustrated by an experiment 
in Fig. 17F. One end of a long thin copper wire is connected to an 



electroscope and the other end to a small brass knob mounted on a 
glass pedestal. When a charged rubber rod is touched to the knob as 
shown, the gold leaf of the distant electroscope rises immediately. 
Electrons have been conducted along the wire. If a positively charged 
rod contacts the knob, electrons flow away from the electroscope, leav¬ 
ing the gold leaf with a positive charge. 

If the copper wire in the above experiment is replaced by a non¬ 
conductor like a silk thread the electroscope cannot be charged by the 
rod contacting the distant knob. Poor conductors like glass and amber 
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are used to support metal parts of electrical apparatus for the purpose 
of insulating them from unnecessary losses of electricity. An electro¬ 
scope, for example, will retain its electric charge well if the gold leaf 
and stem are insulated from the electroscope case with amber as shown 
in Fig. 17D. 

The difference between a conductor and an insulator, or dielectric, 
is that in a conductor there are free electrons, whereas in an insulator 
all the electrons are tightly bound to their respective atoms. In an un¬ 
charged body there are an equal number of positive and negative 
charges. In metals a few of the electrons are free to move from atom 
to atom; so that when a negatively charged rod is brought to the end 
of a conductor it repels nearby free electrons in the conductor, causing 
them to move. They in turn repel free electrons in front of them, thus 
giving rise to a flow of electrons all along the conductor. Hence in 
Fig. 17F it is not necessarily the electrons from the charged rubber rod 
that actually reach the electroscope leaf, but rather the electrons from 
the end of the wire where it touches the electroscope knob. 

There are a large number of substances that are neither good-con¬ 
ductors of electricity nor good insulators. These substances are called 
semi-conductors. In them the electrons are capable of being moved 
only with some difficulty, that is, with considerable force. 

17.7. The Law of Electrostatic Force. It has already been 
demonstrated that like charges repel and unlike charges attract. Noth¬ 
ing which has thus far been said, however, has indicated just how 
strong the repulsion or attraction might be, how it depends on the 
magnitude of the charges or the distance between them. 

The first quantitative measurements of the force between two 
charged bodies was made by Coulomb, a French scientist and engineer, 
in 1780. He proved experimentally that the force acting between two 
charges is directly proportional to the product of the two charges and 
inversely proportional to the square of the distance between them. 
Symbolically this law may be written as an algebraic equation, 

F = * ^ , Ola) 

where F is the force, q and q f are the charges, and d is the distance 
between them. See Fig. 17G. The constant k has a value which de¬ 
pends upon the units of charge chosen and upon whether the charges 
are in a vacuum, in air, or in some other medium. 
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Coulomb’s law, it will be noted, has the same form in electricity as 
it has for gravitational attraction. See Eq. (5/). If one of the charges, 
say q, is doubled in amount the force of attraction or repulsion, as the 
case may be, also doubles. It shows further that if the distance d 
between the two charges is doubled the force is reduced to one-quarter; 
if tripled it is reduced to one-ninth, etc. This latter is called the in¬ 
verse square law. 

Coulomb’s law as it is given above is often used to define a unit 
quantity of electric charge. Two equal charges are each said to be unit 
charges if when they are placed one centimeter apart in air they exert 
on each other a force of one dyne. Such a unit of charge qo is called 
one electrostatic unit and is equivalent to the total charge of 2,100,- 
000,000 electrons. A charged body having this many extra electrons 

f ? 1 r 
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fa) attraction (M repulsion. 

Fig. 17 G —Coulomb's law states that two like charges repel each other, or two unlike 
charges attract each other with a force which is proportional to the product of their 
charges and inversely proportional to the square of the distance between them. 

has one electrostatic unit of negative charge. Another body having a 
deficiency of this many electrons has one electrostatic unit of positive 
charge. 

q Q = 2.1 X 10 9 electrons = 1 electrostatic unit. 

If the q and q' of Coulomb’s law are taken to be unit charges, d as 
1 cm, and F as one dyne, and the medium as air, the constant k must 
equal unity. Thus for air the law can be written 



In a later chapter on electric currents a much larger and more con¬ 
venient unit of charge called the Coulomb will be used. One coulomb, 
go, is equivalent to three million electrostatic units. 

1 coulomb = 3 X 10 9 e.s.u. = Qo 
1 coulomb = 6.3 X 10 18 electrons. 

17.8. Electrical Potential. When a body has an excess of elec¬ 
trons it is sometimes spoken of as having a negative potential. When 
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it has a deficiency of electrons it is said to have a positive potential. 
There are numerous exceptions to this, however, and it is customary to 
define positive potential and negative potential in a more general way. 
This is usually done in the following way. If when a body is con¬ 
nected to the ground by an electrical conductor electrons flow onto the 
body from the ground the body is at a positive potential. See diagram 
(a) in Fig. 17H. Conversely if when a body is connected to the ground 
electrons flow off the body into the ground the body is at a negative 
potential. See diagram (b). 

In these definitions of positive and negative potential it is as¬ 
sumed that the earth is at zero potential. Electrical potential is anal¬ 
ogous to the potential energy 
positive potential negative potential of an object in mechanics. In 

t + mechanics if an object is 

+( V -f At raised to a certain height 

Av J* | V / l' above sea level its potential 

f [ electrons ~ |j energy is positive, i.e., it Can 

^ —[ll_ ^ in returning to the ground 

zero potential " perform work. Conversely, 

Fig. 17 H—Showing the direction of the flow an object below sea level has 

of electrons when a positively or negatively a negative potential energy, 

charged body is connected to the ground by a f . , r . . , 

wire conductor. for in lowering it to that 

point energy is given up. To 
raise it again requires the expenditure of energy. Just as sea level is 
sometimes taken as the zero level of potential energy in mechanics so 
the earth’s potential is taken as the zero point of potential in electricity. 

A quantitative definition of electrical potential can also be given 
in terms of work or energy. The electrical potential of a body is given 
by the amount of work done in carrying a unit positive charge from 
the ground up to the charged body. If the work done is large the po¬ 
tential of the body is highly positive. If the work done is negative, 
that is, if work is given up, then the potential is negative. As a rule 
this energy is expressed in volts , and we speak of a potential of a body 
as being -f-110 volts, —2500 volts, etc. 

It is not difficult to demonstrate that charge and potential are two 
different things. This will be illustrated by the several steps carried 
out in charging an electroscope positively by means of a negative 
charge. When a negatively charged rubber rod is brought close to 
the knob of an electroscope as shown in Fig. 171(a) the gold leaf 
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rises, indicating a certain potential. An electroscope measures poten¬ 
tial, not charge. It has risen because some of the negatives belonging 
to the atoms of the knob have been driven by repulsion onto the gold 
leaf and stem. Having neither gained nor lost charge of any kind, the 
electroscope knob, stem, and gold leaf, diagram (a), have a net charge 
of zero. 

When the electroscope knob is connected to the ground as shown in 
diagram (b) electrons flow into the ground, indicating that the elec¬ 



troscope was at a negative potential. Having lost the negative charge 
the gold leaf hangs straight down, showing zero potential. With the 
ground connection removed as in diagram (c) the electroscope is still 
at zero potential but has a net positive charge. The knob is main¬ 
tained positive throughout the grounding process by the presence of 

the negatively charged rod. ... , 

When the charged rod is removed as m diagram (d) the positives 
become more or less equally distributed over the electroscope, causing 
the gold leaf to rise. During this latter readjustment process the posi- 
tives have not actually moved; what has happened is that a few nega- 
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tives from the gold leaf have left their positives behind and gone up 
to neutralize some of the positives on the knob. Only electrons are 
free to move in metals in the solid state. The electroscope is now posi¬ 
tively charged and has a positive potential. The entire process just 
described above is called charging by induction, for at no time did the 
rubber rod touch the electroscope nor did it lose any of its negative 
charge. By a similar process an object can be charged negatively by 
induction from a positive charge. The reader will find it profitable to 
make diagrams similar to those in Fig. 171 and work out for himself 
the four steps by which this can be done. 

17.9. The Condenser and Its Capacity. A condenser is an elec¬ 
trical device for storing quantities of electricity in much the same way 
that a barrel is a container for storing water, or a balloon is a con¬ 
tainer for holding gas. Two plates or sheets of metal when sepa¬ 
rated by air, glass, mica, or some other dielectric (insulator) form a 
condenser. 


potential 

fc) zero positive 


+ 

+ 



potential 

(jj) zero negative 

I: :l 



Fig. 17J—Diagrams of simple condensers showing the potentials of the two plates, one 

of which is grounded. 


Qualitatively, the capacity of a condenser is a measure of its ability 
to store up electricity. To increase the capacity of a condenser, one or 
more of the following things can be done: first, the area of the plates 
ma y be increased; second, the plates may be put closer together; and 
third, a more suitable dielectric may be inserted between the plates. If 
the plates of a condenser are small in area and at the same time rela¬ 
tively far apart the capacity is small. If the area is large and the plates 
dose together, the capacity is large. 

The principles of the condenser are illustrated in Fig. 17J. One 
plate of the condenser in each diagram is grounded and the other is 
insulated. To start with, assume that none of the condenser plates are 
charged. If the insulated plate (the right-hand plate) is now given a 
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positive charge as shown in diagram (a), electrons from the ground 
are attracted to the other plate. If the insulated plate is given a nega¬ 
tive charge as in diagram (b), electrons are repelled from the other 
plate into the ground. Being always in good electrical contact with 
the ground, both left-hand plates are by definition at zero potential. 
The right-hand plate in (a) has a positive potential, since if con¬ 
nected to the ground electrons would flow to it neutralizing the posi¬ 
tives; while the right-hand plate in (b) has a negative potential, since 
if connected to the ground its electrons would escape into the ground. 

In both diagrams of Fig. 17J the condensers are charged. If while 
in the charged condition the two plates of a condenser are suddenly 
connected together by a conductor, the negatives can flow through the 
conductor to the positives, thus neutralizing all charges. The con¬ 
denser has thus been discharged. 

During the time a condenser is charged the plates are said to have 
a difference of potential. Potential differense, like potential itself, is 
measured in volts. If in Fig. 17J (b) more electrons are added to the 
insulated plate the potential difference is increased. The amount of 
charge stored up in this way is only limited by the breakdown of the 
dielectric between the two plates. When the charge becomes too great 
a spark will jump between the plates, thus discharging the condenser. 
The capacity of a condenser is not determined by the amount of charge 
it will hold before sparking occurs: it is defined as the amount of 
charge Q on one plate necessary to raise the potential V of that plate 
one volt above the other. Symbolically, 

C = ~ (17*) 

To illustrate this relation between capacity, charge , and potential 
difference, consider the two condenser plates in Fig. 17K. If the right- 
hand plate which is insulated from the ground is given a negative 
charge Qi the gold leaf of the attached electroscope will rise to a 
given point on the scale, indicating a definite potential. Suppose that 
the electroscope indicates a potential of 1000 volts. The left-hand 
plate at zero potential has obtained its positive charge by the repulsion 
of electrons into the ground. 

If the plates are now moved closer together the gold leaf is ob¬ 
served to drop to a lower potential V. Since the total charge Qi has 
not changed, the capacity as shown by Eq. (17*) must have been in- 
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creased. This becomes more clear when it is realized that more charge 
must now be added to raise the potential of the gold leaf back to the 
one thousand-volt scale mark. The gold leaf fell because some of the 
negatives left the electroscope, having been attracted toward the nega¬ 
tive plate by the now closer positive plate. At the same time this hap¬ 
pened the grounded plate gained more positives. 

condenser 



n 


Fig. 17K—Experiment illustrating how the capacity of a condenser depends upon (a) the 
distance between the plates, and ( b) the dielectric between the plates. 

The unit of capacity, the farad, named in honor of Michael Faraday 
(cf. on page 279), is defined as the capacity of a condenser of such 
dimensions that a charge of one coulomb will give the plates a differ¬ 
ence of potential of one volt. 

, 1 coulomb , . 

1 farad = —--- (17c) 

If one plate of the condenser is grounded the one coulomb is the 
charge on the insulated plate. If neither plate is grounded there 
would be one coulomb of charge on one plate and one coulomb of 
— charge on the other. A condenser with a capacity of one farad is 
very large and for practical purposes is not used. The microfarad is 
more convenient. This smaller unit is one-millionth of the farad and 
is abbreviated p/. In other words, one million microfarads are equiva¬ 
lent to one farad. A still smaller unit, the micromicrofarad , is some¬ 
times used. One micromicrofarad is one-millionth of one microfarad 
and is abbreviated pp/. 

The charging of a condenser until the difference of potential is one 
volt is analogous to raising the level of water in a tank to one foot, 
while the charging of the same condenser to the point where it sparks 
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over is like filling the tank until water runs over the top. A large 
capacity is like a tank of large cross-sectional area, and a small con¬ 
denser is like a tank of small area. It takes more charge to raise the 
potential of a large condenser one volt, and it takes more water to raise 
the level in a large tank one foot. 

Condensers in common use today are of various kinds, sizes, and 
shapes. Perhaps the most common is the so- 
called paper condenser used commonly in 
radios and the ignition system of automo¬ 
biles. Two long strips of tin foil are glued 
to the two faces of a similar strip of thin 
paper. This paper condenser is then soaked 
in paraffin or oil and rolled up into a roll 
making of it a small compact condenser of 
large capacity. Each sheet of tin foil becomes 
one plate of the condenser and the paper 
becomes the dielectric separating them. 

Another type of condenser is the variable 
condenser used principally in tuning radios, 
see Fig. 17L. The capacity of these con¬ 
densers is small and can be varied in amount 
at will by the turn of a knob. The turning 
of the knob moves one set of plates between 
another set, thus increasing or decreasing the 
effective plate area and hence the capacity. 

The capacity range of such condensers is from zero to some 2000 \i\if. 

17.10. The Electric Field. In the space around a charged body is 
an invisible something called an electric field. This field is just another 
way of describing the action at a distance of one charge or another. 
The strength of the electric field at any point in the neighborhood of 
a charged body is equal to the force in dynes exerted on a unit positive 
charge placed at that point. Since force is a vector quantity an electric 
field has magnitude and direction. The field about a positive charge is 
therefore radially outward as shown in Fig. 17M(a). It is radially out¬ 
ward since a positive charge placed at any point is repelled along a line 
through the two charges. By a similar reasoning the field about a 
negative charge is radially inward as shown in diagram (b). 

The electric field around two charged bodies is shown in diagrams 
(c), (d), and (e). Each of these fields may be experimentally mapped 



Fig. 17L — Variable con¬ 
denser commonly used in radio 
sets. Capacity 0—500 pp/. 
(Courtesy General Radio Co.) 
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by placing a positive charge at any one point and moving it always in 
the direction of the force F exerted on it. The lines traced out by 
such a charge are called electric lines of force. It is to be noted that 
as many lines as desired can be drawn and that no two lines ever cross. 
Furthermore, the lines themselves are imaginary and do not actually 
exist: they are used merely as an aid to the understanding of various 
electrical phenomena. 

The direction of the lines of force are given by the arrowheads and 
the relative magnitude of the field at any region is given by the relative 
number of the lines passing through that region. In agreement with 



Fig 17M—Illustrating the electric field and lines of force in the neighborhood of 

charged bodies. 

Coulomb’s law the strength of the field about a single charged body is 
inversely proportional to the square of the distance away. In contrast 
with this is the field between the plates of a condenser. As shown in 
diagram (e) the field between two parallel charged plates is uniform, 
that is, it is the same at all points. 

From the above definition of an electric field the force F in dynes 
exerted on any charge q placed in a field of strength E is given by 

F = qE. (17<0 

If q is one electrostatic unit the force is just equal to the field 
strength. If q = 10 e.s.u. the force is 10 times E, etc. It is to be noted 
in diagram (c) that the field at any point is the vector resultant E of the 
two fields of force, one due to each charge. Knowing the amount of 
charge on each body and the distance between them one can use 
Eq. (17c) to calculate the field strength E at any point P, or the force F 
exerted on a charge q placed at that point. 
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QUESTIONS 

1. Briefly explain the proposed theories of electrification by friction. 

2. Diagram and explain the behavior of a gold-leaf electroscope. What is its 
purpose? What does it measure? 

3. Explain the properties of conductors and non-conductors of electricity accord¬ 
ing to the electron theory of matter. 

4. Give Coulomb’s law for electrostatic charges, (a) in words, and (b) as an 
algebraic equation. Make a diagram illustrating two electric charges at a 
fixed distance apart and indicate each factor entering into the formula. 

5. Define (a) electrical conductor, (b) non-conductor, (c) electric field, (d) the 
coulomb, (e) negative potential, (f) capacity. 

6. Make four diagrams of an electroscope, similar to those in Fig. 171, show¬ 
ing how to charge an electroscope negatively by induction. Start with a 
positively charged rod. Explain each step. 

7. Name the essential elements of an electrical condenser. What is a general 
purpose of a condenser? 

PROBLEMS 

1. Two positive charges + 3 e.s.u. and +15 e.s.u., respectively, are placed 3 cm 
apart. Find the force exerted by the one charge upon the other. Is the force 
one of repulsion or attraction? 

2. Two charges +10 e.s.u. and —10 e.s.u. are placed 5 cm apart. Find the 
force between them. 

3. Two bodies 6 cm apart, and having equal positive charges, repel each 
other with a force of 4 dynes. Find the total charge on the two bodies. 

4. Find the number of electrons required to give a body a charge of (a) 
— 5 e.s.u., (b) —100 coulombs. 

5. If the insulated plate of a condenser, see Fig. 17j(a), requires a charge of 
10 coulombs to raise its potential 2.3 volts above the other plate which is 
grounded, what is the capacity of the condenser in (a) farads, (b) micro¬ 
farads, and (c) micromicrofarads? 

6. Find the charge in coulombs required to give the insulated plate of a one 
microfarad condenser, see Fig. 17j(b), a negative potential of 2 volts. What 
number of electrons are required to produce this charge? 

7. A small metal ball has a charge of +10 e.s.u. What is the strength of the 
electric field at (a) a point 2 cm away, (b) 10 cm away, and (c) one meter 
away. 

8. Draw a graph showing the strength of the electric field near to a small 
isolated body containing a charge of 100 e.s.u. Plot the field strength verti¬ 
cally and the distance horizontally. Use 1 cm as the minimum distance and 
10 cm as the maximum. 

9. Two charges +5 e.s.u. at A and +16 e.s.u. at B are located 5 cm apart. 
Find the resultant force these two charges exert on a third charge of —9 e.s.u. 
located 3 cm from A and 4 cm from B. Note that the positions of the 
charges form a right triangle. 



Chapter 18 " Magnetism 

Magnetism was known to the early Greek philosophers. One story 
goes that Magnes, a shepherd, when on Mt. Ida of the island Crete, 
was so strongly attracted to the ground by the tip of his staff and the 
nails in his shoes that he had difficulty in getting away. Upon digging 
into the ground to find the cause he discovered a stone with the most 
amazing properties of attracting iron. This stone is now called lode- 
stone or magnetite. One fable which occurs in the tales of the Arabian 
knights is that of a mountain magnetized so strongly that ships at sea 
were often wrecked by having their nails pulled out of their hulls. 
Another story is told of how Mohammed’s coffin was supported in 
mid-air by constructing the vaulted ceiling of his tomb with lode- 
stones. This we are now quite certain is an impossibility. 

While most of these stories are impossible or greatly exaggerated, 
some few are told that can be experimentally verified. Socrates does 
not exaggerate when he says that lodestone will attract iron rings 
suspended one from the other so as to form quite a long chain. 

The idea that a lodestone can be used as a compass is a very old 
one. There is some evidence that the Chinese had a knowledge of this 
as far back as 121 a.d. At any rate, a Chinese author writing as early 
as the beginning of the twelfth century explains that a needle, rubbed 
with lodestone and suspended free to turn, will point toward the south. 
This appears to be the first evidence that a piece of iron could be mag¬ 
netized by a lodestone and used as a compass. The action of a lodestone 
or a bar magnet when suspended free to turn about a vertical axis is 
illustrated in Fig. 18A, diagrams (a) and (b). 

A compass as it is often made for demonstration purposes consists 
usually of a straight steel needle which has been magnetized and 
mounted free to turn on a sharp pointed rod as shown in Fig. 18A(c). 
In the early days of the mariner’s compass it was common to float 
several small magnet needles on water by mounting them on a block of 
wood or other light material. In more recent designs a compass needle 
with a jewel in its center is set upon the sharp point of a hard metal 
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rod, much shorter than that shown in Fig. 18A(c), and placed in a 
small brass box with a glass top. Such compasses in appearance are 
familiar to everyone. 


(b) ( C ) 



Fig. 18A—Magnetized bodies when free to turn come to rest in a north-south direction. 


18.1. Magnets. Until recent years magnets have been made of 
hardened steel and moulded or rolled into many shapes. Perhaps the 
most common of these is the horseshoe magnet shown in Fig. 18B, or 
the straight bar magnet shown in Fig. 

18C. The strongest magnets are now 
made of an alloy containing alumi¬ 
num, cobalt, and nickel, and curiously 
enough, no iron. Small magnets of 
this alloy are strong enough to lift 
hundreds of times their own weight. 

Pure iron, sometimes called soft 
iron, when magnetized will not retain 
its magnetism and is therefore useless 
in making what are called permanent 
magnets. Soft iron is used, however, 
in the construction of electromagnets. 

These devices will be discussed and 
demonstrated in Chap. 20. Of the many practical applications of per¬ 
manent magnets, the compass, the telephone receiver, and the radio 
loud-speaker are perhaps the most common. 

18.2. The Power of Attraction. Nearly everyone has at sometime 
or other played with a small horseshoe magnet and discovered for him¬ 
self that it attracted only things containing iron. Upon drawing the 
same magnet through the dry sand or dirt you probably discovered that 
it will pick up small grains of iron ore. 



Fig. 18B—The attraction of a mag¬ 
net for iron acts through all substances. 
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If more extensive experiments are carried out a magnet can be 
shown to attract magnetic substances at a distance even though matter 
lies in the intervening space. In other words, magnet attraction acts 
right through matter of all kinds. This can be demonstrated as shown 
in Fig. 18B by picking up iron filings on one side of a thin wooden 
board by holding a magnet close to the other side. If a sheet of copper, 
or brass, or as a matter of fact any substance, is placed over the magnet 
the power of attraction is not destroyed.* 

While a few metals are known to be feebly attracted by a magnet, 
most substances like aluminum, copper, silver, gold, wood, glass, paper, 
etc., do not exhibit any noticeable effect. Of those weakly affected, 
nickel and cobalt are the most important. These two metals, as men¬ 
tioned above, when alloyed together with other metals in the proper 
proportions are found to exhibit stronger magnetic attraction than the 
best grades of iron or steel. As a pure element, however, iron is by 
far the most strongly magnetic. 

18.3. Magnetic Poles. When an ordinary straight bar magnet is 


dipped into a box of iron filings the tiny bits of iron are observed to 

cling to the ends as shown in 

Jftfrti l ^ s 18 of a^ttned 

J i - . .uTOMMCr ma Z nettc poles. If this same 

magnet is suspended by a 
, thread as shown in Fie. 

Fig. 18C—The attraction of iron-filings by a . p 

straight bar magnet shows greater attraction near 18 A (b) it will always point 
the ends. These regions of greatest attraction are n0 rth. The end toward the 
called magnetic poles. ... , .... 

north is therefore called the N 


or north-seeking pole, and the other end the S or south-seeking pole. 

That the N and 5 poles of a magnet are different may be shown by 
bringing the magnet close to a compass needle. Such an experiment 
is illustrated in Fig. 18D. When the S pole of the magnet is brought 
close to the S pole of the compass needle as in diagram (a) there is a 
force of repulsion acting and the compass needle turns away as shown. 
A similar repulsion occurs between the two N poles as shown in dia¬ 
gram (b). If the N and S poles are brought near to each other, how¬ 


ever, a very strong attraction arises and the compass needle turns 
toward the other as shown in diagrams (c) and (d). These experi- 


* A small region of space can be shielded from magnetic fields if it is 
entirely surrounded by layers of soft iron. 
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ments show, therefore, that two kinds of magnetic poles exist and that 
like poles repel and unlike poles attract. 

Permanent magnets can now be made so strong that one magnet 
can be lifted by the repulsion of another. This is illustrated in Fig. 18E. 


repulsion attraction 



Fig. 18D—When the pole of one magnet is brought close to the pole of another magnet, 
like poles are found to repel each other and unlike poles to attract. 


Unless guide rods of glass or some other substance are used, however, 
the floating bar will move to one side and then fall. In other words, 
the forces of repulsion are such that the upper bar is not in stable 
equilibrium. If the floating magnet is turned end for end, opposite 
poles become adjacent and 
the two magnets attract each 
other. Though the forces 
may be great enough, no one 
has ever succeeded in floating 
a permanent magnet in mid¬ 
air, against the pull of grav- p IG jgg—One magnet may be suspended in 
itv and without guide rods, by mid-air by the strong repulsion of like poles from 
’ , ° . another magnet. 

means of permanent magnets. 

18.4. Poles Exist in Pairs. If a magnet is broken in the middle 
in an attempt to separate the poles one finds new poles formed at the 
broken ends. If one of these pieces is again broken each piece is again 
found to contain two poles of opposite kind. As long as this process 
is repeated the same result is obtained that a magnetic pole of one kind 
is always accompanied by a pole of opposite polarity. 

This is conveniently illustrated by magnetizing a hack-saw blade 
and breaking it successively into smaller and smaller pieces as shown 
in Fig. 18F. Each time a piece is broken each fragment, upon being 
tested with a compass, is found to have an N pole on one side and an 5 
pole on the other. A hack-saw blade is readily magnetized by stroking 
it from one end to the other with one of the poles of a magnet. 
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It is possible to magnetize a bar of steel so that it has three or more 
polar regions. This is illustrated in Fig. 18G where a hack-saw blade 
has been magnetized with an N pole at each end and an S polar 
region in the center. The combined strength of the N poles is seen 
by the quantity of iron filings to be equal to the S pole strength in 
the center. We might say, therefore, that the magnet has four poles: 
an N pole at either end and two S poles at the center. 





1 

■ 





Fig. 18F—The poles of a magnet cannot exist alone. When a bar magnet is broken, 
poles appear on either side of the break such that each piece has two opposite poles. 


18.5. The Magnetic Field. In the space surrounding every mag¬ 
net there exists what is called a magnetic field. Although this field 
cannot be seen, it can be demonstrated and mapped out in the following 
way. 

If a very small compass is placed at some point near the N pole of a 
straight bar magnet and then moved always in the direction the com- 



Fig. 18G—Diagram of a bar magnet with iron filings showing three polar regions. There 
are two N-poles, one at either end, and a doubly strong 5-pole at the center. 

pass is pointing, the center of the compass will trace out a smooth line 
called a magnetic line of force. Starting at various points many such 
lines may be drawn as shown in Fig. 18H. Each line starts at some 
point near the N pole and ends at a corresponding point near the 
S pole. 

These magnetic lines of force, as they are called, do not really exist; 
they are but useful devices that may be used in describing the many dif¬ 
ferent magnetic phenomena to be taken up in later chapters. It should 
be noted that where the magnet exerts its strongest attraction near the 
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poles the lines are closest together and that each line points away from 
the N pole and toward the S pole. This latter is an arbitrary assign¬ 
ment, being the direction indicated by the N pole of the compass. 

A close examination of the iron filings clinging to a magnet, see 
Figs. 18C and 18G, shows that each tiny needle, like a piece of iron, 



Fig. 18H—Diagram of the magnetic field and magnetic lines of force about a straight bar 
magnet, as obtained with a small compass needle. 

lines up in the direction of the magnetic lines of force. The reason for 
this is that each filing has become magnetized by the magnet, and 
having its own N and S poles, acts like a compass. An excellent demon¬ 
stration of the field and its direction can be performed by laying a 
plate of glass or a sheet of paper over a magnet and then sprinkling 
iron filings over the top. By gently tapping the glass or paper the 
filings turn and line up as shown by the photographic reproduction given 
in Fig. 181. The meaning of the term line of force will be made clear 
inSec. 18.13. 

18.6. The Field about Separate Poles. When two magnetic 
poles are brought close together the mutual action of the two is such 
as to produce a distorted magnetic field. This is illustrated by com¬ 
pass-made drawings at the top in Fig. 18J and by photographic repro¬ 
ductions of the iron-filing method of observation at the bottom. 

A simplified explanation of many electric and magnetic phenomena 
can be given by assuming that these imaginary lines of force are en¬ 
dowed with certain real but simple properties. Lengthwise along the 
lines they act as though they were stretched rubber bands under con¬ 
stant tension, whereas sideways they act as if they repelled each other. 



Fig. 181—Pho¬ 
tograph of the 
iron filings lined 
up by the mag¬ 
netic field of 
a permanent 
straight bar 
magnet. 


Both of these properties are illustrated in Fig. 18J. When the two 
poles are of different polarity as in diagram (a) the lines of force 
acting like stretched rubber bands tend to pull the poles together. In 
diagram (b) where the poles are alike, the lines repel each other, push¬ 
ing the poles apart. 

18.7. The Earth’s Magnetic Field. To Sir William Gilbert we 
owe the view that the earth is a great magnet. To prove his theory 
Gilbert shaped a loadstone into a sphere and demonstrated that a 
small compass placed at any spot of the globe always pointed, as it 
does on the earth, to the North Pole. 

The earth, therefore, has been schematically pictured in Fig. 18K as 
a large magnetized sphere of iron or as though it contained a huge 
permanent magnet. Oriented as it is at an angle with the polar axis, 
the earth’s poles are not at the true North and true South Poles. The 
true North and true South Poles are points located on the earth’s rota¬ 
tional axis. 

The North Magnetic Pole is located in far northern Canada, while 
the South Magnetic Pole is located almost diametrically opposite in the 
Southern Hemisphere. As for polarity, the North Magnetic Pole is an 
5 pole and the South Magnetic Pole is an N pole. This becomes ap¬ 
parent from the magnetic lines of force which always start from an N 
pole and are directed toward, and end, at an S pole. 

Although the cause for the earth’s magnetism is not completely 
understood several reasonable theories have been proposed. The earth 
is known to contain large iron ore deposits, some of these deposits being 
almost pure iron. One theory proposes that during the ages past all 
these iron deposits gradually become magnetized, in very nearly the 
same direction, and that together they act like one huge permanent 
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Fig. 18J—Diagrams and photographs of the magnetic field about two magnetic poles placed close together 

(a) unlike poles, and ( b ) like poles. 
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magnet. Another theory, and a very plausible one, is that the mag¬ 
netism is due to large electric currents which are known to be flowing 
around the earth, not only in the earth’s crust but also in the air above. 
These earth currents seem to be connected in some direct way with the 
earth’s rotation. This appears to be corroborated by the fact that the 
earth is magnetized in a direction almost parallel to the earth’s polar 
axis. 

18.8. Magnetic Declination. Since the earth’s magnetic and polar 
axes do not coincide, a compass needle does not in general point toward 

true north. Due also to the 
influence of the irregular iron 
deposits near the earth’s sur¬ 
face the magnetic field is not 
as regular as it is pictured in 
Fig. 18J and a compass 
needle may deviate consider¬ 
ably from magnetic north. 
The angle that a compass 
needle deviates from true 
north is called the angle of 
declination. 

A map showing the angle 
of declination for the United 
States during the year 1930 

Fig. 18K—Schematic diagram illustrating the shown in Fig. 18L. The 
earth as a huge magnet surrounded by a magnetic . b .. , - 

field extending far out into space. more or less vertical Set of 

irregular lines are lines of 
equal declination and are called isogonic lines. At every point along 
the line marked 20° E, for example, a compass needle actually points 20° 
east of true north. In the region of San Francisco the declination is 
seen to be about 18° E, while in the region of New York it is about 
11° W. The line through points where a compass points true north, 
0°, is especially named the agonic line. 

18.9. Magnetic Dip. If a compass needle is mounted free to turn 
about a horizontal axis as shown in Fig. 18M(b), it will not come to 
rest in a horizontal position but will dip down at some angle with the 
horizontal as shown. This direction, called the dip, is the angle the 
earth’s field makes with the earth’s surface at the point in question. 
Referring to Fig. 18K it is seen that in the far north and south the 
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angle of dip is quite large, whereas near the equator it is quite small. 
Diagram (a) in Fig. 18M indicates the approximate dip at different 
latitudes for one cross-section of the entire globe. 

At a region on the Boothia Peninsula just north of Hudson Bay 
and 20° from true north a dip needle points straight down, perpen¬ 
dicular to the earth’s surface, and locates the North Magnetic Pole. At 
a region about 18° from the true South Pole a dip needle points straight 
up, at 90° from the horizontal, and locates the South Magnetic Pole. 



Fig. 18L —A magnetic map of the United States for the year 1930 showing the 
declination of a compass from true north and the angle of dip of a dip needle. Such 
maps are drawn from data assembled by the U. S. Coast and Geodetic Survey. 

On maps of terrestrial magnetism all points that have equal dip 
angles are connected by a line called an isoclinic. Such lines for dif¬ 
ferent angles form a set of nearly parallel lines as shown on the map 
of the United States in Fig. 18L. 

Careful and accurate measurements of the declination and dip show 
that the earth’s magnetic field is continually changing. While these 
changes are extremely small they are somewhat periodic and at times 
quite erratic. Of the periodic changes the diurnal variation is quite 
marked and can be detected with little difficulty. This daily rise and 
fall is in part if not all due to the earth currents, referred to in Sec. 18.7. 
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Erratic changes are observed to be connected among other things to 
magnetic storms and the aurora borealis. 

In addition to the changes just mentioned there is a very slow but 



Fig. 18M—Diagram showing (a) the angle of dip of a magnet needle at various points 
over the earth’s surface, and (b) the mounting of a magnetic dip needle. 


steady change taking place in the earth’s field over a period of years 
which makes it necessary to continually measure and remap from time 
to time the earth’s magnetic field. In the United States the U. S. Coast 


permanent magnets 



I V 

Fig. 18N—Soft iron may be magnetized by (a) induction at a distance, or ( b ) contact. 


and Geodetic Survey periodically publishes maps similar to the one 
shown in Fig. 18L. 

18.10. Magnetic Induction. When a strong magnet is brought 
close to a piece of soft iron the iron takes on all the properties of a new 
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but somewhat weaker magnet. This phenomenon, called induction is 
illustrated in Fig. 18N (a). As long as the permanent magnet is held 
close to the soft iron bar the iron filings cling to the end as shown. 
When the permanent magnet is removed, however, the soft iron im¬ 
mediately loses its magnetism and the iron filings drop off. 

Closer attention to this experiment will show that not quite all of 
the iron filings drop immediately but remain for some little time before 
dropping off. This residual magnetism, as it is called, is only tem¬ 
porary and disappears in a short time. 

When a piece of iron is magnetized by induction a pole of opposite 
sign is created at the points of closest approach as shown in the dia- 
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Fig. 180—Schematic diagrams of the elementary magnets within a piece of iron, ( a) 
unmagnetized, and (b) magnetized. 


grams. If a common iron nail is brought up to the N pole of a per¬ 
manent magnet it will become magnetized with a S pole at the point of 
contact and an N pole at the other end as shown in diagram (b). 
Having two poles, the nail is thus magnetized and will attract another 
nail and magnetize it in the same way. With a good strong magnet 
this process can be repeated by adding one nail after the other. 

It is now clear how iron filings line up with the lines of force of a 
magnet. Each filing becomes magnetized by induction, and like a small 
compass turns parallel to the field in which it is located. 

18.11. Molecular Theory of Magnetism. The modern theory of 
magnetism which is now quite firmly established as being correct is 
that a piece of iron consists of myriads of tiny elementary magnets. 
These tiny ultramicroscopic magnets may consist of individual atoms 
and molecules themselves or of groups of atoms aligned to form small 
elementary iron crystals. How single atoms can act as magnets will be 
explained later. Before a piece of iron or steel has been magnetized 
these elementary magnets may be thought of as being oriented more or 
less at random throughout the metal as shown in Fig. 180(a). 
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During the time a piece of iron is being magnetized the elementary 
magnets are turned around and lined up parallel to each other and to 
the magnetizing field. This is shown by the schematic representation 
in diagram (b). Lined up in this way the small N and S poles are 
adjacent to each other and cancel each other’s effect on external objects. 
At one end there are many free N poles and at the opposite end an 
equal number of free S poles. 

When a magnet is broken at any point free S poles are exposed at 
one side of the break and free N poles at the other. It is therefore 
clear why poles always exist in pairs and that no matter how many 
times a magnet is broken each piece will contain an N at one end and 
an S pole at the other. When soft iron is magnetized by induction and 
the permanent magnet taken away, the elementary magnets return to 
their original random orientations. Whereas, when hardened steel 
becomes magnetized, they remain lined up after the magnetizing field 
is taken away. Just why the elementary magnets return to their 
original orientations in soft iron yet remain lined up in tempered steel 
has still to be satisfactorily explained. 



Fig. 18P—Diagram of the Hibbert magnetic balance for measuring the force between 

two magnetic poles. 

18.12. Coulomb’s Law for Magnetic Poles. For a study of the 
law of force between magnetic poles, especially designed magnets have 
been used. The necessity for this is realized when it is remembered that 
single magnetic poles cannot be isolated by breaking a magnet in two. 
The special magnets consist of thin steel rods about eighteen inches in 
length with a small steel ball on either end. When magnetized the N 
and 5 poles become concentrated in the steel balls. 

As used in the Hibbert balance shown in Fig. 18P one magnet is 
balanced on a special set of scales and another is held tightly in an 
adjustable clamp stand. If the two center poles, when they are brought 
together, are alike, the repulsion will throw the one magnet off balance. 
The weight that must then be added to the left-hand side to restore 
balance again is a direct measure of the force of repulsion. Carrying 
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out experiments of a similar nature Coulomb was the first to find that 
the force acting between two magnetic poles is inversely proportional 
to the square of the distance between them. Having discovered this 
relation he compared the pole strengths of different magnets with each 
other and found that the force between two poles is proportional to 
the product of the pole strengths. Combining these two relations Cou¬ 
lomb proposed as a general law for magnetism, 

(18U) 

where F is the force, m and m' the strength of each magnetic pole, d the 
distance between them, and k is a constant of proportionality. 

It is by means of this equation that one can define a magnetic pole 
of unit strength. Two equal magnetic poles are of unit strength 
(m = 1, and m' — 1) if when they are placed one centimeter apart in 
air (d = 1 cm) there is a force between them of one dyne. If m and m' 
are measured in these units then the constant k is equal to unity and can 
be dropped from the equation. 

_ mm' 

h =-- 

d 2 

Unit magnetic pole mo is called one electromagnetic unit and is ab¬ 
breviated 1 e.rn.u. A pole 10 times as strong is written 10 e.m.u. 
N poles are often designated with a -\- sign and S poles by a — sign. 
For example, an S pole of 25 units would be written —25 e.m.u. 

It is interesting to note that Coulomb’s law for gravitational at¬ 
traction, Eq. (5/), electrostatic action, Eq. (17<?), and magnetic action, 
Eq. (18 a) , have exactly the same form. It is not to be inferred, how¬ 
ever, that these three phenomena are different aspects of the same 
thing; they are completely different from each other and the forces in¬ 
volved are of an entirely different order of magnitude. 

18.13. Magnetic Field Strength. It is quite common practice to 
speak of the strength, or what is the same thing, the intensity, of a mag¬ 
netic field. The strength of the field at any given point is defined as 
being equal to the force in dynes which could act on a unit N magnetic 
pole if it were placed at that point. The stronger the magnet the 
stronger is the magnetic field about it. 

Suppose, for example, that a unit pole when placed at a given point 
experiences a force of 5 dynes. The field at that point is then said to have 
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a strength of 5 oersteds. The term oersted as a unit of field strength is 
so named in honor of the Danish physicist H. C. Oersted (cf. page 275). 
If a magnetic pole with a strength of m units is placed in a field of H 
oersteds, the force acting on the pole in dynes is 


force in dynes = pole strength X oersteds 

F = mX H. (18c) 

Thus if m were a unit pole the F and H would be equal to each other, 
i.e., the force in dynes would be equal to the field strength in oersteds. 
The above equation follows directly from Coulomb’s law, for with m 
in Eq. (186) equal to unity, we obtain by definition the field strength H, 


1 X m’ _ m' 
d 2 ~ d 2 ~ 


(180 


where d is the distance between the unit pole and a pole of strength m f . 
If now the unit pole is replaced by a pole of strength m, Coulomb’s law 
can be written 


F = 


mX m' 


= mH. 


(180 



Fig. 18Q—The force acting on a unit N pole placed in a magnetic field gives the magnitude 
and direction of the magnetic field at that point. 


The direction of the magnetic field at any point is the direction of 
the force acting on an N pole placed at that point. This is another way 
of determining or plotting magnetic lines of force. As illustrated in 
Fig. 18Q, an N pole placed in a position (a), equidistant from the two 
poles of the magnet, is repelled by the N pole with the same force that 
it is attracted by the S pole. The resultant of these two forces is the 
horizontal force to the right and parallel to the magnet. If an S pole 
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were located at the same point the resultant force would be just op¬ 
positely directed. It is therefore clear why a compass placed at (a) 
turns parallel to the magnet, and why at other points like (b) it turns 
in another direction. Forces acting on each pole of the compass needle 
turn it into the equilibrium positions found and plotted as the magnetic 
field in Fig. 18H. 

Close to the pole of any magnet where the lines of force come close 
together the magnetic field is strong, while far out from either pole 
where the lines are far apart the field is weak. It was Faraday who 
first suggested, therefore, that the strength of a magnetic field at any 
point be represented by the relative number of magnetic lines passing 
through that region. To be more specific, it is customary to imagine 
the number of lines passing through one square centimeter of area as 
being numerically equal to the field strength; the square centimeter of 
area to be taken perpendicular to the magnetic lines. Where the field 
strength is 1 oersted there is but one line per sq cm; where it is 5 oer¬ 
steds there are 5 lines per sq cm, etc. A little consideration will show 
that to be consistent with this we must imagine there are At: lines 
starting from every unit N pole and an equal number ending on every 
unit S pole. 

To give some idea of the strength of a magnetic field in practice it 
may be stated that the earth’s magnetic field at the surface of the earth 
has an average strength of about 0.5 oersted. Some of the strongest 
fields obtained with electromagnets amount to one hundred thousand 
oersteds. 

QUESTIONS 

1. How can it be shown that (a) a magnet has poles, and (b) that magnetic 
poles always exist in pairs? 

2. Diagram and explain an experiment by which it can be shown that magnetic 
poles are of two kinds. 

3. Diagram the magnetic field about a straight bar magnet having an N pole 
at one end and an S pole at the other. 

4. Define (a) declination, (b) dip, (c) unit magnetic pole, (d) isogonic line, 
(e) residual magnetism, and (f) magnetic field strength. 

5. Explain the molecular theory of magnetism. Make diagrams to illustrate 
magnetized and unmagnetized iron. 

6. State Coulomb’s law for magnetic poles (a) in words, and (b) as an algebraic 
equation. 

7. Diagram the earth’s magnetic field and show (a) the true North and South 
Poles, (b) the Magnetic North and South Poles, (c) the true equator, and 
(d) the magnetic equator. 
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PROBLEMS 

1. Two magnetic poles N and S of 4 units and 9 units, respectively, are placed 
6 cm apart. Find the force exerted by the one pole on the other. 

2. Two poles of equal strength and 10 cm apart attract each other with a force 
of 9 dynes. Find the strength and polarity of each pole. 

3. Find the strength of the magnetic field at a point (a) 5 cm from a pole of 
strength +100 e.m.u., and (b) 2 cm from a pole of strength —20 e.m.u. 

4. Calculate the force on a pole of strength + 5 e.m.u. when placed in a mag¬ 
netic field of strength (a) 10 oersteds, (b) 0.5 oersted, and (c) 100,000 
oersteds. 

5. Find the force exerted on a pole of strength + 30 e.m.u. when placed in a 
field of strength 15 oersteds. 

6. A straight bar magnet has two poles of strength +100 e.m.u. and —100 
e.m.u. If these poles are 5 cm apart, what is the field strength at a point in 
line with the two poles, 5 cm from one pole and 10 cm from the other? 

7. A straight bar magnet has two poles of strength +144 e.m.u. and —144 
e.m.u. If these poles are 5 cm apart, what is the field strength at a point 
4 cm from one pole and 3 cm from the other? Note that the two poles and 
the point in question form a right triangle. Make a diagram to scale. 



Chapter 19 * Electricity in Motion 

When an electric charge is at rest it is spoken of as static electricity, 
but when it is in motion it is referred to as an electric current. In gen¬ 
eral, an electric current is described as a flow of electric charge along 
a metallic conductor. Such is the case, for example, in the experiment 
of charging an electroscope from a distant point by means of a long 
copper wire and a charged rubber rod, see Fig. 17F. This experiment 
is explained by saying that electrons already in the wire are pushed 
along toward the electroscope by the repulsion of electrons from 
behind. No sooner does this current start, however, than the negative 
charge of the rod is dissipated and the current stops flowing. 

To make an electric current flow continuously along a wire a con¬ 
tinuous supply of electrons must be available at one end and a con¬ 
tinuous supply of positive charges at the other. This is like the flow 
of water through a pipe; to obtain a continuous flow a continuous 
supply of water must be provided at one end and an opening for its 
escape into some receptacle at the other. The continuous supply of 
positive charge at the one end of a wire offers a means of escape for the 
electrons. If this is not provided for, electrons will accumulate at the 
end of the wire and their repulsion back along the wire will stop the 
current flow. 

There are two general methods by which a continuous supply of 
electrical charge is obtained, one is by means of a battery, and the other 
by means of an electric generator. The battery is a device by which 
chemical energy is transformed into electrical energy and the generator 
is a device by which mechanical energy is transformed into electrical 
energy. This latter mechanism will be taken up in detail in the follow¬ 
ing chapter, and the battery will be described now. 

19.1. The Voltaic Cell. Dry cells and storage batteries, as con¬ 
tinuous sources of electricity, are the result of a long series of experi¬ 
ments starting with the discoveries of Volta 1 over one hundred years 

1 Alessandro Volta (1745-1827), Italian scientist, and for more than twenty 
years professor of physics at Pavia. Traveling considerably throughout Europe 
he became acquainted with many celebrities. In 1801 he was awarded the 
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ago. One of Volta’s first discoveries was that a silver and gold coin 
held against the tongue and then touched together gave a bitter taste. 
Shortly after this in a letter to the Royal Society of London (1800) he 
described a battery now called a voltaic pile. Two thin sheets or plates 
of different metal, like zinc and copper, were placed in contact and 
then wrapped with a piece of flannel soaked in salt water. A number 
of these pairs laid one on top of each other in a pile and connected 
together by wires increased the charge available. 

In the same letter to the Royal Society Volta described his "crown 
of cups” shown schematically in Fig. 19A. Each of these cups is now 
known as a voltaic cell. Although many early attempts had been made 
to explain the action of a voltaic cell, and the origin of its charge, an 
acceptable account was not given until recent times. An elementary 



Fig. 19A—Diagram of Volta’s crown of cups. Each cup with its two metal plates 
and electrolyte of dilute acid is a source of electrical energy and is called a cell. The 
group of cells together multiplies the effect and is called a battery. 

explanation, due first to Nernst, attributes the charge to a chemical 
action between each metal plate and the liquid in which it is immersed. 
If this liquid, generally called the electrolyte, is dilute hydrochloric acid 
(chemically abbreviated HC1) the explanation is somewhat as follows. 
When concentrated hydrochloric acid is diluted in water some of the 
HC1 molecules dissociate , that is, they break up into their separate 
atoms. Upon separation each chlorine atom takes with it, at the ex¬ 
pense of the hydrogen it was paired with, an extra electron. In this 
way each Cl atom acquires a net negative charge and the hydrogen atoms 
a net positive charge. Because of these charges such atoms are called 
negative ions and positive ions, respectively. 

When zinc and copper plates are now dipped into the electrolyte, 
as shown in Fig. 19B, some zinc atoms leave the zinc plate and go into 

Copeley Medal of the Royal Society of London, and then called to Paris and 
awarded a medal by Napoleon. In 1815 the Emperor of Austria made him 
director of the philosophical faculty of the University of Padua. A statue now 
stands in his memory at Como, his birthplace. 
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the electrolyte as zinc ions. In other words, each 2 inc atom upon going 
into solution leaves one of its electrons behind. These remaining elec¬ 
trons supply the negative charge to the zinc electrode, while the zinc ions 
repel the positive hydrogen ions toward the copper electrode where they 
give up their positive charge. Thus the zinc terminal obtains a nega¬ 
tive potential and the copper terminal a positive potential. Between 
the two terminals then there is a difference of potential, or as it is some¬ 
times called, potential difference. 



Fig. 19B—Working diagram of a voltaic cell. 


19.2. Potential and Potential Difference. After the two elec¬ 
trodes of a cell are immersed in an electrolyte, as shown in Fig. 19B, the 
potential difference between the two terminals does not rise indefinitely 
but, within a fraction of a second, reaches a maximum value. If the 
two electrodes are not connected together with a conducting wire as 
shown, this maximum, which is called the voltage of the cell, occurs 
when no more zinc ions leave the zinc electrode and no more hydrogen 
ions collect at the copper electrode. The Zn+ ions are held by attrac¬ 
tion to the negatively charged electrode and the H+ ions are kept away 
from the positively charged copper electrode by repulsion. The 
maximum potential difference, called the electromotive force or the 
voltage of a cell, depends upon the kinds of metals used as electrodes 
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and the composition of the chemicals used in the electrolyte. In gen¬ 
eral, the electromotive force (abbr. e.m.f.) of a single cell is in the 
neighborhood of from 1 to 2 volts. 

19.3. Electric Currents. When the two ends of a wire are con¬ 
nected to the terminals of a battery as illustrated in Fig. 19B, electrons 
from the negative terminal flow through the wire to the positive ter¬ 
minal. This electric current continues to flow as long as the wire re¬ 
mains connected, and the battery is able to supply negative charges at 
the one electrode and positives at the other. The free electrons in the 
wire near the -j- terminal are attracted by the -f- charge, those near 
the —terminal are repelled by the negative charge, and those dis¬ 
tributed all along the wire are pushed along by other electrons coming 
up from behind. This is why the potential difference between two 
battery terminals, which may be thought of as the driving force behind 
the electrons, is called the electromotive force. 

Electric current is measured in units called amperes. The ampere, 
named in honor of the French physicist Ampere,* is defined as the flow 
of one coulomb of charge per second. In other words, one coulcomb of 
electric charge flowing past any given point in a wire in one second 
constitutes a current of one ampere. If twice this quantity passes by in 
one second the current is 2 amperes. Thus electric current is analogous 
to the rate of flow of water through a pipe. 

quantity of charge 

current = ----— , 

time 


coulombs _ Q 

amperes =-j— , I = %■ 

seconds T 


(19 d) 


Remembering that one coulomb equals 3 X 10 9 electrostatic units 
of charge, or that one coulomb = 6.3 X 1018 electrons (see Sec. 17.7), 
a current of one ampere means a flow of 6.3 X 10 18 electrons per 
second past any given point. 

This enormous number does not mean that the electrons are mov¬ 
ing with high speed through a conductor. Actually the number of 

* Andr6 M. Ampere (1775-1836), French physicist and mathematician. 
Ampere began his career as professor of physics and chemistry at Bourg at the 
early age of 26 and later established the relation between electricity and 
magnetism, and helped to develop the subject he called electrodynamics. His 
only son Jean J. Ampere also became famous as a philologist, lecturer, and 
historian. 
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moving charges is so large that their average velocity is but a small 
fraction of a millimeter per second. When we picture a solid con¬ 
ductor as a crystal lattice, similar to that shown in Fig. 30H, the elec¬ 
trons are thought of as moving through the intervening spaces. This 
movement is not completely free, however, but is influenced by the 
repulsion and attraction of like and unlike charges. 

When the early scientists pictured electric currents in an electrolyte 
as a migration of ions through the liquid they gradually came to believe 



Fig. 19C—Experimental arrangement used to demonstrate the charge on the plates of a 

voltaic cell. 

that a current in a wire was a motion of positive ions from the -|- 
terminal of the battery to the — terminal. Adopting this convention, 
certain rules were later devised to explain all of the known phenomena 
produced by electric currents. 

These rules, later adopted by electrical engineers, are still used as 
guides in the design and construction of electrical machines and 
appliances. Similar rules based upon electron flow from — to —(- can 
be formulated and will work equally well, but because they are not 
used by electrical and radio engineers, we, as physicists, continue to 
use the engineer’s system of rules and to speak of an electric current 
as positive charges flowing from -j- t0 —• This is done principally to 
avoid confusion. At times when it is pertinent to do so, however, we 
speak of the flow of electrons, remembering that they flow from — 
to -J-. 

The positive and negative potential of the two terminals of a 
voltaic cell can be demonstrated by means of a condenser and an 
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electroscope. By making the connections as illustrated in Fig. 19C, and 
closing the switch S, the condenser becomes charged, one plate nega¬ 
tively and the other positively. Due to the rather low potential of the 
cell terminals the electroscope shows only a slight rise. If, however, the 
switch S is opened and then the grounded plate of the condenser re¬ 
moved, a large part of the negative charge collected on the insulated 
plate will go to the electroscope and the gold leaf will rise much 
higher. Bringing up a negatively charged rubber rod will now show the 
electroscope to be negatively charged. A repetition of this experiment 

with the battery connections re- 


/ negative terminal versed will show that the cop- 

positive terminal per electrode has a positive po- 

sealinq wax tential. 

19.4. The Dry Cell. Like 
Volta’s first battery, the dry cell 

Z and nmtilT or common "flashlight” battery 
electrode depends for its charge and 

paste containing potential upon chemical activ- 
NH 4 CL and Mn Oz ity. As shown in Fig. 19D the 
outside case of each cell is a 

Ca p r osTtiv°e d efe n ctrode cylindrical zinc container, filled 
r with a wet paste. The positive 

electrode as a rule consists of a 
n IG - . 1 fl 9 D ^ 1 r 0 S . s r ti0n d , ia * ram K a liry round carbon rod at the center. 

cell or flashlight battery, showing the cssen- 

tial elements. The chemical action supplying 

the charge at the cell terminals 
takes place between the zinc container as the negative electrode, the 
wet paste containing ammonium chloride and manganese dioxide as 
the electrolyte, and the carbon rod as the positive electrode. 

When the zinc container of a dry cell becomes too thin by constant 
use or old age the paste dries out and the cell becomes inactive. When 
this happens the cell is worn out and should be replaced by a new one. 
Even upon standing idle a dry cell slowly deteriorates and eventually 
becomes "dead.” 

The potential difference between the two terminals of all common 
dry cells, regardless of their size, is 1.5 volts. The larger a cell is, 
however, the more current can it supply over a given period of time. 

19.5. Storage Batteries. The most common form of storage 
battery is the type used in the modern automobile. These batteries, also 


zinc container 
and negative 
electrode 

paste containing 


Fig. 19D—Cross-section diagram of a dry 
cell or "flashlight" battery, showing the essen¬ 
tial elements. 
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is quite complicated and as yet somewhat uncertain. A simplified ex¬ 
planation, however, can be given as follows: In the electrolyte many 
of the sulphuric acid molecules (H 2 SO 4 ) are dissociated into H + ions 
and SO 4 — ions. Each hydrogen ion carries a unit positive charge and 
each sulphate ion a double negative charge. 

At the one electrode, see Fig. 19F, each Pb0 2 molecule combines 
with four H + ions and one SO 4 ion to form one molecule of PbS0 4 
and two molecules of H 2 O. The PbS0 4 deposits in the grill with a 
double positive charge while the two water molecules go into the elec¬ 
trolyte uncharged. Symbolically, 

Pb0 2 + 4(H+) + S0 4 “ -» PbS0 4 + 2(H 2 0) + 2 ©. (19*) 

At the other electrode each Pb atom 
combines with one SO 4 -- ion to form 
PbS0 4 which deposits in the grill, giv¬ 
ing it a negative charge. 

Pb + S0 4 “ — PbS0 4 + 2 ©. (19c) 

These two processes cease as soon as 
each electrode acquires a charge suffi¬ 
cient to keep S0 4 — ions from the — 
electrode and H + ions from the -)- elec¬ 
trode, by repulsion. When the two 
terminals are connected by a wire as 
shown in the diagram, electrons flow 
through the conductor from — to -(-, 
Fig. 19 F —Schematic diagram of ti lus tending to lower the net charge 

a storage cell when it is discharging, and potential of each plate. This starts 

the chemical action described above 
which continues as long as the circuit is complete permitting a current 
to flow. 

A storage battery is completely discharged when all of the Pb0 2 in 
the one electrode and the Pb in the other is changed to PbSC>4. The 
net cell reaction which has taken place is the sum of the two electrode 
reactions given by adding Eqs. (19*) and (19c), 

Pb0 2 + Pb + 4(H+) + 2(S0 4 —) -♦ 2(PbS0 4 ) + 2(H a O) 
or 

Pb0 2 + Pb + 2(H 2 S0 4 ) -> 2(PbSQ 4 ) + 2(H 2 0), (19<0 
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the two negatives having gone through the conductor and neutralized 
the two positives. 

To recharge a storage battery one requires a source of electrical 
energy. This usually consists, as it does in the modern automobile, of 
an electric generator. By connecting the -j- terminal of a generator 
to the -f- of the battery and the — terminal of the generator to the — 
of the battery, a relatively high negative potential is built up on the 
— electrode and a positive potential on the -j- • These charges reverse 
the chemical actions given above by reversing 
the direction of the ion migration, bringing the 
electrodes and electrolyte back to their original 
condition. 

Eq. (19 d) shows that as a battery discharges 
water (H 2 O) is formed at the expense of sul¬ 
phuric acid (H2SO4). This dilutes the elec¬ 
trolyte, making it less dense than when fully 
charged. Therefore by measuring the density 
of the electrolyte one can determine the amount 
of charge in a battery cell. In practice this is 
done by means of a small hydrometer. 

A battery hydrometer, as shown in Fig. 19G, 
consists essentially of a small, hollow glass tube 
with a lead weight at the bottom and a scale 
along the top stem. This hydrometer is usu¬ 
ally inclosed in a larger glass tube with a rub- Fig ; i9G—Diagram of a 

, , „ , 1 11 , . .. typical hydrometer used 

ber bulb at the top and a rubber tube at the for measuring the density 

bottom. A battery is tested by inserting the a |j d in a storage 

rubber tube through the vent in the top of the a ery ce 

cell and drawing up a small sample of the electrolyte into the main 

glass tube. If the battery is fully charged the hydrometer will float 

high, indicating a density of about 1.275 gm/cm 3 , whereas if it is 

completely discharged it will sink to a low level, indicating a density 

of about 1.125 gm/cm 3 . 

The purpose of the storage battery used in the modern automobile 
is: (1) to supply current to the starter (a small powerful electric motor 
which turns the engine crankshaft to get the motor started); (2) to 
supply current to the ignition system (a system which ignites the gas 
by high voltage sparks at the spark plug terminals within the cylin¬ 
ders) ; and (3) to supply current to the lights and the radio. The 
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battery is kept charged at all times by the small electric generator 
■which is kept turning continuously by the running motor. 

Due principally to the evaporation of water from the electrolyte, 
and the occasional loss of water by the overcharging of a battery, dis¬ 
tilled water must occasionally be added to each cell. This is added 
through the vent plugs shown in Fig. 19E. 

Very large storage batteries are used in submarines to turn the 
electric motors driving the ships’ propellers. When a submarine is 
cruising at the surface, Diesel engines burning crude oil recharge the 
batteries and also drive the ships’ propellers. Submerged, no combus¬ 
tion engines are used as they require large quantities of oxygen. Stor¬ 
age batteries are also used to light the coaches of trains. These are 
charged from generators mounted under the coach and driven by a 
belt from the axle of a pair of turning wheels. Regardless of the size 
of a storage battery, each cell supplies a difference of potential at its 
terminals of 2 volts. The larger the area of each electrode of a storage 
battery the greater is the available current. 

19.6. Resistance. Every material object offers some resistance to 
the flow of an electric current through it. Good conductors like the 
metals, copper, silver, and aluminum, offer very little resistance, while 
non-conductors like glass, wood, and paper offer a very high resistance. 

The unit by which resistance is measured is called the ohm, in honor 
of the German physicist G. S. Ohm.* The standard international ohm is 
Idefined as the resistance offered to a steady electric current by a column 
•of mercury 1 sq mm in cross-section and 106.3 cm long at a temperature 
of 0° C. An iron wire of these dimensions has a resistance of about 
one tenth of an ohm. 

There are several factors that determine the electrical resistance of 
any wire (1) the material of which it is composed, (2) the size of the 
wire, and (3) its temperature. If the length of a wire is doubled its 
resistance is likewise doubled; if the cross-sectional area is doubled 

* George Simon Ohm (1787-1854), German physicist, was born at Erlavgen 
and educated at the university there. After teaching mathematics in Cologne 
for sixteen years, and in Nuremberg for sixteen more, he became professor of 
experimental physics in the high school at Munich. His writings were numer¬ 
ous and but for one exception were not of the first order. This single excep¬ 
tion consists of a pamphlet on electric currents the most important part of which 
is summarized in what is now called "Ohm’s Law." For this work he was 
awarded the Copeley Medal of the Royal Society of London in 1841 and made 
a foreign member of the society one year later. 
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the resistance is halved. In more general terms, the resistance of a wire 
is proportional to its length and inversely proportional to its cross- 
sectional area. Symbolically, 

z= P2> (190 

where R is the resistance, L the length, A the cross-sectional area and p 
the specific resistance of the material in question. Specific resistance is 
defined as the resistance of a wire 1 cm long and 1 cm 2 in cross-section. 
Values of this constant are given for several common metals in Table 
191. The smaller the constant p the better is that substance as a 
conductor. 


Table 19 I. Specific Resistance of Metals, p 

Aluminum... p — 3 X 10~ 6 ohm cm Mercury. p =96 X 10 -6 ohm cm 

Bismuth. p = 119XlO~ 6 “ “ Silver. p= 1 X10 -6 “ “ 

Copper. p= 2 X 10 -6 “ “ Tungsten. p= 5 X 10~ 6 " “ 

Iron. p= 15 X 10~ 6 " “ Platinum. p = ll X 10~ 6 " " 


To find the resistance of any sized wire made of one of these metals, 
the value of p is inserted in Eq. (190 a ^ on g with the length and cross- 
sectional area, and the value of R calculated. To illustrate the method 
consider the following. 

Example. Find the resistance of a copper wire 1 sq mm in cross- 
section and 300 meters long. Making use of Eq. (190 > an d remember¬ 
ing there are 100 sq mm in 1 sq cm, 


„ 300 meters fi 30,000 cm „ , 

R-2X 10-° - -= 2 X 10~ 6 -~rr- T = 6 ohms. 

1 sq. mm 0.01 cnr 

19.7. Ohm’s Law. This is the simple law in electricity which 
makes it possible to determine the current flowing through a circuit 
when the resistance of the circuit and the electromotive force of the 
applied battery, are known. Simply formulated, it states that the cur¬ 
rent in a conductor is equal to the difference of potential between the 
ends of the conductor divided by the resistance between them. As an 
equation this is written, 

difference of potential 
resistance 


Current = 


(19 f) 


Symbolically, Ohm’s Law is often written, 

V volts 

/= 5 , or amperes = 


( 19 «) 
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The law is of great importance because of its very general and 
practical application to so many electrical phenomena. One of its 
simplest applications is illustrated in Fig. 19H. A dry cell with an 
e.m.f. of 1.5 volts is directly connected by wires to a small light-bulb. If 
the resistance of the bulb is 3 ohms the current flowing through the 
circuit is 


1.5 volts 
3 ohms 


0.5 ampere. 


Although the resistance as used here is only the resistance of the 
light-bulb, it should include the resistance of the connecting wires as 
well as that of the battery. In practice one usually uses wires of suffi¬ 
ciently low resistance that they can be neglected in calculations. If 

they are not small they 
•3 ohms cannot be neglected and 

must be added in as part 
of the R in Ohm’s law. 

Electrical and radio en¬ 
gineers find it convenient 
in practice to use an ab¬ 
breviated form of symbols 
for electrical circuits. As 
shown in Fig. 19H(b), a 
long and short line drawn 
parallel to each other rep¬ 
resents the -f- and — terminals of a single battery cell, a zig-zag line 
represents a resistance, the capital letter V is used for volts, and the 
Greek letter Q stands for ohms. 

If any two of the three quantities, e.m.f., resistance, and current are 
known for a circuit the third can always be determined by substituting 
in Ohm’s law. In other words, any one of the three factors may be the 
unknown, and Ohm’s law may be written in any one of three ways; 



' 0-5 ampere 


0.5 amp. 


Fig. 19H—Two different diagrams of the same 
electrical circuit consisting of one dry cell and one 
small light bulb. 


I = 



or V = IR. 


(194) 


19.8. Battery Cells in Series and Parallel. The storage batter)' 
in the average modern automobile contains three cells connected to¬ 
gether in series. By series connections is meant that the -|- terminal 
of one cell is connected to the — terminal of another as illustrated in 
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Fig. 191(a). Two dry cells are also shown connected in series in 
diagram (b) and two others connected in parallel in diagram (c). 

The purpose of connecting two or more cells in series is to obtain 
a higher e.m.f. than is available with one cell alone. The resultant 
e.m.f. obtained from several cells in series is just the sum of those for 
the individual cells. The three cells of a storage battery, for example, 
give a resultant of 2 -(- 2 -f- 2 or 6 volts and the two dry cells in 
diagram (b) 1.5 -f- 1.5 or 3 volts. One hundred dry cells in series 
would give 100 X 1.5 or 150 volts. 

When battery cells are connected in parallel the e.m.f. of the com¬ 
bination is not raised above that of any one of the cells alone. Such 
connections are seldom made and only then if the cells are of the same 




Fig. 191—Diagrams of battery cells connected in series and parallel, (a) A storage 
battery of three cells connected in series, (b) Two dry cells connected in series, (r) Two 
dry cells connected in parallel. 


kind and voltage. As shown in diagram (c) the e.m.f. between A and 
B is 1.5 volts. Occasionally it happens that the voltage of a cell is 
high enough for the purpose for which it is to be used but that it cannot 
supply a large enough current. Connecting several cells in parallel will 
overcome this difficulty. 

19.9. Resistances in Series and Parallel. When several elec¬ 
trical devices are connected together in series the resistance R of the 
combination is ecjual to the sum of the resistances of the individuals. 

Symbolically, 

R = Rj + R 2 + R 3 + £4 + Ctc. (190 

This, the law of series resistances, is illustrated by an application of 
Ohm’s law to the complete electric circuit in Fig. 19j(a). Three re¬ 
sistances Rx = 5 ohms, i ?2 = 1 ohm, and R 3 = 3 ohms are connected 
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in series with a battery of nine storage cells. The sum of the resistances 
gives R = 5 -|- 1 -f- 3 = 9 ohms, and the voltage of the battery is 
V = 9 X 2 = 18 volts. Applying Ohm’s law, Eq. (19*), the current 
flowing through the circuit is 

1=^=2 amps. (19/) 

This means that the same current flows through the high resistance 
as well as the low. Like water flowing through pipes of different sizes 
connected one after the other, just as much water passes through one 



Fig. 19J—Circuit diagrams for (a) three resistances in series, and ( b ) three resistances 

in parallel. 

pipe per second of time as through any other, and none can accumulate 
at any point. 

When several resistances are connected together in parallel the 
reciprocal of the resistance of the combination is given by the sum of 
the reciprocals of the individual resistances. 


i = ±+l+i 

R Ri'R 2 ' R 3 



09 *) 


This, the law of parallel resistances, is illustrated by the complete 
circuit diagram in Fig. 19j(b). 

Three resistances Ri = 6 ohms, R 2 = 12 ohms, and R 3 = 4 ohms 
are connected in parallel to a battery of six storage cells giving a total 
voltage of 12 volts. To find the current supplied by the battery the 
equivalent resistance R of Ri, R 2 , and R 3 is first determined. 

Substituting in Eq. (19*), 

i.i+i+L 

R 6 12 4 




Thus 6 amperes flow from the terminal of the battery at P along 
the wire to the junction at A where it divides into three parts. Coming 
together again at junction B the total current of 6 amperes flows to the 
battery terminal M. 

To determine just how the current divides, that is, how much flows 
through one resistance and how much through the other, Ohm’s law 
may be applied to each resistance separately. 

For Ri Ii = -\j- = 2 amps, 

for R 2 I 2 = -j-f = 1 amp, 

and for R 3 Z 3 = \ 2 - = 3 amps. 

If these are the correct currents their sum must check with the total 
current calculated first: / —— 2 —(— 1 -|- 3 = 6 amps, the same as before. 
At A in Fig. 19j(b) the current divides, 2 amps going through jRi, 1 
amp through R 2 , and 3 amps through R a . 

All the wiring for lights and electrical fixtures in the home forms 
a parallel system of resistances. The principal reason for connecting 
them so is that individual lights or fixtures may be turned on or off 
without affecting the others. It will be noted in the series connections 
of Fig. 19j(a) that a break in the circuit at any point like A, B, C, or D 
will stop the current in all parts of the circuit. Some of the lights 
commonly used on Christmas trees are connected in series; when one 
light burns out it opens the circuit at that point, stopping the current 
in all the other lights. This cannot happen in a parallel system of 
wiring since each light forms a separate circuit. 
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19.10. Variable Resistance. Occasionally one wishes to be able 
to vary the current through an electric circuit. Such is the case for 
example when a "bank of lights” are to be dimmed slowly to extinc¬ 
tion. One possible way of doing this is by means of a variable or slide 

wire resistance, called a rheostat. 

One common form of rheostat is 
shown in the photograph of Fig. 
19K. A long resistance wire, made 
of iron or other suitable metal, is 
wound around an insulator tube 
4 and mounted with a slider. Pushed 

Fig. 19K—Photograph of a slide wire along from one end to the other the 
resistance (sometimes called a variable , , , 

resistance or rheostat). slider makes contact wherever de¬ 

sired.* Symbolically, such a resis¬ 
tance may be connected to an electric appliance like a light as shown 
in Fig. 19L, the arrowhead S representing the sliding contact. Wher¬ 
ever the contact S is located the resistance of the circuit consists of the 
resistance of the light, the battery, the connecting wires, and the section 
of the slide wire from A to S. As S is moved closer to A the resistance 
decreases and the current through the entire circuit, by Ohm’s law, in¬ 
creases. As S is moved toward B the resistance 
increases and the current drops to a lower /liqbt 

value. current K l)- | 

19.11. Superconductivity. As the tern- ' 

perature of a wire increases its electrical \nov. 

resistance also increases, and as the tern- ^ I— 

perature is lowered the resistance decreases. 11— 

Although the reverse is true for some sub- A rheostat B 

stances the above rule holds for most of Fig. 19L—Circuit diagram 
the common metals we call conductors. This “"Xd^Theostat. 1 " 15 * 
is the principle upon which the electrical 

resistance thermometer, described in Sec. 11.3, depends for its 
operation. 

As the temperature of some metals is lowered to near absolute zero 
they exhibit a sudden drop in resistance to almost zero. In other words, 
they become almost perfect conductors offering practically no resistance 
to an electric current. This change occurs at 8.2° K for lead, 4.1° K 
for mercury, 3.7° K for tin, and 2.4° K for thallium. 

Superconductivity was first demonstrated by Kammerlingh Onnes, 


current 


* rheostat b 

Fig. 19L—Circuit diagram 
containing a variable resis¬ 
tance, called a rheostat. 

11.3, depends for its 
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the Dutch physicist, who immersed a ring of lead wire in liquid helium 
at a temperature of 4° K. By means of a magnet he then started a cur¬ 
rent flowing in the wire and observed that it continued to flow for 
several days. On one occasion he started a current flowing in a super¬ 
conducting metal ring in his laboratory in Holland, and then flew with 
it by airplane to England where he demonstrated before the Royal 
Society that the current was still flowing. In contrast to this, the same 
current started in the same ring maintained at room temperature would 
stop in a very small fraction of a second. 

At normal temperatures the so-called free electrons in a wire are 
in a rapid state of random vibration, much the same as the molecules in 
a gas. Connecting the ends of a wire to a battery simply causes a slow 
drift of these electrons in the direction of the terminal. Among the 
random motions of the electrons there are moments when a large num¬ 
ber of electrons, by pure chance, are moving in the same direction. 
Such chance motions result in minute random currents first in one direc¬ 
tion then in another. These random currents can be heard by amplify¬ 
ing them with a suitable radio circuit. It is well known that radio 
amplification is limited by the noise from the random motions of elec¬ 
trons in some of the connecting wires. 

As the temperature of a wire is lowered the vibrations of the elec¬ 
trons, as well as those of the atoms forming the lattice of the conductor, 
slow down, until near absolute zero they are almost at rest. It is under 
these conditions that the electrons in some metals seem to be able to 
move freely through the lattice and give rise to what has been called 
superconductivity. 


QUESTIONS 

1. Define or explain the following: (a) electric current, (b) ampere, (c) ohm, 
(d) specific resistance, and (e) superconductivity. 

2 Diagram a voltaic cell containing zinc and copper electrodes, and hydro¬ 
chloric acid as a dielectric. Explain the chemical activity by which one 
electrode obtains a positive potential and the other a negative potential. 

3. Diagram three dry cells connected first in series then in parallel. Indicate 
the resultant voltage obtained in each case. 

4. Diagram four resistances Rj = 2 ohms, Ro = 10 ohms, R a = 5 ohms, and 
d _ 20 ohms, connected first in series and then in parallel. 

5. State Ohm’s law and illustrate by making a simple electrical circuit diagram. 

6. Arrange the following metals in the order of their ability to conduct elec¬ 
tricity, the best conductors at the head of the list and poorest at the bottom. 
Aluminum, bismuth, copper, iron, tungsten and platinum. 
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PROBLEMS 

1. A current of 5 amperes flows through an electric toaster: (a) Find the 
number of Coulombs per second flowing through the wire, (b) Find the 
number of electrons per second passing by any point in the wire. 

2. An aluminum wire 1 sq. mm in cross-section is 5 meters long. Calculate 
its resistance in ohms. 

3. The filament in a light bulb is made of tungsten wire having a cross- 
sectional area of 0.001 sq, mm and a length of 4 cm. Find its resistance. 

4. A platinum wire 0.01 sq. mm in cross-section has a length of 20 cm. Find 
its resistance in ohms. 

5. A battery of 3 dry cells is connected to flashlight bulb having a resistance 
of 18 ohms. Find the current. 

6 . A storage battery of 3 cells is connected to a car radio whose resistance is 
1.5 ohms. Find the current supplied. 

7. Three resistances i? 1 = 5 ohms, R 2 = 7 ohms, and R 3 = 13 ohms are 
connected in series. Find their equivalent resistance. 

8. Three resistances R x = 4 ohms, f? 2 = 5 ohms, and R 3 = 20 ohms are 
connected in parallel. Find their equivalent resistance. 

9. Car headlights have a resistance of one ohm. Find the equivalent resistance 
of both headlights if they are connected in parallel. 

10. Find the current supplied by a 3 cell storage battery to the two headlights 
in problem 9. 

11. Three resistances R x = 8 ohms, R 2 = 10 ohms, and R 3 = 40 ohms are 
connected in parallel to a battery having an e.m.f. of 110 volts. Find (a) 
the equivalent resistance of the three resistances, (b) the current supplied 
by the battery, and (c) the current flowing through each resistance sepa¬ 
rately, Make a diagram. 



Chapter 20 “ Effects of Electric 
Currents 


Everyone is more or less familiar with the electrical appliances of 
the modern household; the electric lights, electric toaster, iron, refrig¬ 
erator, vacuum cleaner, washing machine, etc. All of these devices 
depend for their operation upon one or more of three general effects 
produced by electric currents: these are (l) the heating effect, (2) the 
magnetic effect, and (3) the mechanical effect. It is the purpose of this 
chapter to consider these different phenomena and to take up in some 
detail the important principles involved in each. 

20.1. The Heating Effect of an Electric Current. When an 
electric current is sent through a wire, heat is generated and the tem¬ 
perature of the wire rises. If the current is increased, the rate at which 
heat is generated increases rapidly until the wire itself glows a deep 
red. A still further increase in current will heat the wire to a yellow or 
white heat. Beyond this point, if it has not already done so, the wire 
will reach a temperature where it will melt and become a liquid. 

Whether a wire is only warmed by an electric current or heated to 
incandescence depends upon a number of factors, the two principal ones 
of which are the current and the resistance. Experiment shows that the 
heat developed in a wire is directly proportional (1) to the resistance R, 
(2) to the square of the current /, and (3) to the time t. 

Expressed as an algebraic equation, 

Heat = kI 2 Rt, (10a) 

where k is the proportionality factor. To be able to calculate exactly 
the amount of heat produced in calories the value of k must be known. 
Experimentally this was first determined by James Joule, an English 
physicist in 1843, and later by many other experimenters, and found to 
have the value 0.24. If the current is measured in amperes, the re¬ 
sistance in ohms, and the time in seconds, then 

Heat in calories = 0.241 2 Rt. (20b) 

This is known as Joule’s Law. 
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For some electrical appliances heating is a desired effect while in 
others it is a source of trouble and even danger. In an electric iron, 
hot plate, or toaster, for example, heat is the main objective of the 
device. In such appliances a relatively large current of several am¬ 
peres is sent through a coil or element of special wire havin'g a re¬ 
sistance of several ohms. As a rule the wire is of a special type known 
as resistance wire, and of such a size that the heat developed will not 
raise the temperature of the element beyond a red heat. Diagrams of 
typical heating elements used in three different household appliances 
are shown in Fig. 20A. 

In the incandescent light bulb, see Fig. 22A, a fine tungsten metal 
wire having a resistance of from 50 to 1000 ohms is heated to a white 
heat by a current of only 14 to 2 amperes. Tungsten wire is used 



Fig. 20A—Diagrams of the heating elements used in various electrical appliances 
found in some modern homes, (a) for electric iron, (b) for electric stove, and (c) for 
electric toaster. 

because of its extremely high melting point, and it is wound in a tiny 
but long and thin spiral. 

Electric motors like those used in vacuum cleaners, washing ma¬ 
chines, and refrigerators, are examples of electrical devices where heat¬ 
ing may become a troublesome effect. The same is true of all the electric 
wires leading from room to room through the walls of a house. If 
these wires become overheated, due to excessively large currents, their 
rubber covering used as insulation may burn off and start a fire. To 
prevent this fuses are used. 

A fuse consists of a short strip of aluminum, or alloy of tin and 
lead, mounted in a suitable receptacle or cartridge and so connected 
that all the current must pass through this strip. If for any reason 
the current exceeds a specified value the heat generated in the strip 
will melt it, thus opening the circuit and stopping the current. 
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To calculate the heat generated in an electrical circuit consider the 
following simple problem. 

Example. If the heating element of an electric toaster has a re¬ 
sistance of 22 ohms and is connected to an ordinary house lighting cir¬ 
cuit of 110 volts, how much heat will be generated in one minute? 

From Ohm’s law, Eq. (19g), the current is first calculated 

110 

1 = 22 * = 5 amperes. 

Making use of Joule’s law by substituting the current in Eq. ( 20 &), 
Heat in calories = 0.24 X (5 ) 2 X 22 X 60 = 7920 calories. 


20.2. Magnetic Effect, Oersted’s Experiment. The first discov¬ 
ery of any connection between electricity and magnetism was made 
by Oersted* in 1820. Often during his lectures, at the University of 
Copenhagen, Oersted had demonstrated 
the nonexistence of a connection between (a ' <M (c> 

electricity and magnetism. His usual cus- - j + j w - E 

tom was to place a current-carrying wire ^ N . s 

at right angles to and directly over a com- N ^ ^ || IT ’ N 

pass needle and show that there was no |s v 

effect of one on the other. On this one j , 

occasion at the end of his lecture, when + J 

several of the audience came up to meet Fig . 20 B—Diagram of Oersted's 

him at the lecture room desk, he placed experiment illustrating the effect of 
. 11 t . .1 an electric current upon a compass 

the wire parallel to the compass needle nee dle. 
and, not the least expecting it, saw the 

needle move to one side. See Fig. 20 B. Upon reversing the current in 
the wire the needle, to his amazement and perplexity, deviated in the 


* Hans Christian Oersted (1777-1851), Danish scientist. Bom the son 
of an Apothecary Oersted spent part of his boyhood teaching himself arith¬ 
metic. At the age of 12 he assisted his father in his shop and there became 
interested in chemistry. Passing the entrance examinations at the University 
of Copenhagen at the age of seventeen he entered the medical school to graduate 
six years later with his doctorate in medicine. At twenty-nine he came bade 
to £he university but this time as professor of physics. It was at one of his 
demonstration lectures on chemistry and metaphysics that he discovered the 
magnetic effect bearing his name. The discovery not only brought him many 
endowments and prizes but made him one of the most eminent personalities 
in his own country. 
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opposite direction. Thus this great discovery was made quite by acci¬ 
dent, but, as Lagrange once said of Newton on a similar occasion, "such 
accidents only come to those who deserve them.” 

20.3. The Right-Hand Rule. Oersted’s experiment is interpreted 
as demonstrating that around every wire carrying an electric current 
there is a magnetic field. The direction of this field at every point, 
like that around a bar magnet, can be mapped by means of a small 
compass or by iron filings. If a wire is mounted vertically through 
a hole in a plate of glass or other suitable non-conductor and then 
iron filings sprinkled on the plate, there will be a lining up of the 
filings parallel to the magnetic field. The result shows that the mag- 



Fig. 20C—Experiment demonstrating the magnetic field about a straight wire carrying 

an electric current. 


netic lines of force are concentric circles whose planes are at right 
angles to the current. This is illustrated by the circles and arrows in 
Fig. 20C. 

The right-hand rule so often used in electromagnetism can always 
be relied upon to give the direction of the magnetic field due to a 
current in a wire. Derived from experiment, the rule states that 
grasping the current-carrying wire with the right hand, the thumb 
pointing in the direction of the electric current, -f- to —, the fingers will 
point in the direction of the magnetic field. 

20.4. Magnetic Properties of a Solenoid. Not long after the 
announcement of Oersted’s discovery of the magnetic effect of a cur¬ 
rent carrying wire, Ampere found that a loop or coil of wire acted as 
a magnet. This is illustrated by a single loop of wire in Fig. 20D, and 
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by a coil of several turns of wire, in Fig. 20E. A coil of wire of this 
kind is sometimes referred to as a solenoid or as a helix . In either case 
the magnetic lines of force are such that one side or end of the coil acts 
like an N magnetic pole and the other side or end like an S magnetic 
pole. 

At all points in the region around a coil of wire carrying a current 
the direction of the magnetic field, as shown by a compass, can be pre¬ 
dicted by the right-hand rule. Inside each loop or turn of wire the 
lines point in one direction, whereas outside they are oppositely directed. 



Fig. 20D—Diagram of the magnetic field through and around a single loop of wire 

carrying an electric current. 

Outside the coil the lines go from N to S in quite the same way they 
do about a permanent bar magnet, whereas inside they go from S to N. 

Not only does one coil of wire act like a magnet but two coils may 
be used to demonstrate the repulsion and attraction of like and unlike 
poles. 

Another right-hand rule which must not be confused with the one 
in the preceding section, but which follows directly from it, is the fol¬ 
lowing: grasp the solenoid with the fingers pointing in the direction of 
the flow of current, around the coil from -f to —, and the thumb 
points in the direction of the N pole. 
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20.5. The Electromagnet. Five years after Oersted’s discovery 
and Ampere’s demonstration of the magnetic properties of a solenoid, 
William Sturgeon filled the center of a coil of wire with soft iron and 



Fig. 20E—Diagram of the magnetic field around a solenoid carrying an electric current. 


thereby produced a powerful magnet. This is illustrated in Fig. 20F. 
As long as the current continues to flow the addition of the iron core 
produces a magnet hundreds of times stronger than does the solenoid 



Fig. 20F—Diagram of an electromagnet and the field surrounding it when a current flows 

through the coil. 

alone. A nearby compass needle if set oscillating will demonstrate 
this by vibrating quickly with the iron core in place and slowly with it 
removed. 
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Again, with the iron core in the solenoid a nearby rod of soft iron, 
magnetized by induction as shown in Fig. 18N, will attract iron filings 
much more strongly than when the iron core is removed. 

20.6. Mechanical Effects of Electric Currents. It was on 
Christmas day, 1821, that Michael Faraday * produced the first me¬ 
chanical motion by means of a permanent magnet and an electric 
current. It was he who discovered that when a wire carrying a cur¬ 
rent is placed in the field of a magnet that a mechanical force is exerted 
on the wire. This, the principle upon which the modern electric motor 
is based, is illustrated in Fig. 20G. 

The dotted circles in diagram (a) represent the circular magnetic 
lines of force around a straight wire carrying a current "out” from 
the page, and the solid lines the magnetic lines of force between two 
opposite poles of the same or different magnets. Each of these sets of 
lines is drawn independent of the other, for when both the current 
carrying wire and magnet are present at the same time there can be but 
one resultant field, one similar in form to that shown in diagram (c). 
Recalling that magnetic lines of force act like stretched rubber bands, 
it becomes clear from this second diagram why the wire experiences a 
force F toward the left. 

♦Michael Faraday (1791-1867), English experimental physicist. Bom 
the son of a blacksmith Faraday s early life was spent earning his living as a 
bookbinder's apprentice. Taking time from his work to read some of the books 
passing through his hands, Faraday became intensely interested in science. With 
a passionate desire to make science a life work his chance finally came when 
he was made a valet and assistant to the great English scientist Sir Humphry 
Davy of the Royal Institute. As a young man he openly proclaimed that 
women were nothing in his life, and even wrote and published a poem in 
criticism of falling in love. At the age of 29 he saw, fell desperately in love 
with, and married Sarah Barnhard who became a devoted and inspiring com¬ 
panion for the nearly fifty remaining years of his life. Four months after his 
marriage he made the famous discovery of the motion of a wire carrying a 
current in the field of a magnet. Since a current-carrying wire would move 
in a magnetic field, should "not the reverse be true and a magnet be made 
to produce current in a wire? For days he experimented with magnets and 
coils of wire until in desperation he plunged a magnet down into a coil and 
observed that a current was generated in the coil. Why had he not discov¬ 
ered this before? The motion was the thing; it was the connecting link he 
had failed to realize. For this discovery the whole scientific world sought to 
honor him. So many universities gave him honorary degrees that he soon 
had to turn down such honors. He refused the presidency of both the Royal 
Institute and the Royal Society of London, and also refused to be knighted. 
Like all great scientists he loved his work more than these honors. 
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To understand how such a "distorted” field can be the result of 
two symmetrical fields, it must be remembered that the field at any 
point represents the direction of the force acting on an N pole placed 
at that point. Consider therefore, as examples, the points A, B, C, 
and D of diagram (a). At A the field due to the wire is down and 
that due to the magnet is up. If these two forces are of approximately 
the same magnitude they cancel each other as shown by the small vector 
diagram at A in diagram (b). At B the field due to the wire is directed 
toward the left and that due to the magnet is up. The resultant field 
therefore slants up and to the left, as shown in diagram (b). At C 
both fields are up, reinforcing each other, while at D the one is to the 



Fig. 20G—Diagrams of the magnetic field around a straight wire carrying an electric 
current when it is placed between the poles of a magnet. 

right and the other is up giving a resultant slanting up and to the right. 
This process repeated for many other points will produce the result 
shown in diagram (c). 

It is important to note that the direction of the current in the wire, 
the direction of the field of the magnet, and the direction of the force F 
are all at right angles to each other. Furthermore, the direction of the 
force F can be quickly ascertained by applying the right-hand rule to 
the current in the wire. Grasping the wire with the right hand the 
thumb pointing in the direction of the current ( -f- to —■), the force is 
toward the weakened field, that is, toward the region where the fingers 
are oppositely directed to the field of the magnet. 

Tlie existence of a mechanical force may be demonstrated in many 
ways. One simple experiment is shown in Fig. 20H. Two parallel 
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brass bars fastened to a board are placed over the N pole of a magnet 
and then connected to a battery. When a round metal rod is now laid 
across the bars allowing a current to flow in the direction shown the 
rod experiences a force and rolls to the left. A reversal of either the 
current in the wire or the polarity of the magnet will cause the rod to 
roll to the right. A reversal of both will cause it to roll to the left. 

It should be mentioned that this force is exerted on the electrons, 
the moving charges in the wire, and that they being confined to the 
wire cause it to move. An electron at rest in a magnetic field experi¬ 
ences no force from the magnet. An electron moving across magnetic 
lines of force experiences a force at right angles to both the field and 



Fig. 20H—An experimental arrangement for demonstrating that a wire carrying a 
current in a magnetic field experiences a force tending to move it across the field at right 
angles to the current and at right angles to the field. 

the direction of motion. If H is the field strength in oersteds, e is the 
charge on the electron measured in electrostatic units, and v is the ve¬ 
locity of the electron in cm/sec, the force exerted on the electron is 
given by the product, Hev. 

Force (in dynes) — Hev (2.0c) 

20.7. The Electric Motor. An electric motor is a device by 
which electrical energy in the form of an electric current is trans¬ 
formed into mechanical energy. The principle of the motor is illus¬ 
trated in Fig. 201. A wire carrying an electric current is bent into a 
loop and placed between two magnetic poles as shown in diagram (a). 
In this horizontal position the resultant magnetic field is distorted as 
shown in diagram (b), forcing one wire down and the other up. 
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Mounted free to turn about an axis, the loop rotates until it is in a 
vertical plane. At this point the current in the loop is reversed in direc¬ 
tion by means of sliding contacts and a split ring commutator. The re¬ 
versal of the current reverses the forces so that the side of the loop 
which was previously pushed up is now pushed down and the side 
previously pushed down is now pushed up. The loop therefore ro¬ 
tates through half a turn more where the current again reverses. A 
repetition of this reversing process at each half turn gives rise to a 
continuous rotation, the left side of the coil or loop always moving 
down and the right side always moving up. 

A diagram of a simple type of commercial motor is shown in 
Fig. 20J. Instead of one loop of wire as just described there are 



Fig. 201—Illustrations showing the principle of the electric motor. 


several separate coils of wire. All mounted at different angles on a 
drum, the two ends of each coil are connected to two small copper 
bars insulated from each other by mica and set in a ring called the 
commutator. The coils of wire, the commutator, and the shaft on 
which they are mounted, rotate as a unit in bearings at each end of 
the shaft. This whole rotating part is called the armature. The pur¬ 
pose of the brushes is to send current through one or more coils at a 
time and always at such a moment when the wires of those coils are 
moving down by the N pole and up by the 5 pole through the strongest 
part of the magnetic field. A strong magnetic field, and hence a more 
powerful motor, is obtained by making use of the principle of the elec¬ 
tromagnet, that is, by winding wire around the iron pole pieces and 
sending a current through them. These coils are called the field wind- 
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ings. If the armature and field windings are connected in series with 
the source of electrical energy, as shown in the figure, the motor is 
called a series wound motor. If they are connected in parallel the 
motor is said to be shunt wound. 

Another factor which increases the power of a motor is the inser¬ 
tion of iron in the armature coils. The effect of this iron is to 
strengthen the magnetic field due to the armature windings in the 
same way that an iron core was shown in Sec. 20.5 to strengthen the 
field of a solenoid. 

There are in practical use today motors of many kinds and descrip¬ 
tions. While the size and design of electric motors differ considerably 



Fi Gi 20J_Schematic diagram of an electric motor showing the essential electric and 

magnetic parts. 


the fundamental principles of nearly all of them are as given above. 
The purpose of all electrical motors, however, is the same and that is 
to transfer electrical energy into mechanical energy. 

20.8. Ammeters and Voltmeters. Electrical instruments de¬ 
signed to measure the strength of an electric current are called am¬ 
meters, and those designed to measure electromotive force or potential 
difference are called voltmeters. The principle upon which both of 
these devices operate is essentially the same as that of the electric 
motor as shown in Fig. 201. They differ from the motor, however, in 
the delicateness of their construction and the restrained motion of the 
rotating armature. 
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A coil of fine copper wire is so mounted between the two poles of 
a permanent magnet that its rotation, as shown in Fig. 20K, is re¬ 
strained by a hairspring. The farther the coil is turned from its equi¬ 
librium or zero position the greater is the restoring force. To this 
coil is fastened a long pointer at the end of which is a fixed scale 
reading amperes if it is an ammeter or volts if it is a voltmeter. Upon 
increasing the current through the moving coil of an ammeter or volt¬ 
meter the resultant magnetic field between coil and magnet is dis¬ 
torted more and more. The resulting increase in force therefore 



Fig. 20K—Diagram of the essential parts of an ammeter or voltmeter. 

turns the coil through a greater and greater angle, reaching a point 
where it is just balanced by the restoring force of the hairspring. 

Photographs of two small panel instruments are shown in Fig. 20L. 
The two connections, necessary in each instrument, are on the back 
and not shown. On each instrument they lead to the moving coil by 
means of flexible connections near or through the armature pivots. 

Whenever an ammeter or voltmeter is connected to a circuit to 
measure current or voltage the ammeter must be connected in series 
and the voltmeter in parallel. As illustrated in Fig. 20M, the am¬ 
meter is so connected that all of the current passes through it. To 
prevent a change in the current when such an insertion is made all 
ammeters must have a low resistance. Most ammeters therefore have 
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a low resistance wire, called a shunt , connected across the armature coil. 

A voltmeter, on the other hand, is connected across that part of 
the circuit for which a measurement of the potential difference is re* 
quired. If the potential difference between the ends of the resistance 
]?i is wanted the voltmeter is connected as shown. If the potential 
difference across is desired the voltmeter connections are made at C 
and D, while if the electromotive force of the battery is desired they 
are made at A and D. In order that the connection of a voltmeter to 
a circuit does not change the current in the circuit the voltmeter must 
have a high resistance. 

Very delicate ammeters are often used for measuring very small 
currents. A meter whose scale is calibrated to read thousandths of an 



Fig. 20L—Photographs of the front face of a typical voltmeter and ammeter. The 
two electrical connections to each of these panel type instruments are on the back and 
not shown. (Courtesy of the General Electric Co.) 

ampere is called a milliatnmeter. One whose scale is calibrated in mil¬ 
lionths of an ampere is called a microammeter or galvanometer. The 
essential difference between the latter is that the zero of the micro¬ 
ammeter is at the left end of the scale, whereas with a galvanometer 
it is usually in the center. When the current flows one way through a 
galvanometer the deflection is to the right and when it flows the other 
it is to the left. 

20.9. Induced Electric Currents. Nearly everyone recognizes 
the important role played by electricity in maintaining and improving 
the standards of our modern civilization. Electricity is a form of 
energy for it is made to produce light and heat and to turn electric 
motors. A natural question therefore is to ask, "Where does all this 
electrical energy come from?” A small part of it is obtained from the 
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chemical activity of batteries, but most of it originates through the 
transformation of mechanical energy into electrical energy. This is 
accomplished by turbine-driven generators located either in the distant 
mountains where water power is plentiful or within the cities’ bound¬ 
aries where steam or combustion engines are operated by burning 
fuel. We are not interested at this point in the mechanical phases of 
such machines but in the principles of the electric generator. 

The discovery of induced electric currents goes back over one hun¬ 
dred years to 1831 and the well-planned experiments of Michael Fara¬ 
day. (See footnote, p. 279) A straight bar magnet plunged into a 
coil of wire was found to produce an electric current. The experiment 
is illustrated in Fig. 20N. As the N pole of the magnet is plunged 



Fig. 20M—Circuit diagram showing the connections for an ammeter and voltmeter. 

into the coil, a galvanometer (a sensitive ammeter) needle deflects to 
the right; when it is withdrawn the needle deflects to the left, indi¬ 
cating a current in the opposite direction. If the S pole is moved down 
into the coil the needle deflects to the left and as it is withdrawn the 
deflection is to the right. 

The relative motion of coil and the magnet is what produces the 
current and it makes no difference whether the coil moves, whether 
the magnet moves, or whether both move. The electrical engineer 
expresses this in another way by saying that only when a wire is cutting 
across magnetic lines of force is there an induced current. To demon¬ 
strate this a second experiment is illustrated in Fig. 200. A flexible 
wire connected to an ammeter is moved in various ways across the N 
pole of a magnet. When the wire is moved to the right, as shown by 
the force P, a current flows in the direction shown by the arrows. If 
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the wire is moved in the opposite direction the induced current reverses 
direction. If now the wire is moved vertically upward or downward 
parallel to the field of the magnet no current flows. To induce a cur¬ 
rent the wire must be cutting across lines of force. 



induced current 


Fig. 20N—Diagram of Faraday s experimental discovery of induced electric currents. 

The fact that a current is produced means electrical energy has been 
created; it has been created at the expense of mechanical work, for in 
moving the wire across the field a force F had to be exerted for a dis- 



Fig. 200— Experimental arrangement for demonstrating an induced current produced in 
a wire while it is cutting across magnetic lines of force. 

tance s. The faster the wire moves and the stronger the field of the 
magnet the greater will be the required force and the greater will be 
the induced current and electromotive force. If the wire stops moving 
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in mid-field the current stops. These are the essential principles of 
the electric generator. 

The right-hand rule may be used to predict the direction of an in¬ 
duced current. As the wire moves across the pole of a magnet as 
shown in Fig. 200, the magnetic lines of force, acting like stretched 
rubber bands, are distorted under the action of the force F and bend 
away as shown in diagram (b). If the wire should now be grasped 
with the fingers pointing in the direction of the lines of force on the 
"strong field” side of the wire, that is, where the lines are pushed to¬ 
gether, the thumb will point in the direction of the induced current. 

20.10. The Electric Generator. An electric generator is con¬ 
structed the same as an electric motor, with a rotating armature con¬ 
taining coils of wire, pole pieces, field windings, brushes, and a 




Fig. 20P— (a) Schematic diagram illustrating the principle of the electric generator. 
(b) Detail of split ring commutator necessary for obtaining a direct current. 


commutator (see Fig. 20J). Instead of supplying an electric current 
to obtain mechanical rotation, mechanical work is done to turn the 
armature thus producing an electric current. In addition to flowing 
through the armature coils the current is also made to flow through 
the field windings, thus strengthening the magnetic field in which the 
armature is moving. The latter improvement makes for a more effi¬ 
cient generator and raises the e.m.f. supplied at the generator’s out¬ 
put terminals. 

If, in the construction of a generator, two solid rings are used as a 
commutator, as shown in Fig. 20P(a), the current delivered to the 
brushes flows first in one direction, then in the other. The reversal of 
current with each half turn of the armature is due to the fact that each 
wire moves up across the field at one instant and down at the next. 
At one instant the one terminal is positive and the other negative; at 
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the next instant the first terminal is negative and the second positive. 
This periodically reversing e.m.f. produces what is called an alter 
nating current . 

If a direct current is desired the commutator of the generator must 
be of the split-ring type illustrated in diagram (b). It can be seen 
with this arrangement that one brush is at all times in contact with 
wires moving up across the field while the other is in contact with wires 
moving down across the field. This produces a uni-directional current 
and the whole machine is called a direct current generator . 

It is important to note that a generator does not make electricity. 
The electricity, or electric charge, is always in the wire, and a generator 
sets it into motion. A generator produces an electric current. 

20.11. Direct and Alternating Currents. The difference be¬ 
tween a direct and an alternating current is that a direct current always 
flows in one direction, while an alternating current reverses its direc- 



direct current alternating current 

Fig. 20Q—Graphs of direct and alternating currents, (a) 110-volt direct current. 

( b ) 110-volt alternating current. 

tion periodically. To send a direct current through an electric circuit 
a source capable of maintaining a constant potential difference between 
its terminals is necessary. For this purpose a battery or direct current 
generator is used. To send an alternating current through a circuit, 
on the other hand, a source capable of periodically reversing the po¬ 
tential difference between its outlet terminals is required. To this end 
an alternating current generator or a transformer is usually employed. 

Both types of current are represented graphically in Fig. 20Q. The 
vertical scale represents either the direction of the current or the po¬ 
tential of one of the source terminals with respect to the other, and 
the horizontal scale represents the time. Within the short time of one 
second the generators in most power plants alternate the current many 
times. For example, the power supplied to private homes and public 
buildings in nearly all cities in the United States is in the form of alter¬ 
nating current at 25, 50, or 60 cycles, and 110 or 220 volts. 
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A 60 cycle, 110 volt alternating current, for example, is one which, 
in one second’s time, flows 60 times one way and 60 times the other. In 
other words, the current reverses direction 120 times per second. The 
rating of 110 volts specifies a sort of average voltage called the root 
mean square value and not the so-called peak voltage of 155 volts. The 
peak voltage is defined as the maximum potential difference reached. To 
find the average voltage, a single half-cycle loop is divided into equal 
time intervals and the corresponding voltages added. This sum di¬ 
vided by the number of intervals gives the average voltage. 

If an alternating current is supplied to some electrical circuits, 
Ohm’s law, as given by Eq. (19g), does not hold true. In general, 
these are circuits in which there are large coils of wire producing strong 
magnetic fields. In such instances more general and complicated for¬ 
mulas must be used. Alternating current circuits for which Ohm’s law 
does hold true are those in which all of the appliances are pure resis¬ 
tances. Most electric lights and heating units are classified as such. 
In applying Ohm’s law to such circuits it is common practice to use the 
average voltage and calculate the average current. 

The reason that most electrical power systems generate and deliver 
alternating current rather than direct current is not because one is any 
better for general use than the other, but because alternating current 
can be used in conjunction with transformers. These very useful elec¬ 
trical devices are the principal subject of the next chapter. 

QUESTIONS 

1. Name the three different effects of an electric current and illustrate each by 
an example. Make a diagram of each example. 

2. State the right-hand rule as it applies to a straight wire carrying an electric 
current. 

3. Diagram the magnetic field about an electromagnet containing an iron core. 

4 . Explain and diagram the experiment by which Oersted discovered a connec¬ 
tion between electricity and magnetism. 

5. Explain and diagram the experiment by which Faraday discovered induced 
electric currents. 

6 . Diagram and explain the difference between a direct and an alternating 
current. 

7. A current-carrying wire is placed between the poles of a magnet similar to 
that shown in Fig. 20G. Make a similar diagram showing the magnetic 
field if the poles as well as the current in the wire are just reversed. 
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PROBLEMS 

1. An electric toaster connected to the lighting circuit of 110 volts has a resistance 
of 55 ohms. Find the amount of heat produced in one minute. 

2. An electric iron connected to 110 volts draws a current of 5.5 amps. Find 
the heat generated in 10 minutes. 

3. A coffee percolator connected to 100 volts draws a current of 4 amps. Find 
the total amount of heat generated in 5 minutes. 

4. A pan containing one quart of water (946 gm) at a temperature of 20° C is 
heated on an electric hot-plate. If the hot-plate draws a current of 10 amps, 
from the 100 volt line, and half of the heat generated goes to heat the water, 
how hot will the water be in 5 minutes? 

5. A coffee percolator containing 2000 gms of water at 30° C is connected to a 
110 volt line. If the current drawn is 5.5 amps, and 75% of the heat devel¬ 
oped goes to heating the water, how long will it take to heat the water to the 
boiling point? 



Chapter 21 * Electrical Transformers 

Because of the widespread use of transformers in long-distance 
power transmission as well as in telephones and radio transmitters and 
receivers, it is of interest to consider the elementary principles upon 
which these instruments operate. A transformer is an electrical device 
by which the electromotive force of a source of alternating current 
may be increased or decreased. 

21.1. The Primary Circuit. To study the actions and principles 
of a transformer we must return to the solenoid, or electromagnet, 
treated in Sec. 20.5. Before an electric current is started through the 
coil of an electromagnet no magnetic field whatever exists. This is 
illustrated by diagram (a).in Fig. 2lA. When the switch S is first 
closed completing the electric circuit the current does not rise imme¬ 
diately to its full value but requires a certain amount of time to "build 
up.” See Fig. 21B. Starting at zero at the time the switch is closed, 
the current increases rapidly at first, then more slowly, reaching finally 
its full value, the value given by Ohm’s law. 

During the time that the current is building up, the magnetic lines 
of force develop at the solenoid and spread outward, as shown in dia¬ 
gram (b) of Fig. 21 A. The formation of new lines and their subse¬ 
quent spreading out continues until the current reaches its maximum 
value and from then on remains constant. This whole process requires 
but a small fraction of a second. The current is kept at a constant 
value to maintain a constant and stationary magnetic field as shown in 
diagram (c). 

When the switch S is now opened the current does not stop in¬ 
stantly nor does the field vanish instantly. The current decreases as 
shown in the graph of Fig. 21B, and the magnet field collapses as 
shown in diagram (d) of Fig. 21 A. When the current reaches zero 
once more the field has vanished as in diagram (a). Thus by closing 
and opening a switch a moving magnetic field has been produced. 

21.2. The Secondary Circuit. If a wire is placed close to the 
side and at right angles to the electromagnet described in the preceding 
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section an electric current will be induced in the wire. This is illus¬ 
trated in cross-section by a dot at A or B in Fig. 21C. Immediately 



Fig. 21A —Schematic diagrams of the changing magnetic field around an electromagnet 
when the current is building up and dying down. 


after the switch has been closed and the field is moving away from the 
electromagnet the lines of force cut across the wire A, inducing a cur- 



F IG . 2lB—Current-time graph for the electromagnet illustrated in Fig. 21 A. 


rent "out” from the page. For a similar straight wire at B the induced 
current is "in.” 
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When the current reaches its steady state the field becomes sta¬ 
tionary and the induced currents in A and B stop. If now the switch S 
is opened allowing the current to stop and the field to collapse, the 



induced current 
"out" 




Secondary 
Wim 


induced current 
*in * 

Fig. 21C—Diagram illustrating the direction of the current induced in a wire placed in the 
expanding field of an electromagnet. 

magnetic lines of force cut across the wires in the opposite direction, 

inducing a current "in” at A and "out” at B. 

If the wires represented 
Second*^ Urmina Is by A and B are bent into one 

single loop of wire, as shown 
in diagram (b), the two cur¬ 
rents due to the expanding 
field will become a single cur¬ 
rent flowing one way around 
the loop, and with the col¬ 
lapsing field will become a 
single current flowing in the 
reverse direction. The open- 

. , ing and closing of a switch has 

primary terminals c • , , . . 

7 therefore induced in the outer 

Fig. 2115-Diagram^an Jopen-core” type of loop of wire one complete 

cycleof an alternatingcurrent. 
To increase the e.m.f. in this outside circuit many loops of wire 
are used, as shown by the open-core transformer in Fig. 21D. As the 
magnetic field moves out through this secondary winding the same 
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e.m.f. is induced in each turn of the coil. Being a series of loops, the 
total difference of potential between the two outside ends is the sum of 
the individual e.m.f.’s for each turn. 

The inside coil of a transformer is called the primary winding and 
the outer coil is called the secondary winding. The purpose of the pri¬ 
mary is to develop a moving magnetic field and the purpose of the 
secondary is to "pick up” an induced e.m.f. 

21.3. The Induction Coil. When the primary terminals of an 
open-core transformer are connected to a battery as a source of elec¬ 
tricity, a current in the secondary is induced only at the instant when 
the circuit is closed and again when it is opened. To derive an alter- 



Fig. 2lE—Cross-section diagram of a laboratory induction coil capable of producing high- 
voltage sparks at the expense of a small battery. 

nating current from the secondary winding the primary circuit must be 
opened and closed continuously. When this is done the field will move 
out and in periodically and the secondary will have induced in it, to 
deliver through the secondary terminals, an alternating current. 

An induction coil is an open-core type of transformer with a few 
turns of large wire in the primary, many turns of fine wire in the sec¬ 
ondary, and an automatic circuit interrupter, or vibrator, as shown in 
Fig. 21E. When the switch is closed and a current is started through 
the primary winding PP, the iron core becomes magnetized and attracts 
the iron knob B. Mounted on a strip of spring steel L the vibrator 
bends to the left, breaking the primary circuit at the point C. When 
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the current stops and the core loses its magnetism the vibrator springs 
back to the right, making contact again. Proper adjustment of the 
thumbscrew T will cause the iron knob B to vibrate back and forth 
periodically making and breaking the electric circuit. Each time the 
circuit is made the magnetic field expands, inducing a current in the 
secondary winding in one direction; and each time it is broken the field 
contracts, inducing an oppositely directed current. Since each vibra¬ 
tion of the knob B completes one cycle of an alternating current the 
frequency of the vibrator determines the frequency of the alternating 
current delivered at the secondary terminals. 

If, as is usually the case, the number of turns of wire in the sec¬ 
ondary greatly exceeds the number of turns in the primary, the average 
voltage of the secondary will be many times higher than the direct 
current voltage impressed on the primary, and a spark will jump 
across the gap GG. 

Perhaps the best place to find a vibrator type of induction coil 
being used today is in the automobile radio. Here a very small type 
of induction coil about 1 inch in diameter and 4 inches long is em¬ 
ployed. The function of the coil is to take current from the 6-volt 
storage battery with which every car is equipped and deliver at the 
secondary terminals an alternating e.m.f. of from 200 to 300 volts. 
This alternating current is then changed into direct current by a single 
radio tube called a rectifier and a system of coils and condensers called 
a filter system. Thus the high voltage d.c. necessary for the proper 
operation of the radio receiver is obtained in the roundabout way of 
first transforming low voltage d.c. into high voltage a.c. and then recti¬ 
fying it to a high voltage d.c. 

A similar induction coil without a vibrator, called a spark-coil or 
auto-transformer, is used in the ignition system of an automobile. 
Generally, such coils are about two inches in diameter and four inches 
long, and are wound on an open core as shown in Fig. 2 ID. The 
primary winding of such coils contains about 100 turns of heavy copper 
wire and the secondary winding several thousand. The primary is con¬ 
nected to the 6-volt storage battery by wires through the timing system, 
the purpose of which is to open and close the circuit periodically with 
the motion of each cylinder of the motor. Each time the circuit is 
closed and opened, a high voltage induced in the secondary winding is 
connected to and is discharged as a spark across the terminals of one 
of the motor s spark plugs. The term auto-transformer applies to an 
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open-core transformer, where one end of the primary winding is con¬ 
nected by a wire directly to one end of the secondary. This common 
junction has little effect upon the normal operation of the coil, and is 
usually connected to the ground. On an automobile the ground con¬ 
nection is made to the metal frame of the car. 

21.4. The Closed-Core Transformer. A transformer, like an 
induction coil, has a primary winding, a secondary winding, and an 
iron core. The principal difference between the two is that a trans¬ 
former does not have a vibrator and it operates on an alternating 
current supply. 

Historically, the first closed-core transformer was made by Michael 
Faraday in 1831. Two coils of wire, one acting as a primary and the 


Fig. 2IF—Diagram of the first closed-core transformer. Designed by Michael Faraday. 

other as a secondary, were wound around opposite sides of an iron ring 
as shown in Fig. 2IF. When a current is started in the primary wind¬ 
ing the magnetic field set up is confined almost entirely to the iron 
core. In other words, the lines of force moving out from the primary 
winding do not spread out in all directions but tend to follow the iron 
ring as indicated by the dotted lines. The iron acts like a good con¬ 
ductor of magnetic lines of force, guiding them across the secondary 
winding, and hence is applied the term closed-core. 

When an alternating current is connected to the primary of a trans¬ 
former, no vibrator is required to start and stop the current: the current 
rises and falls periodically, satisfying the conditions for a moving mag¬ 
netic field and induced currents. 
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Most modem transformers are of the closed-core type, as illustrated 
in Figs. 21G and H. 

21.5. Step-Up and Step-Down Transformers. Nearly all trans¬ 
formers come under one of the two following classes: (a) step-up , or 
(b) step-down transformers. As shown in Fig. 2lG the step-up trans¬ 
former is one in which the secondary winding has more turns of wire 
than the primary. In the step-down transformer the reverse is true. 
The importance of this distinction is based upon the general and well- 
established principle that the ratio of the number of turns of wire in 



step-up transformer step-down transformer 


Fig. 2lG—Diagrams of closed-core transformers. 


the primary and secondary windings is the same as the ratio of the 
respective voltages in each. This may be stated as an equation. 


number of primary turns _ primary voltage 
number of secondary turns secondary voltage 


( 21 *) 


Thus if a transformer has 100 turns in the primary and 100,000 
turns in the secondary, the voltage delivered at the secondary terminals 
will be 1000 times the voltage impressed upon the primary. If this 
same transformer were connected to the ordinary house lighting circuit 
of 110 volts a.c., the voltage at the secondary terminals would be 
110,000 volts a.c. 

The step-down transformer is just the reverse of this; the secondary 
voltage is lower than the primary voltage. As an illustration, suppose 
the primary of a transformer has 2000 turns of fine wire and the sec- 
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ondary has 100 turns. Having a turn-ratio of 20 to 1, this transformer 
connected to the 110 volt a.c. line will deliver at its secondary a dif¬ 
ference of potential of one-twentieth of 110 volts, or 5}^ volts. Such 
transformers are used in electric welding, for the ringing of doorbells, 
for the operation of toy electric trains, for lighting the filaments in 
radio tubes, etc. 

Transformers used in the construction of modern radio receivers 
and transmitters are of the shell type shown in Fig. 21H. 

21.6. Power. The increase in voltage of an alternating current 
by means of a step-up transformer appears at first sight to be a viola- 



- iron core 

Fig. 2lH—Diagram of a shell-type transformer. 

tion of the law of conservation of energy, i.e., it appears as though a 
large amount of energy could be obtained at the expenditure of a 
smaller amount. This is really not the case, for when the voltage is 
increased the current is simultaneously decreased by exactly the same 
proportion. 

When a house owner pays his monthly "light bill” he is paying 
for the electrical energy consumed. The rate at which electrical energy 
is expended is measured in watts , and watts are obtained by multiply¬ 
ing the current by the voltage. This is true for direct currents, and it 
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is true under certain conditions for alternating currents. The average 
a.c. current multiplied by the average a.c. voltage equals the wattage. 

Power = current X volts = watts, 

or 

P = IV (21A) 

When a transformer is used to step up the voltage to 100 times 
that supplied to the primary, the current in the secondary becomes only 
one one-hundredth of the current in the primary. Therefore the power 
supplied at the primary is just equal to that delivered at the secondary. 
In general, when the voltage is stepped up by a transformer the current 
is stepped down by the same proportion. 

In practice this is not exactly true because a transformer is not 
quite 100 percent efficient. A small amount of electrical energy is 
continually expended, principally in the form of heat. In a well- 
designed transformer such losses do not exceed 2 or 3 percent; so that 
a transformer is often considered as almost 100 percent efficient. 

Power in watts, it should be noted, is the rate at which energy is 
expended. Electrical energy itself is measured in watt-hours and is 
obtained by multiplying the power in watts by the time in hours. For 
example, if an electric stove is drawing a current of 20 amperes from 
the house mains at 110 volts, over a period of 2 hours, the electrical 
energy consumed is calculated as follows: 

Power = 200 amps. X 110 volts = 2200 watts. 

Energy = 2200 watts X 2 hours = 4400 watt-hours. 

A large unit of electrical energy which is in more common use is 
the kilowatt-hour. One kilowatt-hour equals one thousand watt-hours. 
The answer to the above example could therefore be read as 4.4 kilo¬ 
watt-hours (abbreviated 4.4 kw-hr). These are the units of energy 
for which the consumer pays the city light-and-power companies. 

21.7. Power Transmission. In the transmission of electrical en¬ 
ergy over wires for long distances, transformers are practically indis¬ 
pensable. At the power house in the distant mountains, for example, 
electricity is generated by huge alternating current generators at the 
relatively low voltage of several thousand volts. If an attempt were 
made to transmit this electrical energy, at a voltage of say 2200 volts, 
over many miles of wire cable to a distant city the current would be so 
large that nearly all of the energy would be consumed in heating the 
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power line. The heat generated, it should be remembered (see Sec. 
20.1), is proportional to the square of the current. (Heat = kI 2 Rt.) 

To avoid large heat losses, transformers at the power house, see 
Fig. 211, step the voltage up to some 220,000 volts before switching 
the current onto the power line. Since the voltage in the case cited is 
increased one hundred fold, the current drops by the same proportion 
to one-hundredth. Since the square of 1/100 is 1/10,000, the heat 
loss along the transmission line is only one ten thousandth of what it 
would have been had the transformer not been used. 



Fig. 211—Illustrating the use of transformers in the transmission of electrical energy from 
the power house in the mountains to the consumer in the distant city. 

At the city end of the power line a transformer substation steps the 
voltage down to something like its original value of 2200 volts. From 
there branch lines distribute the power to various sections of the city 
where smaller transformers, one near each group of several houses, 
steps it down again to the relatively safe voltage of 110 or 220 volts. 

21.8. The Telephone. The first telephone was made by Alex¬ 
ander Graham Bell * in 1876. Although Bell’s instrument was excel¬ 
lent as a receiver it was defective as a transmitter. A big step toward 
remedying this was Edison’s invention of the carbon transmitter and 
Hughes’s invention of the microphone. 

♦Alexander Graham Bell (1847-1922), American inventor. Bom in 
Edinburgh, Scotland, and educated at the University of London, he came to 
the United States in 1871. He later became professor of vocal physiology 
in Boston University, where he invented the telephone. He also invented the 
photophone, a device for transmitting sound by vibrations of a light beam. 
Bell was for a time president of the National Geographic Society, and later 
was appointed by Congress as a regent of the Smithsonian Institution. 






302 Electricity and ^Magnetism ['Part V 

The principles of a simple telephone are illustrated by a diagram 
in Fig. 21J. The purpose of the transmitter microphone is to trans¬ 
form sound waves into pulsating electric currents. Sound waves im¬ 
pinging upon the thin metal diaphragm set it vibrating back and forth 
with a motion similar to the voice vibrations. The diaphragm, pushing 
against a button B, presses together carbon granules placed between 
two small carbon plates (shown in black). To each of these carbon 
plates a wire is connected which leads to a transformer and battery. 
Loosely-packed carbon granules have the property of changing their 
combined resistance when the pressure changes. When the pressure is 
high the resistance is low and when the pressure is low the resistance 



Fig. 21 ] —Cross-section diagram of a telephone transmitter and receiver employing a 

battery and a transformer. 


is high. Thus when the diaphragm is in, the pressure is high, the re¬ 
sistance is low, and a larger current flows to the transformer primary 
from the battery. When the diaphragm moves out the pressure is low, 
the resistance is high, and a small current flows to the transformer. 

The rise and fall of the current in the transformer induces a similar 
current in the secondary which is then transmitted to the receiver. 
There the current energizes two small coils mounted over the poles 
of a permanent U-shaped magnet. The variations in the strength of 
these poles due to the coils cause the metal diaphragm to vibrate with 
the same motion as the diaphragm of the transmitter. 

Reproduction by the average telephone is not perfect by any means, 
due to the inability of the various mechanical and electrical parts to 
respond faithfully to the impressed sound vibrations. With each dif- 
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ferent part of the entire telephone circuit something is lost from the 
various audible frequencies. With all of these deficiencies it is remark¬ 
able how well a conversation can be transmitted over the average tele¬ 
phone. It is possible with very special and modern equipment to obtain 
almost perfect reproduction, but the expense involved is far too great 
to warrant its use in the average home and business concern. 

21.9. Self-Induction. When a battery is first connected to the 
ends of a long straight copper wire the current rises quickly to the 
value given by Ohm’s law. When the same wire is wound into a coil 
or solenoid, however, the current rises more slowly as shown by curve 
(b) in Fig. 21K. If an iron core is inserted to make of the solenoid 
an electromagnet the current rises much more slowly as shown in 
curve (c). 

The cause for this lagging of the current is attributed to an e.m.f. 



Fig. 21K—Current-time graph for a long copper wire in the form of (a) a straight wire, 
( b) a coil, and (c) a coil with an iron core. 

induced in the wire which is opposed in direction to the rising current. 
This back e.m.f., as it is sometimes called, is extremely small if the 
wire is straight, is large if it is a coil, and still larger if a soft-iron core 
is inserted. To explain the existence of a back e.m.f. consider a small 
section of one turn of wire in a solenoid. As the current rises in this 
section the circular lines of force spreading out in a plane perpen¬ 
dicular to the wire cut across the neighboring loops of wire inducing 
in them a current. The right-hand rule shows that these induced cur¬ 
rents run counter to the impressed current. This property is called self- 
induction, or just induction. 

The unit by which one measures the self-induction of a coil is called 
the henry in honor of the American scientist Joseph Henry.* A coil 

* Joseph Henry (1797-1878), American physicist and scientific administrator, 
was born in Albany, New York, in 1797. Henry attended a country school 
till the age of 13 and later the Albany Academy. Becoming interested in 
electricity and magnetism he invented the magnetic telegraph, the electric relay, 
and discovered the phenomenon of self-induction. In 1832 he became professor 
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having an inductance of one henry is one in which a change in the 
current of one ampere per second produces a back e.m.f. of one volt. 
A coil with a large number of turns is one that has a large inductance 
L, whereas one with but a few turns has a small inductance. The 
higher the inductance the more slowly does the current rise or fall 
within the coil. 

The establishment of a steady current in an inductance requires 
work, since the back e.m.f. must be overcome. The amount of elec¬ 
trical energy expended in reaching the steady-current state is not lost 
but is still present in the form of the magnetic field. When the source 
e.m.f. is disconnected from the circuit the field collapses, transforming 
the energy back into an electric current. 



Fig. 21L—Two experiments illustrating the self-induction of a coil of wire. The circuit 
(b) is commonly used as a dimmer for electric lights. 


Two experiments demonstrating the property of self-induction are 
illustrated in Fig. 21L. In diagram (a) a solenoid of many turns of 
wire are connected in parallel with an electric light to a 110-volt bat¬ 
tery B. When the switch 5 is closed the light flashes bright for an 
instant and then becomes dim. When the switch is opened the light 
again flashes bright for a moment and then goes out. When the switch 

of natural philosophy at Princeton and in 1842 was elected by Congress as 
first secretary of the Smithsonian Institution in Washington, D. C. In this 
capacity he founded the U. S. Weather Bureau and inaugurated the idea of 
distributing scientific publications to libraries and scientific bodies all over the 
world. He was the principal figure in the organization of the National Academy 
of Sciences of which he was the second president. By general consent Henry was 
the foremost American physicist of his time. 
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was closed the back e.m.f. in the inductance prevented the current from 
building up rapidly through the inductance. The inductance therefore 
acted as though it had a very high resistance so that practically all of 
the current went through C. When the current became steady there 
was no back e.m.f. in L and part of the current flowed through C and 
part through L. When the switch was opened the magnetic field col¬ 
lapsed, inducing a current in L, and being in series with the lamp C, 
caused it to light up momentarily to full brightness. 

The second experiment, as illustrated in diagram (b), demonstrates 
an increase in the self-induction of a coil due to a soft-iron core. Con¬ 
nected to an alternating current the light is bright when the iron core 
is out and dim when it is in place inside the solenoid. When the iron 
is inside, the back e.m.f. induced in the coil at each rise of the current 
is very much greater than before since the magnetic field moving out 
is strengthened by its presence. The increased inductance therefore 
prevents the current reaching a very high value before the current stops 
again and reverses its direction. The effect is the same as if the induc¬ 
tance were replaced by a variable resistance whose value is greatest 
when the iron core is inside the solenoid. 

When a current is started in an electromagnet the tiny elementary 
magnets within the iron core (these are the elementary magnets re¬ 
ferred to in Sec. 18.11) turn around from their random orientations 
and line up with each other to make a single magnet of the entire core. 
In turning around, the field of each elementary magnet cuts across the 
coil windings, inducing an e.m.f. opposing the rising current. This is 
another way of accounting for the back e.m.f. of self-induction. 

21.10. Air-Core Transformers. When a high frequency alter¬ 
nating current is connected to the primary of an ordinary iron-core 
transformer very little if any power can be drawn from the secondary. 
The reason for this, in brief, is that the back e.m.f. in the primary 
winding is so large that the current as well as the magnetic field cannot 
build up to any appreciable value before it reverses in direction. This 
is made evident by curve (c) in Fig. 21K which shows how the iron 
core tends to hold the primary current back. The result is that in a 
thousandth of a second or less the current hardly gets started in one 
direction before it stops and reverses. 

To overcome this difficulty the iron core is done away with and we 
have what is called an air-core transformer. In the absence of any iron 
the current in the primary can, as illustrated by curve (b) in Fig. 21K, 
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rise to an appreciable value each time it changes in direction. The 
rapidly expanding and contracting field therefore induces a current in 
the secondary of exactly the same frequency. 

Air-core transformers, consisting of nothing more than two coils 
of a few turns each, a primary winding and a secondary winding, are 
used extensively in radio and television transmitters and receivers. In 
these instances the alternating currents with frequencies of thousands 
and even millions of cycles per second are usually referred to as radio 
frequencies. 

21.11. Lenz’s Law. When a conductor cuts across magnetic lines 
of force the induced current in the wire is in such a direction that its 
own magnetic field generated by that current acts on the original mag¬ 
netic field in a way opposing the motion . Stated for the first time by 
H. Lenz in 1833, this is known as Lenz’s law. The action of the two 
magnetic fields upon each other is always such as to oppose the motion 
or any change in conditions already existing, for if they assisted the 
change we would have perpetual motion and a violation of the law of 
conservation of energy. 

If the N pole of a straight bar magnet is approaching a solenoid, 
see Fig. 20N, the induced current in the coil is in such a direction as to 
produce an N pole at the nearest face of the coil. The two N poles 
therefore repel each other tending to stop the motion. To keep the 
current flowing a force P must continually be supplied to the moving 
magnet. It is this force F moving through a given distance that gives 
the amount of mechanical work done in producing a given current. If 
now the N pole is withdrawn from the solenoid, the induced current 
in the coil reverses in direction and produces an S pole at the nearest 
face. The opposite poles therefore attract each other tending to stop 
the motion. Again to keep the current flowing a force F must be con¬ 
tinually supplied and thus work is done. 

There are numerous ways of demonstrating Lenz’s law. One com¬ 
mon experiment is to move a copper or aluminum disk rapidly through 
a strong magnetic field. The instant the disk enters the field a strong 
opposing force tends to stop it almost instantly. What happens elec¬ 
trically is that strong eddy currents of electricity are produced in the 
metal disk, the magnetic field arising from it opposing the field through 
which it is moving. If the disk is held in the hand it feels as though 
it were moving through thick molasses. 

Another interesting demonstration is illustrated in Fig. 21M. A 
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coil of wire with an extra long iron core is set on end and a solid metal 
ring or band is slipped over the top as 
shown. The instant an alternating 
current is connected to the coil the 
metal ring is thrown upward several 
feet into the air. The explanation is 
not difficult since the arrangement is 
quite the same as a step-down trans¬ 
former; the solenoid acts as a primary 
of many turns and the ring acts as a solenoid 
secondary of only one turn. As the 
current first starts to flow in one di¬ 
rection in the primary the expanding 
magnetic field induces an oppositely 

directed current in the ring. The field Fig - 21 M—A metal ring is flipped up 

... ° , in the air by means of induced currents. 

set up by the ring current therefore 

opposes the field of the primary, and the repulsion of like poles pushes 
the ring upward. When the primary current reverses, the secondary cur¬ 
rent also reverses, and again there is a repulsion. To demonstrate the ex- 





Fic. 21N—Diagrams illustrating the application of Lena’s law to produce levitation. A 

metal bowl floats in mid-air. 


istence of a large current, the ring, if held down over the core, will soon 
become hot. 
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The phenomenon known as levitation is another illustration of 
Lenz’s law. A metal bowl B, as in Fig. 2lN(a), is supported in stable 
equilibrium in the mid-air just above an electromagnet M of special 
design. Top and side views of the iron core and coil windings are 
shown in diagrams (b) and (c). Connected to an alternating current, 
the raised iron knobs labeled N and S reverse their polarity periodically 
with the current. As the current builds up in the direction indicated 
in diagram (b) the magnetic lines spread upward as in diagram (c). 
With the aluminum bowl in place as in diagram (d) the moving field 
induces strong eddy currents in the aluminum conductor, these cur¬ 
rents in turn giving rise to opposing fields. Since the primary field 
moves in and out rapidly, being created by an alternating current, the 
bowl always experiences an upward force. 

Should the bowl move to one side, as for example to the left in 
diagram (d), the changing field at A will induce stronger currents on 
that side of the bowl and give rise to an increased repulsion, pushing 
the bowl back toward the center as indicated. The strong induced cur¬ 
rents give rise to so much heat that the bowl soon becomes hot. 

QUESTIONS 

1. Diagram an open-core type of transformer. Label each of the essential parts 
and explain the function of each. What kind of current, a.c. or d.c., (a) may 
be supplied to the primary, and (b) is produced in the secondary? 

2. Diagram an induction coil of the vibrator type. Indicate the source of 
electric current, and explain the operation of each essential part. 

3. Diagram and label the essential parts of each of the following: (a) a step-up 
transformer, (b) a step-down transformer, and (c) a shell-type transformer. 

4. Diagram and explain the principal elements of a telephone. 

5. Explain what is meant by self-induction. Make a diagram of an inductance. 

6. Diagram and explain the phenomenon of levitation. 

PROBLEMS 

1. A step-up transformer having 100 turns of wire in the primary coil and 
10,000 turns in the secondary coil is connected to a source of 110 volts 
alternating current. Find the voltage delivered at the secondary terminals. 

2. A small step-down transformer is connected to the house lighting circuit 
of 110 volts a.c. If the primary winding contains 1000 turns of wire and 
the secondary delivers 5.5 volts, how many turns of wire must the secondary 
winding have? 

3. The primary of a step-up transformer containing 200 turns of wire is con¬ 
nected to the house lighting circuit of 110 volts. If the secondary winding 
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is to deliver 25,000 volts, how many turns must it contain? If the current 
in the primary amounts to 10 amperes, what current is supplied by the 
secondary? 

4. Calculate the power supplied to the transformer in problem 3. 

5. A small flashlight bulb is connected to a battery of two dry cells (3 volts) 
and draws a current of 0.1 amp. Calculate the power consumed. 

6. A 100-watt light globe is connected to the ordinary lighting circuit of 110 
volts. Find (a) the current flowing through the lamp, and (b) the 
resistance of the lamp. 

7. An electric iron connected to a 110-volt source draws a current of 6 amps. 
Calculate (a) the power, and (b) the electrical energy consumed in two 
hours. 

8. During one month an electric refrigerator, connected to the 110-volt light¬ 
ing circuit, ran for a total time of 200 hours. If the current drawn is 2 amps, 
find the total amount of electrical energy consumed. At the rate of 4 cents 
per kilowatt-hour, what was the total cost of running? 

9. Five light bulbs of 100 watts each are allowed to burn for 24 hours. If 
electricity costs 5 cents per kilowatt-hour find the total cost of running. 

10. A 60 -watt light burns for 100 hours during one month’s time. Find the 
cost of running at the rate of 4 cents per kw-hr. 

11. An electric toaster connected to a 110-volt source draws 5 amperes. Find 
the power. Calculate the cost of running for 100 hours at the rate of 
6 cents per kw-hr. 

12. A radio receiver draws 3-5 amps, from the 110-volt house lighting system. 
Find the total cost of running for 50 hours at the rate of 3 cents per kw-hr. 

13. The generators in a power house deliver 1000 amperes of current at a 
voltage of 2200 volts. This power is sent over a transmission line at 
220,000 volts. If the transmission line 200 miles long has a resistance of 
2 ohms, find (a) the current flowing in the transmission line, (b) the 
power being transmitted, (c) the energy transmitted in one hour, (d) the 
power lost in the form of heat, (e) the power lost on the same transmis¬ 
sion line if the voltage generated were not stepped up but put on the line 
at 2200 volts. 
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Chapter 22 * Light and Its Velocity 

Light and its various phenomena present some of the most inter¬ 
esting studies in the whole realm of physics. They are interesting 
because the results of many experiments are revealed through the 
sense of vision as color phenomena. Equally important and every bit 
as interesting is the historical development and discovery of the various 
principles, concepts, and properties of light which give rise to these 
phenomena. 

The search for better and better light sources began with the inven¬ 
tion by Swan, Sawyer, Edison, and others in 1879 of the carbon filament 
lamp. In the years that followed, the physicist, chemist, and illumi¬ 
nating engineer, along with the manufacturer, have cooperated con¬ 
stantly in the development of more efficient and brighter lights. The 
history of this development is filled with episodes which are of consid¬ 
erable scientific interest, for out of them have come the development 
of the Coolidge x-ray tube, the radio oscillator, detector, and amplifier 
tubes, as well as the oscillograph tube used in television and the cyclo¬ 
tron used for the transmutation of atoms. While these various devices 
are discussed in other sections of this book the different kinds of light 
sources in common use today will be treated here. 

22.1. The Tungsten Filament Lamp. Sources of light may be 
grouped into two classes, those in which the light emanates from hot 
solids and those in which it emanates from hot gases. The most com¬ 
mon source of light today is the tungsten filament lamp used in house 
lighting. The light is produced by sending an electric current through 
a very fine tungsten wire placed at the center of a glass bulb as shown 
in Fig. 22A. The purpose of the current is to heat the wire to a very 
high temperature. The light comes from the hot solid tungsten wire 
and not from the electric current. The tungsten filament of most light 
bulbs if examined with a magnifying glass will be found to be made 
of very fine wire wound in a spiral-like coil or spring. Being closely 
wound with about two hundred turns to the inch this spiral appears to 
the naked eye as a larger but straight solid wire. 
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At a temperature of about 1000° K all solid bodies begin to glow 
with a dull red color. As the temperature rises, this color changes 
gradually to orange, then yellow, and finally white. The temperature 
required of a solid to reach the white stage is well up toward 3000° K. 
Tungsten metal is used for light filaments because it is one of a very 
few metals that will not melt at high temperatures. For the melting 
temperature of a few metals see Table 121. Each light bulb is thor¬ 
oughly evacuated since the oxygen content of any air present will, at 

the high temperature reached 
by the filament, chemically 
unite with the tungsten to 
form a tungsten oxide com¬ 
pound that quickly evaporates. 
Due to this evaporation the 
tungsten wire becomes thinner 
and thinner. In such cases 
where air leaks into the bulb 
the filament lasts only a few 
seconds before burning out. 

22.2. The Carbon Arc. 
Perhaps next in importance to 
the tungsten filament lamp as 
a source of light is the carbon 
arc. These very bright sources 
were at one time used for street 
lighting. Today they are used 
in moving picture projectors, in searchlights, lighthouses, and wherever 
a very bright and concentrated source is required. 

An ordinary laboratory arc consists of two carbon rods connected to 
the positive and negative sides of a battery or generator supplying an 
e.m.f. of anywhere from 50 to 250 volts. As shown in Fig. 22B a re¬ 
sistance is connected "in series” to keep the current down to about 10 
amperes for normal operation. The arc is started by bringing the tip 
ends of the rods together and pulling them apart. This striking of 
the arc produces a flame of burning carbon between the carbon tips. 
It is through this flame that the electric current passes from one carbon 
tip to the other. Most of the electrical energy passing through the 
flame is used in heating the tips of the carbon rods. Due to the high 
temperature, carbon is vaporized, chiefly at the positive carbon tip, sup- 



Fig. 22A—Cross-section of a common tung¬ 
sten filament lamp used in house lighting. 
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plying the arc flame with gaseous ions necessary for conduction. The 
tip of the positive carbon reaches a temperature of about 3500° K, 
while the negative carbon reaches about 3000° K. Most of the visible 
light comes from the tip of the positive carbon and not from the vapor 
in the arc flame. 

Although an arc will operate on alternating current it will not burn 
steadily, and it hums quite loudly. Even with a direct current an arc 
will be blown out by a slight draft, making it necessary to inclose the 
carbons in a suitable housing. 

22.3. Neon Lights. The neon signs so commonly used for ad¬ 
vertising purposes consist of long narrow tubes partially filled with 
neon, a rare gas. The tubes, after being bent into the required shape, 



Fig. 22B—Cross-section of a carbon arc showing connections to a rheostat and a direct 
current line source of 110 volts. 

are thoroughly evacuated and a small amount of gas is admitted to 
bring up the gas pressure inside to about one-fortieth of an atmosphere. 
By means of a high voltage transformer and small wires sealed into 
both ends of each tube an electric current is sent through the rarefied 
gas. The electrical connections are shown in Fig. 22C. The passage 
of the electric current through neon gas produces the characteristic red 
light with which everyone is familiar. The action of the electric cur¬ 
rent in producing the light is called an electric discharge. 

If helium or argon gas is used in place of neon the light produced 
is pinkish or bluish white. With the addition of a little mercury vapor 
these same tubes will produce a greenish-white light. Most colors 
other than white or the neon red are produced by using colored glass 
tubes filled with mixtures of the rare gases helium, neon, argon, and 
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krypton, along with a little mercury. For example, a yellow glass tube 
with helium gas alone will give yellow, whereas with argon and neon 
mixed it produces green. Krypton gas alone in a clear glass tube gives 
a deep blue color. Later, in Chapter 29, we will see that this phe¬ 
nomenon of discharges through gases becomes the starting point of 
modern atomic physics. 

22.4. Sodium Lights. The sodium vapor lamp which is gradu¬ 
ally replacing the tungsten filament lamp for street lighting today was 
first developed by the Philips Lamps Company in Holland and the 
Osram Company in Germany. Although these lamps produce a yellow 



Fig. 22C—Diagram of a neon sign showing the electrodes in each end of the glass dis¬ 
charge tube and the transformer connections. 

light in place of the more desirable white light, their efficiency is 
several hundred percent greater than the tungsten filament lamp. 

While some sodium lamps are designed to operate on alternating 
currents, others are designed, like that shown in Fig. 22D, to operate 
on direct current. After evacuation of the central bulb a small amount 
of sodium metal is introduced into the bulb along with a measured 
amount of neon gas. When the tungsten filament is first turned on, 
a gaseous discharge between the anode and filament passes through 
the neon gas, producing the characteristic neon red light. As the elec¬ 
tric current through the gas warms the tube the sodium metal is gradu¬ 
ally vaporized, thereby increasing the intensity of the yellow light char¬ 
acteristic of free sodium atoms. Finally, after several minutes, this 
yellow becomes so intense that the red of the neon adds only an orange 
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tinge to the sodium yellow. The purpose of the double-walled vacuum 
flask around the sodium bulb is to retain as much of the heat developed 
as possible, as the intensity of the light depends upon keeping the 
sodium atoms free, that is, in the vapor state. 

22.5. Mercury Arcs. The mercury vapor lamp has long been 
used as a source of light for scientific investigations. Only recently 
have these arcs been developed to such an extent that they are now at¬ 
tracting the serious attention of the illuminating engineer. In the three 
arcs shown in Fig. 22E, mercury has 
been sealed into the highly evacu¬ 
ated glass tubes. The tube shown 
at the left is a self-starting type in 
which the arc is formed in the nar¬ 
row capillary tube between A and 
i? 2 - When connected to 110 volts 
direct current, the heater wire Ro 
heats the mercury until a small bub¬ 
ble of mercury vapor forms at that 
point. Once started, this bubble 
grows quickly, breaking the mercury 
thread. The electric current passing 
through the vapor constitutes an 
electric discharge, the effect of 
which is to cause the free mercury 
atoms to emit their characteristic 
light. Continued evaporation in¬ 
creases the gas pressure and pushes 
the mercury up until the arc fills the 
whole capillary from A to Ro. 

The mercury arc in the center of Fig. 22E is started by tipping the 
whole tube into a horizontal position so that a thread of mercury con¬ 
nects the top electrode with the lower electrode. As the arc tips back 
to the vertical position the mercury thread breaks, vaporizing mercury 
to fill the entire tube. The electric current passing through this con¬ 
ducting vapor causes it to emit light. The light from these two arcs 
is not quite white but has a blue-green tinge. 

Quite recently small mercury arcs only three or four centimeters 
long, capable of producing a quarter of a million candle power, have 
been constructed. Each arc as shown in Fig. 22E(c) consists of a fine 



Fig. 22D—Cross-section of a sodium 
lamp used principally for street lighting. 
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quartz capillary about one millimeter inside diameter and half filled 
with mercury. When a large current is sent through the tube the mer¬ 
cury is quickly vaporized. With so much liquid mercury confined to 
such a small space the vapor pressure inside the tube, as well as the 
temperature, becomes very high. To prevent the quartz from over¬ 
heating and melting, a fast stream of water is passed around the tube. 
The light given out is white and the efficiency is about six times that 
of the best tungsten filament light. Already it is proposed that these 



Fig. 22E—Three types of mercury arcs, (a) a self-starting mercury arc. ( b ) A 
water-cooled arc for spectroscopic research, (c) A high pressure, high intensity water- 
cooled arc for illumination purposes. 


arcs be used in lighthouses, airplane beacons, searchlights, and moving 
picture projectors. 

22.6. Luminescence. Any substance which gives out light by 
itself, without heating from outside, is said to be luminescent. In 
many cases like the glowing of phosphorus, or a firefly, the source of 
energy is in all probability a chemical action. Besides luminescent ma¬ 
terials there are many substances that glow brilliantly when ultraviolet 
light shines on them. This property to give out light of one color by 
absorbing light of a different color is called fluorescence and phos¬ 
phorescence. 

A fluorescent substance is one which glows with a light of its own 
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when light of a shorter wave-length falls on it. When the incident 
light is turned off, the glowing ceases. Various salts of uranium are 
excellent materials for demonstrating fluorescence. An ordinary carbon 
arc lamp, or a special ultraviolet light may be used as a source. It 
was while studying the excitation of some uranium salts that Becquerel 
discovered radioactivity in 1896. 

A phosphorescent substance is one which acts the same as a fluo¬ 
rescent substance but differs in that it continues to glow for some little 
time after the exciting light has been turned off. The explanation of 
the phenomena is quite complex, but in simple words, the incident light 
in being absorbed causes a temporary deformation in the molecules of 
the material. Sooner or later, however, this deformation is restored, 
with the simultaneous re-emission of light of a longer wave-length. 
The only difference between fluorescent and phosphorescent substances 
is the time required for the deformed molecules to restore themselves. 

Only recently have fluorescent materials been used for general 
illumination purposes. Mercury vapor discharge tubes, similar to the 
neon and sodium lamps, are painted inside or outside with luminescent 
paint. Absorbing the very strong ultraviolet light emitted by the mer¬ 
cury vapor, the luminescent paint re-emits the light as visible white 
light. The net result is that the efficiency of electric lights has been 
increased. In other words, for a given amount of electricity consumed 
a greater amount of visible light is obtained than ever before. 

22.7. Galileo’s Experiment on the Velocity of Light. History 
tells us that Galileo once tried to measure the velocity of light but 
without success. Galileo stationed himself on one hilltop with one 
lamp and an assistant on another hilltop with a similar lamp. Galileo 
would first uncover his lamp for an instant, sending a short flash of light 
to the assistant. As soon as the assistant saw this light he uncovered 
his own lamp, sending a flash back to Galileo, who noted the total 
time elapsed. After numerous repetitions of this experiment at greater 
and greater distances between observers Galileo came to the conclu¬ 
sion that they could not uncover their lamps fast enough and that light 
probably travels with an infinite speed. Knowing as we do now that 
light travels with the amazing speed of 186,000 miles per second, it is 
easy to see why Galileo’s experiment gave no finite result. 

22.8. Romer’s Astronomical Observations. The first success¬ 
ful determination of the velocity of light was made by Romer, a Danish 
astronomer, in 1676. Romer’s interest at the time was in measuring 
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the periods of the various moons of the planet Jupiter. By the period 
is meant the time it requires the moon to make one complete traversal 
of its orbit around the planet. Of Jupiter’s eleven moons four are very 
large and can be seen with an ordinary pair of field glasses. The inner¬ 
most of these, the one studied most carefully by Romer, has a period of 
about 42 hours. A diagram of the astronomical bodies involved in the 
observations are shown in Fig. 22F(a). What Romer measured were 
the times of the appearance of the moon’s shadow on Jupiter as shown 
at /i in the figure. 

While the earth requires but one year to go around the sun, Jupiter 
requires nearly twelve years. Observing night after night throughout 
the year, Romer found the period of the moon to vary as shown at the 



right in diagram (b). At one time of year the moon seemed to move 
slower and slower until a certain minimum was reached and then 
months later would speed up to a maximum, only to slow down again 
as before. The average period of revolution, as shown by the dotted 
line, is 42 hours, 28 minutes, and 16 seconds. 

To explain the variable motion Romer assumed that the real period 
of the moon is the average period observed and that light travels with 
a finite velocity from Jupiter to the earth. As the earth recedes from 
Jupiter, as it does at £ 2 , the emergence of Jupiter’s moon gets farther 
and farther behind time due to the increasing distance the light has to 
travel. By the time the earth reaches the point E 3 in its orbit the moon- 
is behind time by 16 minutes and 36 seconds. This, he concluded, is 
the time required for light to travel across the earth’s orbit, or % dis- 
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tance of 186,000,000 miles. Dividing this distance by the time in sec¬ 
onds gives a velocity of approximately 186,000 miles per second. This 
is equivalent to a velocity of about 300,000 kilometers per second or 
3 X 10 10 centimeters per second. 

Although Romer’s explanation of the apparent variable motion of 
Jupiter’s moons was discounted by other scientists for many years, it 
was later recognized as being correct. 

22.9. Fizeau’s Experiment. The first terrestrial method of mea¬ 
suring the velocity of light was devised by Fizeau in 1849. His experi¬ 
mental arrangement is shown in Fig. 22 G. Light from an intense 
source S was reflected from a semi-transparent mirror G and then 
brought to a focus at the point O by means of a lens L\. After being 
made into a parallel beam by a second lens Li the light traveled a dis- 



Fig. 22G—Experimental arrangement used by Fizeau in measuring the velocity of light. 

tance of 5.39 miles to a hilltop, where a mirror M and lens L 3 reflected 
the light back again. Returning by the same path, some of the light 
passed through the mirror G and entered the eye of the observer at E. 

The purpose of the rotating toothed wheel was to chop the light 
beam into short flashes and to measure the time it takes each of these 
signals to travel over to the far mirror and back. With the wheel at 
rest and in such a position that the light passes through an opening 
between two teeth at 0 , the observer at E will see an image of the light 
source S. If the wheel is now set rotating with slowly increasing speed 
a condition will soon be reached in which the light passing through 0 
will return just in time to be stopped by a, that passing through opening 
1 will return just in time to be stopped by b, etc. Under these condi¬ 
tions the image will be completely eclipsed from the observer. By 
further increasing the speed the light will reappear, increasing in in¬ 
tensity until a maximum is reached. This will occur when the flashes 
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sent out through the openings 0, 1, 2, 3, etc., return just in time to get 
through the openings 1, 2, 3, 4, etc., respectively. With a wheel con¬ 
taining 720 teeth Fizeau observed this maximum at a speed of 25 revo¬ 
lutions per second. The time required for the light to travel over and 
back can therefore be calculated as 1/25 times 1/720, or 1/18,000th 
of a second. This, from the measured distance over and back of 10.78 
miles, gives a velocity of 194,000 mi/sec, or 313,000 km/sec. 

22.10. Michelson’s Measurements of the Velocity of Light. In 
the years that followed these earliest experiments, several investigators 
improved upon Fizeau’s apparatus and methods of observation and 
obtained more accurate values for the velocity of light. Of these, 
Michelson’s contributions and improvements stand out above the rest. 
Replacing the toothed wheel by a small eight-sided mirror and increas- 



Fig. 22H —Diagram of the two ends of the one-mile-long vacuum tube used by Michelson, 
Pease, and Pearson in measuring the velocity of light in a vacuum. 


ing the light path to some 44 miles, Michelson in 1926 obtained a 
value of 299,796 km/sec. 

Believing that a still more accurate value could be obtained by 
measuring the velocity of light in a vacuum, Michelson, with the help 
of Pease and Pearson, constructed a vacuum tube one mile long. The 
form of the apparatus used is shown diagrammatically in Fig. 22H. 
Light from a carbon arc is reflected from a , one of the 32 faces of a 
rotating mirror R, into the vacuum pipe through a window W. After 
reflection from the mirrors Q and N the light travels back and forth 
from one end of the tube to the other by reflection from the large flat 
mirrors Mi and M 2 . Returning after the tenth traversal to N and Q, 
the light leaves through the same window W to strike b, an adjacent 
face of R, from where it is reflected to the observer at E. 

Driven as an air turbine by a steady blast of air, the mirror R is 





Slight and Its Velocity 


323 


C*>*i • 22] 


rotat< faster and faster until a condition is reached where the light 
reflect M from each face at the position a will return just in time to be 
reflect A to the observer by the same mirror face when it reaches the 
positic:f'£. The exact speed required to do this was found by a strobo¬ 
scopic * comparison of the rotating mirror with a standard electrically- 
driven tuning fork to be 582 revolutions per second. 

With the passing of Michelson in 1931, the experiments were com¬ 
pleted three years later by Pease and Pearson. From 2885 individual 
measurements made these observers obtained the following average 
value for the velocity of light, c — 299,774 km/sec. This is lower than 
any of the values previously obtained but is undoubtedly the most 
nearly correct. 

An extensive and critical study of the values of the velocity of light 
measured by all observers has been made by Birge.f He concludes 
that the most probable value at the present time is as follows: 

c — 299,776 kilometers per second, 
or, c = 186,310 miles per second. 

For practical purposes where calculations are to be made, the ve¬ 
locity of light in air or in a vacuum may be assumed to be 300,000 
km/sec, or 3 X 1010 cm/sec. One is justified in using this round- 
number value since it differs from the more accurate value in Eq. (26c) 
by less than one-tenth of one percent. 

22.11. The Velocity of Light in Stationary Matter. In 1850 
Foucault completed and published the results of an experiment in which 
he had measured the velocity of light in water. This was a crucial 
experiment for it settled a long existing controversy concerning the 
nature of light. According to Newton and his followers light was 
believed to be made up of small particles or corpuscles emanating 
from a source. Huygens, on the other hand, regarded light as being 
composed of waves, similar in nature perhaps to water waves or sound 
waves. Now, Newton’s corpuscular theory required light to travel 

* For an explanation of the stroboscopic effect see Sec. 1.7. 

f Raymond T. Birge (1887- ), American physicist. Noted for his 

valuable contributions to the analysis of band spectra as a method of determin¬ 
ing the structure of diatomic molecules, for his discovery, with A. S. King, of 
the carbon isotope 13, and for computations of the best probable values of the 
general physical constants. He was appointed chairman of the Department of 
Physics at the University of California in 1933 and elected to the National 
Academy of Sciences in 1932. 



faster in a dense medium like water than it did in a less dense m< dium 
like air, whereas Huygens’ wave theory required it to travel slower. 
By sending light back and forth through a long tube of water, Foucault 
found its velocity to be less than that in air. This was a strong con¬ 
firmation of Huygens’ wave theory. 

Years later Michelson also measured the velocity of light in water 
and found a value of 225,000 km/sec. This is just three-quarters the 
velocity in a vacuum. In common glass the velocity is still lower, 
being about two-thirds the velocity in vacuo, or 200,000 km/sec. In 
air the velocity is very little less than the velocity in a vacuum, differing 
only by about 70 km/sec at sea level and less at higher altitudes where 
the air is less dense. For most practical cases this difference can be 
neglected, and the velocity in air said to be the same as in a vacuum. 

22.12. The Refractive Index. The ratio between the velocity of 
light in a vacuum and the velocity in a medium is called the refractive 
index , or the index of refraction of the medium. 

velocity of light in vacuo . . , 

—r——- ■ , . -r:— = refractive index. 

velocity of light in a medium 


Symbolically, 


c 

- = M- 
V 

(22*) 

The Greek letter n (mu) is frequently used to represent this ratio. 
Substituting the velocities given in the preceding section, the following 
refractive indices may be calculated: 

for water, n = 1.33 

(22*) 

glass, v = 1.5 

(22c) 

air, v = 1-00 

(111) 


Very exact measurements of the refractive index of air give a 
value 1.00029* 

22.13. The Rectilinear Propagation of Light. The rectilinear 
propagation of light is another way of saying that light travels in 
straight lines. This is illustrated by the fact that objects may be made 
to cast fairly sharp shadows on a screen. Another illustration is the 
image formation of an object produced by light passing through a 
small opening, as diagramed in Fig. 221. In this figure the object is 
an ordinary incandescent light bulb. In order to see how an image is 
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formed consider the rays of light emanating from a single point a near 
the top of the bulb. Of the many rays of light radiating in all direc¬ 
tions the ray which travels in the direction of the hole passes through 
to the point a! near the bottom of the image screen. Similarly a ray 
leaving b near the bottom of the bulb and passing through the hole 
will arrive at b' near the top of the image screen. Thus we see that an 
inverted image is formed. 

If the image screen is moved closer to the pinhole screen the image 
will be proportionately smaller, whereas if it is moved farther away 
the image will be proportionately larger. The same thing happens 
when either the object or the pinhole is moved. Excellent photographs 
can be made with this arrangement by making a pinhole in one end of 



rectilinear propagation of light. 

a small box and placing a photographic film or plate at the other. 
Such an arrangement is called a pinhole camera. For good sharp pho¬ 
tographs the hole must be very small, as its size determines the amount 
of blurring produced. The photograph shown in Fig. 22J was taken 
with such a camera. Note the undistorted perspective lines of the 
building. 

22.14. The Inverse Square Law. One direct consequence of the 
rectilinear propagation of light is the inverse square law. This law 
applies to the illumination of a surface due to the luminous intensity 
of a light source. 

The term luminous intensity applies to the source of light itself 
and is measured in standard candles or candle power. The standard 
candle , or international candle as it is sometimes called, is the luminous 
intensity of the flame of a certain make of candle the constituents of 



which are specified by international agreement. Many years ago this 
form of standard was found to be unsatisfactory and was replaced at 
the Bureau of Standards in Washington, D. C., by specially constructed 
electric light bulbs. These lights burning under certain specified con¬ 
ditions have a luminous intensity equivalent to a certain number of 
standard candles. 

Ordinary electric light bulbs used in general house lighting give 
approximately one candle power per watt of electrical energy used. A 
sixty-watt lamp, for example, has a luminous intensity of about sixty 
candle power, and a one hundred-watt lamp an intensity of about one 
hundred candle power, etc. 

The illumination of a surface is defined as the amount of light 
falling on a unit area. If a screen is placed one foot from a light source 
of one candle power the intensity of illumination will be one foot- 
candle. One foot from a fifty-candle power light the illumination will 
be fifty foot-candles, etc. 

When the top surface of a table is illuminated by a single light 
directly above it and then the light raised to twice the height, the illu¬ 
mination on the surface will only be one fourth as great. If it is raised 
to three times the first height the illumination will only be one ninth 
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as great, etc. This is illustrated in Fig. 22K(a) by the three shaded 
patches of equal area. If the letter I represents the candle power of a 
light source, and d the distance to the illuminated surface in feet, the 
illumination E in foot-candles will therefore be given by 

J2‘ . (220 

To illustrate this relation, a 100-candle power lamp placed 5 feet 
above a table top will produce an illumination of 100/25 or 4 foot- 
candles. 




Fig. 22K—Illustrating the inverse square law as it applies to light and illumination. 

In the average home and in industry people read and work under 
an illumination of two or three foot-candles. This is far too little for 
comfort and the good of our eyesight. Recent experiments upon 
proper illumination show that while several hundred foot-candles are 
required for the best vision and the least eye strain, the major improve¬ 
ment toward good working and reading conditions is brought about 
by increasing the illumination from the two or three foot-candles now 
in general use to twenty-five or thirty foot-candles. 

For ordinary reading or writing purposes this can be realized with 
a 100-watt light located two feet away from the book of paper and in 
such a position that no glare is produced. 

QUESTIONS 

1. Diagram and explain the operation and functions of the various parts of a 
carbon arc light. 

2. Briefly describe Romer’s astronomical observations and his determination of 
the velocity of light. 
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3. Describe Fizeau’s terrestrial method for measuring the velocity of light. 

4. Define or explain the following: (a) refractive index, (b) rectilinear propaga¬ 
tion of light, (c) luminous intensity, (d) illumination, (e) candle power, and 
(f) luminescence. 

3. Explain and give an example of the inverse square law as it applies to light 
and illumination. 


PROBLEMS 

1. If Fizeau’s velocity of light experiment (see Fig. 22G) were performed with 
a distant mirror 20 miles away and a toothed wheel having 300 teeth, how 
fast would the wheel have to turn for each pulse of light returning through 
the first succeeding opening to be seen? Assume the velocity of light to be 
186,000 mi/sec. 

2. Find the velocity of light in alcohol if the refractive index is 1.37. Assume 
the velocity of light in vacuo to be 3 X 10 10 cm/sec. 

3. Find the velocity of light in a diamond if the refractive index is 2.42. 
Assume the velocity of light to be 186,000 mi/sec. 

4. A 60 candle power lamp is located 2 ft above the center of a table. Find 
the illumination. 

5. A 100 candle power lamp and a 200 candle power lamp are located 10 and 20 
ft, respectively, from a wall. Find the illumination on the wall produced 
by each lamp. 

6. A 75 candle power lamp is located 5 ft away from a wall. Find the intensity 
of a light which located 10 ft away will produce the same illumination. 

7. A light 6 ft above a table top produces an illumination of 5 foot-candles. 
Find the luminous intensity of the light. 

8. An arc light 20 ft above the street produces an illumination of 5 foot-candles 
on the pavement directly below. Find the luminous intensity of the light. 

9. Two lamps, 80 c.p. and 180 c.p., respectively, are located 10 ft apart. At 
what point, on a line passing through both lamps, will the illumination by 
both lamps be the same? 



Chapter 23 ‘ Reflection, Refraction, 
and Dispersion 

All of the observed phenomena concerning the behavior of light 
are classified under one of the following headings: (1) geometrical 
optics , (2) physical optics, and (3) quantum optics. The first of these, 
which will be treated in this and the following chapter, deals with light 
as it travels in straight lines. The second, physical optics, dealing with 
the wave nature of light, will be taken up in chapters 25, 26, and 27, 
and the third, quantum optics, dealing with the quantum aspects of 
light, will be treated in chapters 32 to 35. 

23.1. The Law of Reflection. Experiment shows that whenever 
a ray of light is reflected from a mir¬ 
ror the nature of the reflected light 
can be described in terms of a num¬ 
ber of simple and well-defined laws. 

The simplest of these laws is the one 
known as the law of reflection. Ac¬ 
cording to this law, the angle at 
which a ray of light strikes the re¬ 
flecting surface is exactly equal to 
the angle the reflected ray makes with 
the same surface. Instead of measur¬ 
ing the angle of incidence and the angle of reflection from the mirror 
surface, however, it is customary to measure both from a line perpen¬ 
dicular to the plane of the mirror. This line as shown in Fig. 23A is 
called the normal. As the angle i increases the angle /' increases by 
exactly the same amount so that for all angles of incidence 

angle i = angle (23 a) 

A second part of this law stipulates that the reflected ray lies in 
the plane of incidence, the plane of incidence being defined as the plane 
containing the incident ray and the normal. In other words, the inci¬ 
dent ray, the normal, and the reflected ray all lie in the same plane. 

329 



Fig. 23A—Illustrating the law of reflec¬ 
tion from a plane mirror. 




330 


['Part VI 


&gkt 

In speaking of a mirror surface one does not necessarily mean a 
silvered plate of glass; a mirror is any surface smooth enough to pro¬ 
duce regular reflection as it has just been described. 

23.2. Image in a Plane Mirror. The image of one’s self seen in 
a mirror is formed by rays of light traveling in straight lines which are 
reflected according to the law of reflection. All objects seen in a plane 
mirror are images formed by reflection. This can be demonstrated by 
the experiment shown in Fig. 23B. A lighted candle O is placed on the 
table near a plate of glass MN. With the candle itself hidden in the 



Fig. 23 B—An experiment illustrating reflection from a mirror or plate of glass. Light 
from the candle flame at O appears to come from /. 

box H the observer at E sees only the reflected image at I. If a glass 
of water is placed at B this image appears as a real candle burning 
under water. 

As shown in the top view, all rays of light leaving the source O 
are reflected according to the law of reflection. To an observer any¬ 
where between L and R on the right side of the mirror all light appears 
to come from the same point 7. This image point is just as far behind 
the mirror as the object O is in front of it, and the two lie on the same 
perpendicular to the mirror. 

The image one sees in a plane mirror is not a real image but a virtual 
image. A virtual image is one from which rays seem to radiate but 




331 


Chap. 23] 'Reflection, Refraction, and 'Dispersion 

actually do not. In the figure the rays do not come frqm 1, they come 
from O and by reflection reach the observer. 

This experiment illustrates a trick commonly used to make ghost¬ 
like figures appear to move about a room or stage. Light from real 
persons or objects, located below or above the stage, is reflected from 
a large sheet of plate glass at the front of the stage. With proper 
drapes and a darkened room the illusion is very effective. 

23.3. Multiple Reflectipns. When light is reflected from two 
plane mirrors a number of virtual images may be seen. If the two 
mirrors are parallel to each other as illustrated by MN in Fig. 23C(a), 
the images all lie on a straight line, a line which passes through the 
object perpendicular to both mirrors. The images Mi, M 2 , N\, N 2 , etc.. 


(<l) 

object (bi 



\ 

Fig. 23 C—Multiple images seen with two plane mirrors. 

of both mirrors are all equally spaced and the images 1, 2, 3, of the 
object are symmetrically located on each side of them. The solid lines 
representing real rays show that images numbered 2 appear after 
two reflections, once from each mirror, and that images numbered 3 
appear after three reflections, once from one mirror and twice from 
the other. The number of images visible are limited by the intensity 
of the light and the reflecting power of the mirrors. 

When two mirrors are placed at an angle with each other the object 
and all of its images lie on a circle whose center is at the intersection 
of the two mirrors and whose plane is perpendicular to both mirrors. 
In Fig. 23C(b) the two mirrors are shown at 90 degrees with each 
other. The two images numbered 1 appear after one reflection and 
are the same distances behind their respective mirrors as the object 
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Fig. 23D—Reflection and refraction of light at 
the boundary of a glass surface. 


is in front. Image 2 appears after two reflections. If the mirrors 
are placed at an angle of 60 degrees, five virtual images may be seen, 
in addition to the object, making six in all. If the angle is 45 degrees, 

seven virtual images may be 
i seen, in addition to the object, 

making eight in all. Drawings 
of these are left as exercises 
for the student. 

23.4. Refraction. When 
light is incident upon the 
smooth surface of a transpar¬ 
ent substance like water or 
glass, part of it is reflected ac¬ 
cording to the law of reflection 
and the rest is refracted (bent 
in its path) into the medium. 
See Fig. 2 3D. This bending 
is due to the change in the velocity of the light upon entering the second 
medium. The direction of the refracted ray, like the incident and re¬ 
flected rays, is always measured by the angle it makes with the normal. 

The angle of refraction r 
is found by experiment to de¬ 
pend upon two factors, (1) 
the angle of incidence /, and 
(2) the index of refraction m- 
As defined in Sec. 22.12, the 
index of refraction is the ratio 
between the velocity of light 
in vacuo and the velocity of 
light in the medium. To de¬ 
termine angle of refraction 
from these two factors we per¬ 
form the following graphical 
construction. See Fig. 2 3E. A 
parallel beam of light of width 
PQ is incident at an angle i on the surface of water. From the point A 
where the beam first strikes the surface, a line is drawn perpendicular 
to the beam intersecting QC at B. 

Assuming now a refractive index of m = 1.33 for water, the line BC 
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Fig. 23E —Illustrating the graphical method of 
determining the angle of refraction. 
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is divided into four equal parts. With a radius of three of these units 
and a center at A, the arc of a circle is scribed as shown. From the 
point C a tangent is drawn intersecting the arc at D. The refracted ray 
ADR is then drawn in and the other edge of the ray CS drawn parallel 
to it. 

The law of refraction may now be stated in terms of the lines BC 
and AD as follows: 

= constant. (23f) 


It was Snell who first discovered from experiment that the ratio of 
these two lines for a given substance is the same for all angles of 
incidence. The relation is therefore called Snell’s law.* The reason 
for the constancy of this ratio is that while the light travels from B to C 
in air it travels the corresponding lesser distance AD in water. The 
ratio 4/3 = 1.33 = n- For common glass with a refractive index 
H = 1.5, the same two lines should be divided into 3 and 2 parts, 
respectively. 

23.5. Displacement in a Parallel Plate. One very useful prin¬ 
ciple concerning the behavior of light is the reversibility of light rays. 
If in any of the experiments or illustrations already described the light 
rays could be turned back on themselves they would be found to retrace 



Fig. 23F—Illustrating the lateral displacement of a beam of light passing through a 

parallel plate of glass. 


their paths exactly. This very simple rule seems obvious for reflection, 
and for refraction is verified by experiment. 

If a beam of light on being refracted into a denser medium like 
glass is bent toward the normal, then light passing through and out ^ 
of this denser medium into the air should be bent away from the 

* Willebrord Snell (1591-1626), Dutch astronomer and mathematician, was 
born at Leyden in 1591. At the age of twenty-two he succeeded his father as 
professor of mathematics at the University of Leyden. In 1617 he determined 
the size of the earth from measurements of its curvature between Alkmaar and 
Bergen-op-Zoom. In 1621 he discovered the law of refraction which now 
carries his name. 
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normal. This can be demonstrated by sending a beam of light through 
a plane-parallel plate of glass as illustrated in Fig. 23F. In (c) the 
light is incident on the first surface at an angle i and then refracted at an 
angle r. This internal ray is now incident on the second surface at the 
same angle r and is then refracted into the air at the same angle /. The 
light thus emerges in a direction parallel to the original beam but dis¬ 
placed from it laterally. 

This lateral displacement is zero for normal incidence as in (a) 
and increases with the angle i as shown by figures (b), (c) and (d) 
respectively. If the parallel plate is very thin as in the case of an 
ordinary windowpane the displacement is quite small and for most 
practical purposes can be neglected. 

23.6. Deviation in a Prism. When light passes through a prism 

it is refracted at both sur- 



Fig. 23G—Illustrating the bending of a beam of 
light passing through glass prisms of the same glass 
but different angles. 


faces and comes out in 
a different direction than 
that at which it entered. 
As shown by the three 
prisms in Fig. 23G the 
light is always bent away 
from the refracting edge 
A. The larger the angle 
of the prism the larger is 


the angle of deviation D. Upon entering the prism at the first surface, 


see diagram (c), the light is bent toward the normal. Emerging into the 
air from the second surface the light is bent away from the normal. 


In verifying these results by experiment, light of only one color is 
used, for a reason explained in Sec. 33.9. This monochromatic light is 
readily obtained by inserting a piece of colored glass into a beam of 


white light. 


23.7. Critical Angle of Refraction. When light passes from a 
medium like air into a more dense medium like glass or water the angle 
of refraction is always less than the angle of incidence. As a result of 


this decrease in angle there exists a range of angles for which no 
refracted light is possible. This is illustrated by the left-hand diagram 
in Fig. 23H, where for several angles of incidence the corresponding 
angles of refraction are shown. It is to be noted that in the limiting 
case where the incident rays approach the angle of 90 degrees (where 
they graze along the surface) the refracted rays approach a certain 
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angle c, beyond which no refracted light is possible. In any medium 
this limiting angle, called the critical angle, depends for its value upon 
the index of refraction. For common glass c — 42 degrees, and for 
water c = 49 degrees. Particular attention should be called to the fact 
that the critical angle is measured from the normal and not from the re¬ 
fracting surface. 

Thus far in the treatment of reflection and refraction nothing has 
been said concerning the relative intensities of the reflected and re¬ 
fracted rays for different angles of incidence. At and near normal 
incidence on glass, see Fig. 23H(b), the reflected light contains only 
4 percent of the incident light and the refracted light contains the 
remainder or % percent. As the angle or incidence increases the in- 



Fig. 23H—Illustrating (a) the critical angle of refraction, and ( b ) the relative intensities 
of the reflected and refracted rays for different angles of incidence. 


tensity of the reflected beam increases, slowly at first and then more 
rapidly, approaching 100 percent at 90 degrees. At the same time the 
refracted ray decreases in intensity and vanishes as the angle of refrac¬ 
tion reaches the critical angle. 

23.8. Total Reflection. Another experiment illustrating the re¬ 
versibility of light rays is shown in diagram (a) in Fig. 231. A beam 
of light is refracted at an angle r into a tank of water. From there it 
is reflected from a silvered mirror at the bottom of the tank, illustrating 
the law of reflection in a medium other than air. The reflected ray 
arriving at the upper surface at the same angle r is refracted into the air 
at the incident angle /. At each refraction at the air-water boundary 
a small amount of the incident light is reflected as indicated by the 
fine-lined arrows. 




336 


['Part VI 


tight 

When a beam of light within a medium like water or glass ap¬ 
proaches the surface at an angle greater than the critical angle all of 
the light is reflected back into the medium. In other words, the water- 
to-air or glass-to-air surface acts under these conditions like a perfect 
reflector. This phenomenon is called total reflection. Since no light 
can get into the water to be refracted at such an angle from the top 
surface, see Fig. 23H(a), none can be refracted out. The experiment 



FlG. 231—Experiment demonstrating reflection, refraction, and total reflection at the surface 
boundary between air and water. 

is illustrated with a tank of water as shown in diagram (b) in Fig. 231. 
If light is sent into the water through a glass plate in one end, the light 
approaches the upper surface at an angle greater than c, there to be 
totally reflected back into the water as shown. 

This phenomenon is made use of in many optical instruments, such 
as telescopes, microscopes, prism binoculars, spectroscopes, etc. The 
optical parts employing this principle are known as total reflection 



prisms. Such prisms are usually made of common glass with one angle 
a right angle and the other two 45 degree angles. As illustrated in Fig. 
23J there are three ways in which these prisms may be used. Incident 
normally upon the first surface, as in (a), the light enters the prism 
without deviation. Arriving at the second surface at an angle of 45 de¬ 
grees, just 3 degrees greater than the critical angle, the light is totally 
reflected according to the law of reflection. Having thus been deviated 
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through 90 degrees the light passes normally through the third surface 
without further deviation. The prism has therefore acted like a plane 
mirror with its reflecting surface at AB. 

In diagram (b) the light enters normally near one end of the long- 
diagonal face of the prism. Arriving at the second surface at 45 
degrees, total reflection takes place exactly as in (a). A second reflec¬ 
tion occurs at the third surface, sending the light out near the bottom 
of, and normal to, the first surface. The light has thus been reversed 
in direction. Used in this way, the prism performs the function of 
two prisms each used as in (a). 

In diagram (c) the light enters the first prism face at an angle. 
After refraction the light is totally reflected from the second face and 
then refracted out of the third surface to be parallel to the original 



Fig. 23K—Refraction of white sunlight into its spectrum of pure colors. 


beam. Used in this way the prism is called an erecting prism. The 
incident ray, 1, which is on top, reverses its position and emerges from 
the prism at the bottom. 

23.9. Dispersion. It was known to the ancients that sunlight on 
passing through transparent crystals and jewels of various kinds would 
produce brilliant colors of light. The early philosophers attempting to 
explain the phenomenon attributed the origin of the colors to the crys¬ 
tal itself. It was Newton who first demonstrated with prisms that the 
colors were already present in the white sunlight and that the function 
of the prism was to separate the colors by refracting them in different 
directions. This is shown diagrammatically in Fig. 23K. 

We have already seen in Secs. 23.4 and 23.6 how light of one color 
is refracted at the boundary of a medium like glass or water and how 
it is deviated by a prism. We see in Fig. 23K how, with white light, 
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each color is refracted by different amounts to produce with a prism 
different angles of deviation. Red light is refracted least and violet 
light is refracted most. The angular spread of all the colors produced 
by sending white light through a prism is called the dispersion. The 
band of color so produced is called a spectrum. 

Since different colors are refracted by different amounts the index 
of refraction of a given substance is different for each color. In 
terms of the velocity of light the deviation of the different colors shows 
that in a medium like glass or water light not only travels slower than 




Fig. 23L—Illustrating the relative dispersions of solid as well as liquid prisms. 


in a vacuum but that red light travels faster than orange, orange light 
travels faster than yellow, yellow light travels faster than green, etc. 
In any medium the different colors of light travel with different speeds. 
The greater the dispersion of a medium the greater will be the differ¬ 
ence in the speed of light for different colors. In air there is very little 
dispersion and in a vacuum there is absolutely none. This latter state¬ 
ment is proved by the fact that the sun when it first appears over the 
horizon in the morning is white and not colored. If one color were 
to travel only slightly faster than another it would have plenty of time 
in 93,000,000 miles, or eight minutes, to get ahead and appear first. 

If white light is sent through a group of similar prisms made of 
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different substances each prism will be found to have a different disper¬ 
sion. This can be demonstrated for solids by flint and crown glass 
prisms, and for liquids by kerosene and water. It will be noted that 
the two glass prisms in Fig. 23L, one of flint glass and the other of 
crown glass, produce quite different dispersions. The liquid prisms, 
produced by filling thin-walled glass troughs with liquid, also disperse 
light by different amounts. 

Although it may be concluded that substances that produce large 
deviations also produce high dispersion, the two properties are by no 
means proportional to each other. If a certain flint glass prism, for 
example, produces twice the dispersion of a crown glass prism it is not 
true that the deviation of each color by the flint prism is twice that of 
the crown glass prism. 

23.10. The Rainbow. The rainbow is nature’s most spectacular 
display of the spectrum of white light. The required conditions for 
the appearance of the phenomenon are that the sun be shining in one 
part of the sky and the rain be falling in the opposite part of the sky. 
Turning one’s back to the sun the bright primary bow and sometimes 
the fainter secondary bow, with colors reversed, are seen as the arcs 
of circles. From a high vantage point or an airplane these bows 
may form complete circles whose common center lies in the direction 
of the observer’s shadow. 

The elementary theory of the rainbow was first given by Antonius de 
Domini in the year 1611 and later developed more exactly by Des¬ 
cartes. The general characteristics of the primary and secondary bows 
are satisfactorily accounted for by considering only the reflection and 
refraction of light by spherical raindrops. To understand how the 
phenomenon arises we first confine our attention to an individual rain¬ 
drop as shown in Fig. 23M. In diagram (a) a ray of sunlight is 
shown entering a single raindrop at a point D near the top. At this 
point some of the light is reflected (not shown), and the remainder is 
refracted into the liquid sphere. At this first refraction the light is 
dispersed into its spectrum colors, violet being deviated the most and 
red the least. 

Arriving at the opposite side of the drop, each color is partly re¬ 
fracted out into the air (not shown) and partly reflected back into the 
liquid. Reaching the surface at the lower boundary each color is again 
reflected (not shown), and refracted. This second refraction is quite 
similar to that of a prism, see Fig. 23K, where refraction at the second 



surface increases the dispersion already produced at the first. This is 
the path of the light in thousands of drops giving rise to the bright 
primary rainbow. 

In diagram (b) of Fig. 23M, a ray of sunlight, coming from the 
same direction as in diagram (a), is shown entering a single raindrop 



Fig. 23M—Diagrams showing the dispersion of sunlight by individual raindrops in the 
A production of the primary and secondary rainbows. 

at a point 2? near the bottom. After one refraction and two internal 
reflections the light is again refracted and dispersed this time in a 
direction not greatly different from that in diagram (a). This is the 
path of the light in thousands of drops giving rise to the fainter sec¬ 
ondary rainbow. 

Of all the sun’s rays falling on one face of each individual drop 

only a small part of them are 
responsible for the main fea¬ 
tures of both rainbows. The 
reasons for excluding the oth¬ 
ers will be explained in later 
paragraphs. Assuming for the 
present that the two rays 
shown are the only rays to be 
considered let us see why the 
bows appear as they do in the 
sky. 

As shown in Fig. 23N the 
primary bow appears inside the 
secondary bow and arises from sunlight entering the tops of drops prop¬ 
erly located. Those in a region Ri refract red light toward the ob¬ 
server’s eye at O, and the violet and other colors over his head. Drops 
in the region of Vi refract violet light to the observer’s eye at O, and 
the red and other colors toward his feet. In other words the light seen 



’Fig. 23N—The primary and secondary rainbow as 
seen by an observer at O. 
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from any one drop is but one color, all drops giving this color lying on 
the arc of a circle. The reason they lie on the arc of a circle is that 
the angle between the incident sunlight and the refracted light of any 
one color is of necessity the same for each drop. In the primary bow 
this angle is 42° for the red light and 40° for the violet. 

The secondary bow is formed by similar reasoning and appears at 
higher angles of elevation, and with the colors reversed. The angles 
subtended by the secondary bow are 50° for the red and 54° for the 
violet. 


paralUi red rays 



D c'0' 

Fig. 230—Illustrating the refraction and reflection of light by a single raindrop and the 
minimum deviation of certain rays that produce the primary rainbow. 


23 11 The Theory of the Rainbow. The complete theory of the 
rainbow was first proposed by Thomas Young, and later worked out in 
detail by Potter, and Airy. To understand why the particular rays 
shown in Fig. 23M are responsible for the rainbow, and that other rays 
which certainly enter the drop can be neglected is illustrated in Fig. 230. 
Here, in the parallel beam of sunlight entering a single drop, our 
attention is confined to the rays of only one color. By this simplifica¬ 
tion the phenomenon of dispersion is dispensed with and we consider 
only the reflection and refraction of red light. As each of the parallel 
red rays A, B, C, etc., from the sun enter the drop they are deviated 
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according to the law of refraction. At the opposite side of the drop, 
in the region d to u”, these rays are partly reflected to the lower left 
boundary at o', b', c', etc., where by refraction they pass out into the air 
in the direction of A', B', C', etc., respectively, and partly refracted in 
the direction of a", b", c", etc., respectively. 

From the diagram it will be noted that a ray like A entering at the 
very edge of the drop is deviated through an angle close to 180°, that 
is, it emerges in almost the opposite direction to that in which it entered. 
The same is true of a ray like Q nearer the center of the drop. Ray U 
is exactly reversed in direction and therefore deviated exactly 180°. 
Ray D on the other hand is seen to be deviated least of all and is there¬ 
fore referred to as the ray at minimum deviation. In going from AtoU 
with the incident light, the emergent light is deviated less and less until 
it reaches a minimum for D' and then increases again reaching 180° 
with the axial ray UU'. The net result of this behavior is seen to be a 
slight crowding together of a considerable number of nearly parallel 
rays at minimum deviation where the light emerges as an intense and 
nearly parallel beam B' to G'. 

It should be noted that raindrops are spheres and not circles as 
represented in the figures and that the refracted rays emerge as cones 
of light. Rotating Fig. 230 about the axial ray UU' the emerging 
rays A', B', C', etc., are confined to a cone bounded at the edges by the 
rays that have suffered the least deviation. In the direction of D', the 
edge of the cone, the radiation is very intense, and inside the cone the 
rays are divergent and the radiation feeble. Outside the cone there is 
no light. Thus the selected ray A of the incident light in Fig. 23M(a) 
is the ray D in Fig. 230. 

Diagrams similar to Fig. 230 for other colors lead to angles of 
minimum deviation and cones of light whose angles decrease in the 
order of the spectral colors red, orange, yellow, green, blue, and violet. 
An experimental demonstration of this can be made by sending a beam 
of parallel light from a carbon arc through a round glass bulb filled 
with water. The refracted cones of light falling on a screen in back of 
the arc source forms a complete primary rainbow. Outside this pri¬ 
mary bow and with colors reversed, is the fainter secondary bow. 

To understand the secondary rainbow additional rays must be added 
to Fig. 230. Internally reflected rays from the points a', b', c', etc., 
are drawn up to where they again strike the surface of the drop and 
there refracted out into the air, Qut of these rays a given set of rays, 
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like those for the primary bow, will have a preferred direction in which 
the light is most intense. When the figure is rotated about the axial 
line UU' the rays form a secondary cone of light, the inner edge of 
which is sharply defined. 

It is interesting to point out that no light emerges in the region be¬ 
tween the primary and secondary cones of light. This agrees with the 
observations that the region between the two rainbows is quite dark 
whereas outside the secondary bow and inside the primary bow a con¬ 
siderable amount of light is visible. 

Theoretically three, four, and five reflections within raindrops 
should give rise to other rainbows. The third and fourth bows are 
located between the observer and the sun, and because the direct sun¬ 
light is so bright compared with the faint bows the phenomenon has 
probably never been observed. The fifth bow, however, occurs in the 
same part of the sky as the primary and secondary bows, and would be 
seen except for the faintness of the light. 

23.12. Coronas, Halos, Sundogs, Supernumerary and Lunar 
Bows. On occasions when the primary and secondary rainbows are 
particularly bright a third bow just inside the primary and a fourth 
bow just outside the secondary bow may be seen. These are called 
supernumerary bows, and are due to peculiar interference effects of 
light. This interference occurs between pairs of rays which are parallel 
to each other on emergence, but which have traveled different paths 
within the drop. Such pairs of rays for example are D' and £', C' and 
F', B' and G', and A' and Q'. The two rays in each of these pairs are 
just those that cross each other at the reflecting surface d to u’ and are 
therefore symmetrical with the corresponding incident pairs of rays. 

Lunar bows may be seen under favorable conditions. When the 
full moon appears in one part of the sky and rain is falling in another 
part of the sky, an observer with his back to the moon may observe a 
barely visible rainbow. As a rule only the brighter colors, red and 
yellow are visible. 

At times when the sun or moon shines through a thin veil of fog we 
observe a circular colored bow witli the sun or moon at the geometrical 
center. Such a corona, as it is technically called, is due to the diffraction 
of light around the tiny fog particles. Popularly called a ring around 
the sun or a ring around the moon a corona appears close to the lumi¬ 
nous source with red on the outside and should not be confused with the 
larger rings or halos with red on the inside. Halos are due to tiny 
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ice crystals floating in the upper atmosphere. Such crystals are usually 
hexagonal in shape and, acting like prisms, refract and disperse the 
light into a spectrum. They too have an angle of minimum deviation 
for each color of light and, even though they are oriented at random in 
space, they concentrate the refracted light at particular angles. The 
angular radii for ice crystal halos are 22°, and 46°. 

Sundogs, or parhelia are brightly colored areas seen close by and 
on either side of the setting sun. They too are due to the refraction of 
light by ice crystals as shown by their observed angular distances of 22° 
and 46°. 

QUESTIONS 

1. Make a diagram, similar to Fig. 23C(b), showing two plane mirrors at an 
angle of 60 degrees with each other. With an object located between the 
two mirrors, and closer to one of them, locate all of the images and show 
the paths of the rays reaching an observer's eye. 

2. Explain what is meant by the critical angle of refraction. Illustrate by making 
a diagram. 

3. Make a diagram of a total reflecting prism and show three different ways in 
which it is used. 

4. Define or briefly explain the following: (a) refraction, (b) deviation, (c) 
dispersion. 

5. Diagram and explain the formation of the primary rainbow. 

PROBLEMS 

1. Using a protractor construct a refraction diagram similar to Fig. 23E, for glass 
of a refractive index p = 1.5 and an angle of incidence of 60°. Measure 
the angle of refraction. 

2. Using a protractor and ruler, find by construction the lateral displacement of 
a beam of light passing through a plane-parallel plate of glass. See Fig. 23F. 
Assume an angle of incidence of 60°, a refractive index jx = 1.5, and a plate 
thickness of 2 inches. 

3. Using a protractor construct a 60° prism and graphically determine the angle 
at which a light ray should be incident on one face to pass through the prism 
parallel to the base. See Fig. 23G(c). Assume a refractive index ^ = 1.5. 



Chapter 24 * Lenses, Minors, and 
Optical Instruments 

History tells us that the lens is a very old optical instrument dating 
back at least 500 years b.c. One historic account even states that a 
converging lens of rock crystal is known to have been found in the 
ruins of Nineveh, and another that "burning glasses” were manufac¬ 
tured by the Greeks in large quantities several centuries B.c. 

Today lenses have found their way into thousands of optical devices 
and instruments. Some of the most common of these are the camera, 
moving picture projector, microscope, telescope, opera glass, binocular, 
periscope, and surveyor’s transit. 



Fig. 24A—Diagram of the refraction of light by sets of prisms, matched to represent a 
converging lens and a diverging lens. 

24.1. Lenses. The primary function of a lens is to form images 
of real objects. Although most lenses are made of common glass, a 
few special lenses are made of other transparent materials like quartz 
and fluorite. To understand the principles upon which a lens functions 
imagine a set of several matched prisms and blocks of glass arranged 
in the order shown in Fig. 24A. In the first arrangement the prisms 
are so made as to refract the incoming parallel light rays and to con¬ 
verge them to a focus at F. In the second arrangement the parallel 
rays are ma de to diverge as if they had come from a common point F'. 
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In each system the greatest deviation occurs at the outermost prisms, for 
they have the greatest angle between the two refracting surfaces. No 
deviation occurs for the central rays, for at that point the glass faces 
are parallel to each other. 

A real lens is not made of prisms, as indicated in Fig. 24A, but 
of a solid piece of glass with surfaces ground to the form of a sphere. 
Cross-sections of several standard forms are shown in Fig. 24B. The 



converging tenser 



diverging lenses 


Fig. 24B —Cross-sections of standard forms of common lenses. 


first three lenses, which are thicker in the center, are called converging 
or positive^ lense s, while the last three, which are thinner in the center, 
are called 'divergin g or negati ve lenses. 

There are two good reasons why lenses have spherical surfaces; 
first, with this shape they form reasonably good images; and second, 



Fig. 24C—Converging and diverging lenses showing the principal axis, principal focus F, 
focal length f, and focal plane. 


a spherical form is by far the most practical shape to which smooth 
polished surfaces can be ground. 

Diagrams showing the refraction of light by converging and diverg¬ 
ing lenses are given in Fig. 24C. The principal ^f/TUTeacE" case is a 
straight line passing through the cbflWF 6t a lens 'jp'erpendicular to the 
two faces at the points of intersection. The focal point F lies on the 
principal axis and is defined for a converging lens as the point where 
parallel light rays are brought together, and for a negative lens as a 
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point from which parallel light rays appear to originate. By symmetry 
every lens has two focal points, one on each side of the lens and at the 
same distance from the center of the lens. The distance from the focal 
point to the lens is called the focal length. 

CF = focal length = /. (24 d) 

A plane perpendicular to the principal axis which passes through 
either focal point is called a focal plan e. Parallel light rays entering 
the lens from any other direction than 7nown in the diagrams will come 
to a focus at some point on the focal plane. This point is readily located 
by remembering that a ray through the lens center does not change in 
direction. 

The greater the curvature of the two surfaces of a lens the shorter 
is its focal length. The reason for this, as can be seen from the dia- 


2enr 



Fig. 24D—Ray diagram illustrating the formation of a real image by means of a single 

converging lens. 

grams, is that the greater the curvature the greater is the deviation of 
the light rays passing through near the edges of the lens. 

One important principle concerning lenses is the reversibility of 
light rays. If a point source of light is placed at F in Fig. 24C(a) the 
rays of light which strike the lens will be refracted into a parallel beam 
of light moving to the left. Similarly, in Fig. 24C(b) if light rays are 
converging toward the focal point F' they will be refracted by the lens 
into a parallel beam. 

24.2. Image Formation. When an object is placed on one side of 
a converging lens beyond the focal point, a real image will be formed 
on the opposite side of the lens. This is illustrated in Fig. 24D. If 
the object is moved closer to the focal point the image will be formed 
farther away from the lens and will be bigger, that is, magnified. As 
the object is taken farther away from the lens the image is formed closer 
to the lens and is smaller in size. 
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In general there are two ways of predicting the position of an 
image, one is by graphical construction and the other is by use of the 
lens formula. 


f /’ 


(240 


where p is the object distance, q the image distance, and / the focal 
length. 

The graphical method is illustrated in Fig. 24E. Consider the light 
emitted by some one particular point like O in the object. Of the rays 
going out from this point in all directions the ray OA traveling parallel 
to the principal axis will be refracted to pass through the focal point F, 
see Fig. 24C(a). The ray OC arriving at the center of the lens where the 
faces are parallel will pass straight through, meeting the other ray at 



H- p’ 60 -*- % r 30 -4 

Fig. 24E—Graphical determination of the size and position of the image formed by a 

converging lens. 


some point 7. These two rays locate the image at 7. All other rays 
from the point O which strike the lens will be brought to a focus at this 
same point. To check this note that the ray OF, which passes from O 
through the left-hand focal point, by the principle of the reversibility 
of light rays, will be refracted parallel to the principal axis, crossing 
the other ray at 7, as shown. 

The use of the lens formula can be illustrated by the following 
example. Let an object be placed 60 cm in front of a lens of focal 
length 20 cm. Substituting in Eq. (2 4b), 


60 + f 20 

Transposing and finding a common denominator, 

1 = 1-1 l = 1-1 = 1 . 

q 20 60 ’ q 60 60 60* 


(240 


(24*0 



349 


Chap. 24] Censes, ^Mirrors, and Optical Instruments 


Inverting and solving for q, 

4 = 


60 ™ 

— = 30 cm. 


(240 


The image is formed 30 cm from the lens or 10 cm from F. As a check 
upon this result the graphical solution is shown in Fig. 24E, where the 
object distance and focal lengths are drawn to scale. 

The size of the image can be calculated from the following simple 
relation. 


size of object _ object distance 
size of image image distance 
This is the image formula. 

° = P 

i i 


(24/) 

(24g) 


Substituting the known values of O, p, and q from the above problem, 


0 _ 60 
I ~ 30 * 


0 = 11 . 


(24 h') 


The answer is that the object is twice the size of the image. This 
checks with the graphical construction. 

24.3. Virtual Images. The images formed by the lenses in Figs. 
24D and 24E are real. Real images are defined as those which can be 
formed on a screen and are characterized by the fact that rays of light 
are actually brought together to a focus there. Virtual images are not 
real, they cannot be formed on a screen, and the rays from different 
points in the object do not pass through corresponding points in the 
image. Virtual images may be observed with a converging lens by 
placing an object close to a lens and inside the focal point, or by a 
diverging lens with the object at any point. These two examples are 
illustrated in Fig. 24F. 

In the first case the lens is used as a magnifier, or reading glass. 
Rays of light radiating from the point of the object at O are refracted 
in the proper direction but are not sufficiently deviated to come to a 
focus. To the observer’s eye at E these rays appear to be coming from 
a point / back of the lens. This is a virtual image, right side up and 
magnified. To find this image graphically we observe that the ray FOA 
must be refracted parallel to the principal axis. The ray OC through 
the center of the lens goes on undeviated. These two refracted rays 
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extended backward intersect at I. If the lens formula Eq. (2 4b) is used 
to find the image in such a case the image distance q will come out as a 
negative quantity, showing it is a virtual image on the same side of the 

lens as the object. 

In the case of a negative 
lens the image is always 
virtual, closer to the lens, 
and smaller in size than the 
object. As shown in Fig. 
24F(b) light rays diverging 
from the object point O are 
made more divergent by the 
lens. To the observer’s eye 
at E these rays appear to be 
coming from the point I back 
of but close to the lens. To 
find this image we observe 
that the ray OA parallel to 
the principal axis must be re¬ 
fracted in such a direction 
that it appears to come from 
F. The ray OC through the center goes on undeviated. Since these 
two directions intersect at 1 the image is formed there. 

In applying the lens formula to a diverging lens the focal length / 
is always negative in sign. To illustrate this, consider the following 
example of an object placed 30 cm in front of a diverging lens of focal 
length / = —15cm. Using Eq. (24 b ), 




Fig. 24F—Illustrating the formation of virtual 
images (a) with a converging lens and (b) with 
a diverging lens. 


1 1 = 1 1 _ jL 

30 + q -15’ ° f q 30 15 


Finding a common denominator and adding, 

1_ = _ A _30 

a 30 30 30 ’ OT 4 3 


10 cm. 


The image is found at 10 cm from the lens, the negative sign indicating 
it is virtual and therefore on the same side of the lens as the object. 

24.4. Lens Defects. Although a simple converging lens may be 
made to form a relatively clear image of most any object, there is 
present in every lens a number of common defects tending to blur the 
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image. These defects are known a s^ chromatic aber ratio n, sphe rical 
aberration, astigmatism , distortion, curva turq o f.fiel d, an d coma. Al¬ 
though some of these aberrations, as they are called, can be"partly or 
almost entirely corrected by one means or another they cannot all be 
eliminated entirely. Since these corrections are but refinements to the 
design of lenses and not conducive to the understanding of the principal 
action of a lens we will be content to consider at this time the first named 
defect mentioned above, namely, chromatic aberration. 

When white light passes through a lens close to the edge it is dis¬ 
persed in much the same way that it is when passing through a large 
angle prism (see Fig. 23G). The violet light being deviated the 
most comes to a focus nearer the lens than the red. This is illustrated 
in Fig. 24G. The ray passing through the center of the lens and along 



Fig. 24G—Ray diagram illustrating chromatic aberration with a single converging lens. 

the principal axis is not dispersed. For white light a single lens, there¬ 
fore, cannot possibly form a sharply defined image. 

To correct a lens for chromatic aberration, use is made of the prin¬ 
ciple, illustrated in Fig. 23L, that different kinds of glass have different 
dispersive powers. In Fig. 24H(a) two prisms, one of crown glass 
marked C and one of flint glass marked F, are shown placed in opposi¬ 
tion. The angles of both these prisms are so made that each one 
alone would produce the same dispersion. Since flint glass has the 
higher dispersive power the flint prism will be a smaller angled prism. 
Placed in opposition, the crown glass spreads the colors out and the 
flint prism brings them together again. Since the deviation of the two 
prisms is not the same, light will emerge as white light but in a different 
direction than that in which it entered. This combination is called an 
achromatic prism. 
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A similar combination can be constructed of flint and crown glass 
lenses, as illustrated in Fig. 24H(b), whereby the dispersion in one 
lens is compensated for by the opposite dispersion in the other and yet 
the light is deviated to bring all colors to a common focus. Such a 

til 

(a) iohite light 



Fig. 24H — (a) Combination of two prisms to produce deviation without dispersion. 
( b) Lens combination correcting for chromatic aberration. 

combination is called an achromatic lens. All first-class optical instru¬ 
ments use achromatic lenses. 

24.5. Concave Mirrors. The concave mirror is an optical device 
which by pure reflection will form images in much the same way that 
a lens does. Such mirrors are often used in optical instruments in place 
of a lens. There are several very good reasons for this, one of them 
being that the concave mirror does not exhibit chromatic aberration, and 



parabolic 

mirror 



rincipal 



spherical 

mirror 


Fig. 241 —Ray diagrams illustrating the relative focusing properties of parabolic and 

spherical concave mirrors. 

another that there is but one curved surface to prepare and polish in¬ 
stead of two or more. 

While many such mirrors are parabolic or elliptical in shape, most of 
them are spherical. Schematic diagrams of parallel light being reflected 
from parabolic and spherical mirrors are shown in Fig. 241. Each 
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ray striking the mirror obeys the law of reflection that the angle of 
incidence i equals the angle of reflection It will be seen from the 
figures that all of the rays from the parabolic mirror pass through the 
same focal point F. 

In the case of the spherical mirror, conditions are different; rays 
from the outer edges cross the principal axis nearer the mirror than do 
those rays near the center. The region F where the central rays cross 
the axis is called the principal focus. The geometry of a spherical 
mirror is such that the focal length AF comes out to be just one half 
the radius of curvature R, where R = AC, and C is the center of curva¬ 
ture. Furthermore, the lens formula, Eq. (24 b), holds for mirrors as 
well as for lenses, the meaning of p, q, and F having the same meaning 
as before. 

The reason most concave mirrors are spherical is that they are 
much easier to grind and polish in this shape than in any other. As will 
be seen from Fig. 241(b) their focusing properties are good only if 



the rays near the principal axis are used. Practically speaking, this 
means that the size of the mirror must be small compared to the radius 
of curvature. 

Diagrams illustrating the focusing properties of concave spherical 
mirrors are shown in Fig. 24J. In the first figure (a) rays of light 
diverging from the top point of the object O are reflected to converge 
and form a real image at I. In (b) the object is placed at and just above 
the center of curvature C and the real image is formed at and just below 
the same point. In (c) the object 0 is placed inside the focal point and 
the rays after reflection diverge as if they had come from the point I. 
To the eye of an observer at £ a virtual image is seen magnified and 
right side up at /. In each diagram the image is located by any two of 
three rays: (1) a ray parallel to the principal axis is reflected to pass 
through the focal point F\ (2) a ray through F is reflected parallel to 
the principal axis; and (3) a ray through the center of curvature is re¬ 
flected back on itself. 



354 


Slight ['Part VI 

An interesting experiment can be performed with a large concave 
mirror under the conditions illustrated in Fig. 24J (b). A flower hang¬ 
ing upside down in a box and placed just below the center of curvature 
will form a real and erect image at O directly above. An observer to 
the right cannot see the flower directly but can see the real image. So 
real is this image that it cannot be distinguished from a real object. 

24.6. The Camera. Since the photographic camera employs but 
a single lens unit it may be considered as one of the simplest of all 
optical instruments. As illustrated by the roll-film camera in Fig. 24K, 
a converging achromatic lens forms a real and inverted image on the 
film. If the object is far away the light rays approaching the lens are 
nearly parallel and the image is formed at the focal plane. If the 
object is close up the image will be formed beyond the focal plane as 



Fig. 24K—Diagram of the image formation by a camera. 


shown in the diagram. To permit distant landscapes or "close ups” 
to be taken with the same camera, a bellows is used, allowing the lens 
distance to be varied at will. Motion of the lens to the proper image 
distance is called focusing. 

Only a simple converging lens is used in the cheapest of cameras, 
which means that all of the common defects of lenses are present to give 
rise to a slightly blurred or diffuse image. In more expensive cameras, 
however, the most objectionable lens defects are fairly well corrected by 
a compound lens made of several individual lenses. As a rule, a good 
camera lens will contain from three to five lens elements and will par¬ 
tially correct for chromatic aberration, spherical aberration, astig¬ 
matism, and curvature of field. 

24.7. The Eye. Some phases of this most remarkable optical in¬ 
strument, the human eye, have been presented in Chap. I. There it was 
pointed out that a single eye is in principle an exceptionally fine camera 
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with an elaborate lens system on one side and a sensitive screen or 
photographic film called the retina on the other. 

When light from a distant object passes through the lens system 
of the eye it is refracted and brought to a focus on the retina. There a 
real but inverted image of the object is formed. It is a most amazing 
fact that while all retinal images are inverted, as shown in Fig. 24L, 
they are interpreted as being erect. How the brain carries out this 
inversion is not quite certain, but that it does can easily be demon¬ 
strated by casting a shadow on some small object on the retina as 
follows. 

A small card with a pinhole is placed at 0 in Fig. 24L, and the head 
of a pin is placed at P just in front of the eye. At this close distance 
the lens cannot form an image of the pin, with the result that light 



Fig. 24L—The human eye is similar to a camera. All retinal images are inverted. 

from the pinhole at O casts an upright shadow of the pinhead on the 
retina. By focusing the eye on the card an inverted image of a pinhead 
will be seen in the pinhole. Thus an image which is known to be up¬ 
right on the retina seems to be upside down. 

Accommodation is the ability to focus the eyes on near and far 
objects. In a camera the focusing of a picture on the photographic 
film or plate is accomplished by moving the lens toward or away from 
the film. In the human eye, however, focusing is brought about by 
changing the shape of the crystalline lens. This is accomplished by a 
rather complicated system of ligaments and muscles. Due to a tension 
which exists in the lens capsule (see Fig. IB) the crystalline lens if 
completely free would tend to became spherical in shape. The edge 
of the lens is surrounded by the ciliary muscle which, by contracting, 
squeezes the lens, causing it to bulge out. This reduces the focal length 
of the lens, bringing nearby objects to focus on the retina. When the 
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ciliary muscle relaxes, the suspensory ligaments, being under tension, 
pull at the edges of the lens, thus tending to flatten it. Under these 
conditions the focal length increases bringing distant objects to focus 
on the retina. This is the accommodation process. 

The normal eye is most relaxed when it is forcused for parallel 
light, i.e., for objects far away. To study the detail of an object, how¬ 
ever, the object should be brought close to the eye. The reason for this 
is that the closer the object is to the eye the larger is the image formed 
on the retina. A distance of about 10 inches is found to be the distance 
of most distinct vision. Prolonged observation at distances less than 10 
inches will result in a considerable amount of fatigue and eyestrain. 

As one grows older the crystalline lens of the eye tends to harden 
and the muscles to grow weaker, thus making accommodation more 
and more difficult. The speed and amount of this hardening varies 
between individuals. If the lenses tend to harden in the thin-shaped 
form the person is far sighted, whereas if it hardens in the thick-shaped 
form the person is near sighted. If the lens does not harden sym¬ 
metrically the eye will have astigmatism. These are but a few of the 
defects of the eye particularly common among older people. Many of 
these defects can be suitably corrected by the use of spectacles; near¬ 
sighted eyes with diverging lenses, far-sighted eyes with converging 
lenses, and astigmatism with cylindrical lenses. 

Few people realize that without moving their eyes they are capable 
of observing objects within the very wide angle range of 180 degrees 
or more. When the eyes are fixed straight ahead, for example, other 
objects on either side may be seen out of the corner of the eye. As illus¬ 
trated in Fig. 24L, the two extreme rays c and d are refracted by the 
cornea and crystalline lens to points C and D, where the retina is ex¬ 
tremely sensitive to motion. This latter fact is particularly useful to the 
car driver, for it enables him to see another car coming from a side 
street at the same time the eyes are fixed on the road ahead. 

24.8. The Telescope. History informs us that the first telescope 
was probably constructed in Holland in 1608 by an obscure spectacle 
lens grinder, Hans Lippershey. A few months later Galileo, upon hear¬ 
ing that objects at a distance may be made to appear close at hand by 
means of two lenses, designed and made with his own hands the first 
authentic telescope. The elements of this telescope are still in existence 
and may be seen on exhibit in Florence, Italy. 

Astronomical telescopes today are practically the same in principle 
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that they were in the earliest days of their development. A diagram 
of a small telescope is shown in Fig. 24M. Light rays from a single 
point of a far distant object are shown entering the objective lens as a 
parallel beam. These rays are brought to a focus and form a point 
image at I. In a similar manner parallel sets of rays from other points 
of the same object (not shown) will form point images in the focal 
plane of the objective. Assuming that the distant object is an arrow 
pointing upward, the image, as shown in the diagram by a black arrow, 
is real and inverted. 

The function of the second lens in a telescope is to magnify the 
image formed by the objective. For this purpose a converging lens 
of short focus, called the eyepiece, is usually used. If the eyepiece is 



Fig. 24M—Illustrating the paths of light rays in a simple astronomical telescope. 


moved to a position where the image l is just inside its focal plane a 
magnified image /' will be seen by the eye at E. For normal observation, 
the image I and the focal planes of both lenses are in conjunction, and 
the light emerging from the eyepiece is parallel. The image 1' under 
these conditions appears to be far off to the left of L\, "at infinity,” and 
is of approximately the same angular size as shown in the diagram. 
Actually, of course, the final image is the one formed on the retina 
by rays which appear to have come from 1'. 

The magnifying power of a telescope is defined as the ratio between 
the angle subtended at the eye by the final image /' and the angle sub¬ 
tended at the eye by the object itself. In other words, it is the number 
of times larger an object appears to be when viewed with the telescope. 
When plane geometry is applied to a simple light-ray diagram of a 
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telescope it is found that the magnifying power is equal to the ratio 
of the focal lengths of the two lenses. 


Magnifying power = 


F 

f ’ 


(240 


where F is the focal length of the objective, and / is the focal length of 
the eyepiece. 

As an illustration suppose the objective lens of a small telescope 
has a focal length of one yard and that it is used with an eyepiece having 
a focal length of one inch; the magnifying power would by 36/1 or 36. 
Distant objects viewed through this telescope would appear to be 36 
times taller and 36 times wider than when viewed with the unaided 
eye. If an eyepiece with a focal length of only half an inch is used 



Fig. 24N—Lens and ray diagram of an opera glass, or Galilean telescope. 

with the same objective the magnification will be twice as great, or 72. 

This would seem to indicate that the magnification of a telescope 
can be increased indefinitely, but this is not the case. There are a 
number of factors which set a practical upper limit, the chief one of 
which for small telescopes is the diameter of the objective lens. 

If a telescope is to be used for astronomical purposes only, an 
inverted image is of no consequence to the observer, but if it is to be 
used to observe objects on the earth the magnified images should be 
right side up. Instruments which give erect images are called terrestrial 
telescopes. To right the inverted image in a telescope one of several 
methods is generally employed; one is to use a third lens, and another is 
to insert an erecting prism of the type shown in Fig. 23j(c) just in 
front of the eyepiece in place of fhe converging lens. A third method 
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is the arrangement devised by Galileo in his first telescopes, and now 
commonly used in field and opera glasses, see Fig. 24N. 

Prism binoculars, as a fourth method, use converging lenses in 
each eyepiece and invert the image rays with pairs of total reflecting 
prisms as shown in Fig. 240. The doubling back of the light rays has 
the advantage of enabling long focus objective lenses to be used in 
short tubes, hence giving a higher magnification. 

24.9. The Reflection Telescope. Nearly all of the very large 
astronomical telescopes in the world today employ concave mirrors in¬ 
stead of lenses. There are several advantages to this: first, a concave 
mirror does not exhibit chromatic aberration, thereby requiring but 


Ui 

Fig. 240 —Diagram of prism binoculars showing the lenses and total reflecting prisms. 
(Courtesy of the Central Scientific Co.) 

one piece of glass and one surface to be ground; and second, greater 
stability of the telescope is attained by having the large and heaviest 
optical part at the bottom of the instrument. 

A diagram of the great 100-inch reflecting telescope of the Mt. 
Wilson Observatory is shown in Fig. 24P. Parallel light rays entering 
the telescope tube are brought to a focus at F. Instead of viewing or 
photographing images at this point a small mirror m reflects the con¬ 
vergent rays to a focus at F'. Here, out of the path of the incoming 
light the star images can be observed and photographed. While the 
small mirror m casts a shadow on the objective mirror M the shadow 
area is relatively small so that only a small percent of the light is lost. 

In the new 200-inch telescope being constructed for use on Palomar 
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Mountain in Southern California the objective mirror is a little over 16 
feet in diameter and has a hole 40 inches in diameter through its center. 
This hole cuts out only 4 percent of the mirror’s total area. For various 
kinds of observations photographic instruments and cameras of one 
kind or another are to be located in an observing booth 40 inches in 
diameter and located at the focal plane, F in the diagram. On other 
occasions a 40-inch convex mirror will be placed at m and the light re¬ 
flected back down the telescope tube through the hole in the big ob¬ 
jective where it will be brought to a focus below the telescope. See 
Fig. 42B. 

Small reflecting telescopes using concave mirrors from 6 to 12 inches 
in diameter are often made by amateurs. These instruments are not 



Fig. 24P—Diagram of the 100-inch reflecting telescope of the Mt. Wilson Observatory. 

difficult nor expensive to make and yet give enormous magnifying 
powers. 

24.10. The Microscope. The simplest of microscopes is just a 
single converging lens of short focus used as a magnifier as shown in 
Fig. 24F (a). Since the shortest focal length lenses produce the greatest 
magnification it is not surprising that small glass beads in the form of 
perfect spheres were the first really successful microscopes. Lenses 
of this description were probably used by the famous Dutch micros- 
copist Van Leeuwenhoek when in 1674 he discovered and gave an 
accurate account of the red corpuscles of the body. 

The compound microscope, which now exceeds by far the magnify¬ 
ing power of a simple microscope, was invented by Galileo in 1610. 
Like a telescope, these instruments consist of an optical train of two 
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lenses, one called the objective and the other the eyepiece. The objec¬ 
tive of the microscope differs from the telescope, however, in that in¬ 
stead of having a long focus it has a short focus and it is placed close 
to the object as shown in Fig. 24Q. This lens forms a real and magni¬ 
fied image at a point I just in front of the eyepiece. Being another 
short focus lens the eyepiece is used as a simple microscope or magnify- 
ing glass to produce a magnified virtual image at V. 

Early forms of the compound microscope displayed so much chro¬ 
matic aberration that only low magnifying powers were attained. High- 
powered microscopes of today overcome this and other defects by 
using an objective containing as many as eight or ten lenses and an 
eyepiece of two or more. Under suitable illumination magnifying 



Fig. 24Q—Lens and ray diagram of a compound microscope. 


powers of a little over 2000 diameters are commonly attained. Al¬ 
though this is not an upper limit to the magnification for optical 
microscopes of the future, we know from the wave nature of light that 
the ultimate limit is not many times that which has already been at¬ 
tained. This is not a pessimistic attitude but a scientific truth based 
upon our present knowledge of the atomic structure of matter itself. 

QUESTIONS 

1. Draw a ray diagram showing what happens to a beam of parallel light when 
it passes through (a) a converging lens, and (b) a diverging lens. 

2. Define (a) focal length, (b) real image, (c) virtual image, (d) chromatic 
aberration, (c) accommodation of the human eye, and (f) the magnifying 
power of a telescope. 

3. Make a ray diagram (drawn to scale) showing the formation of an image by a 
converging lens (see Fig. 24E). Assume a focal length of 6 cm and an object 
distance of 10 cm. Measure the image distance. 
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4. Explain what is meant by chromatic aberration and make a ray diagram 
illustrating the phenomenon. 

5. Explain and show by diagram how an achromatic lens is made. 

6. Make a ray diagram, drawn to scale, showing the formation of an image by a 
concave mirror. See Fig. 24J. Assume a radius of curvature of 12 cm and 
an object distance of 10 cm. What is the measured image distance? 

7. Diagram and label the essential optical parts of an astronomical telescope. 

PROBLEMS 

1. An object 4 cm high is located 20 cm in front of a converging lens of focal 
length 12 cm. Find the size and position of the image by (a) the graphical 
method, and (b) the lens formula. 

2. An object 2 in high is located 6 in in front of a converging lens of focal 
length 2 in. Find the size and position of the image by (a) the graphical 
method, and (b) the lens formula. 

3. An object 1 in high is located 2 in in front of a converging lens of focal 
length 3 in. Find the size and position of the image by (a) the graphical 
method, and (b) the lens formula. 

4. An object 4 cm high is located 12 cm in front of a diverging lens of focal 
length —8 cm. Find the size and position of the image by (a) the graphical 
method and (b) the lens formula. 

5. An object 2 cm high is located 10 cm in front of a concave mirror having a 
radius of curvature of 12 cm. Find the position and size of the image by 
(a) the graphical method and (b) the lens formula. 

6. The objective lens of a telescope has a focal length of 4 ft and the eyepiece 
a focal length of three-quarters of an inch. Find the magnifying power. 

7. Each objective lens of a prism binocular has a focal length of 18 cm and each 
eyepiece has a focal length of 1.5 cm. Find the magnifying power. 

8. Two converging lenses, each of focal length 1 in, are placed 5 in apart. An 
object y 2 in high is placed 2 in in front of the first lens. Find the size and 
position of the image formed by (a) the first lens, and (b) the second lens. 

9. Light from an object 1 cm high passes through a converging lens L x 3 cm 
away. After leaving the first lens it travels 3 cm more to a second converging 
lens L 2 . If the focal lengths of the lenses are 2 cm and 6 cm respectively, 
find the position and size of the image. 



Chapter 25 ' The Science of Color 

The vision of color is perhaps the most valued gift of nature. 
While color is for the most part a physiological phenomenon its origin 
is considered by some to belong to the realm of physics. There is on 
the one hand the theory of color mixing and on the other the theory of 
color vision. The first of these theories deals with the action of matter 
on light before it reaches the eye, and the second with the visual func¬ 
tions of the eye. The science of color mixing has been made possible 
through the discovery that all colors can be completely analyzed by 
spreading them out into a prismatic spectrum. The science of color 
vision, on the other hand, involving the optics of the eye as well as 
the physiological functions of the entire vision mechanism, is only 


white red yellow green blue violet brown 





FlG. 25A—Experiment with colored skeins of yarn showing that to see an object in its 
true body color it must be illuminated by the proper light. 

partially understood. Both of these subjects will be treated in this 
chapter on the science of color. 

25.1. Effect of Illumination on Color. To see a body in its true 
color that body must be illuminated by light of the same color. If a 
red rose, as an illustration, is placed in the different colors of a pris¬ 
matic spectrum it will appear a brilliant red in the red light and grey or 
black in all the others. 

Another experiment is illustrated in Fig. 25A where yellow light 
from a sodium arc lamp is shown illuminating a row of colored skeins 
of yarn. When the lamp is turned on only the yellow yarn appears with 
its true color; the white yarn is yellow and the others are black or grey. 
If the same set of colored yarns are illuminated with red light only the 
red yarn will appear in its true color; the white yam will now be red 
and the others will be grey or black. In other words, unless the source 
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emits the proper colors the body cannot be seen in its true color. Sun¬ 
light will show each yarn in its true color, for sunlight contains all 
colors of the spectrum. 

25.2. Body Color. The above experiments demonstrate what is 
called body color. When sunlight falls on a red rose, red yarn, red 
paint, or red glass, all of the colors except red are absorbed and do 
not get through or out again. The red as it passes through is reflected 
and refracted by the fine grains of pigment and comes out in all direc¬ 
tions as shown in Fig. 25B(a). 

Not all of the other colors are completely absorbed, for a small 
amount of each color is reflected from the first surface the white light 
strikes. This may be illustrated by a polished sheet of red glass as 



Fig. 25B—Illustrating body color. Red yarn and red glass appear red on all sides. 
The other colors, orange, yellow, green, blue, and violet, present in white light are 
absorbed within the body. 


shown in diagram (b). Although the glass appears red from both 
sides a small amount of white light is reflected from the top surface, 
obeying the law of reflection. Some of the red, on the other hand, is 
reflected and refracted in the usual way at each surface as shown. 

Colors which do not contain any trace of white light, like the 
various colors of the spectrum, are said to be completely saturated. 
They are frequently referred to as pure colors or spectrum colors. 

Pink, for example, is not a saturated color since it is a mixture of 
red and white. This may be demonstrated by mixing a small amount of 
red pigment with white paint, or what is still more striking, by pulveriz¬ 
ing a piece of red glass. As the glass is ground finer and finer the 
amount of white light reflected is increased by the increasing surface 
area, until the powder becomes almost white. Although the red light 
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is still present, the white light by comparison is much stronger. A 
similar effect is produced by transparent substances like crystals and 
window glass; when powdered they become white. The smaller the 
amount of white light mixed in with a pure spectrum color the greater 
is the saturation. 


25.3. Metallic Color. Some sub¬ 
stances appear to be one color by re¬ 
flected light and a different color by 
transmitted light. This is particularly 
true of metals and of certain aniline 
dyes. Gold, for example, is always 
yellow-orange by reflected light but, if 
thin enough, is blue-green by trans¬ 
mitted light. This is illustrated in 
Fig. 25C. 

White light, composed of the spec¬ 



trum colors red, orange, yellow, green, 
blue, and violet, are incident on the 
thin film of gold. Although all of 


Fig. 25 C—A thin gold foil ap¬ 
pears yellow-orange by reflected light 
and blue-green by transmitted light. 


these colors are partially reflected and partially transmitted, the pre¬ 


dominant colors in the transmitted light are green, blue, and violet, while 


those in the reflected light are red, orange, and yellow. To the eye the 



mixture of reflected colors appears 
yellow, and the mixture of trans¬ 
mitted colors appears green. 

Graphs of the reflecting power 
of copper, silver, and gold are re¬ 
produced in Fig. 25D. Copper, it 
will be noted, reflects about 80% 
of all red light incident upon it 
and only 40% of the violet. Curi¬ 
ously enough, all metals are good 


Fig. 25 D— Graphs showing the reflecting absorbers of colors they best re¬ 
power of metals for different colors of the flect; $0 that white U „ ht incident 
spectrum. , . . . 

on a thin copper foil is partly 


robbed of red, orange, and yellow by having some of each of these 
colors reflected and some absorbed. Since a smaller amount of the 


green, blue, and violet colors are reflected and absorbed these colors 
will predominate in the transmitted light, giving it, like gold, a blue- 
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green appearance. If the metal is too thick it becomes opaque to all 
colors. In a rough way the curves in Fig. 25D represent the absorption 
of light by metals as well as the reflecting power. 

Silver, being a good reflector of all colors but violet, is nearly white. 
This is true of nearly half of the ninety-two elements of the chemical 
tables. 
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Fig. 25E—Diagram of the color triangle, with the primary colors at the corners, and the 

secondary colors at the sides. 


25.4. The Color Triangle. Although all famous artists have ac¬ 
quired a thorough understanding of the mixing of pigments to produce 
desired results in their paintings, few of them have taken advantage of 
the scientific knowledge of color mixing now available. This knowl¬ 
edge is based upon the colors of the spectrum and their relation to 

one another on the color 
triangle. 

The color triangle, as 
shown in Fig. 25E, is a 
triangular arrangement 
of six colors having white 
at the center. The colors 
red, green, and blue- 
violet, at the corners are 
called the primary colors, 
while the colors crimson, 
yellow, and light blue, at 
the sides are called the 
secondary colors. These are not pure colors but combinations of the 
visible spectrum. This may be illustrated by pieces of colored glass 
having the required primary and secondary colors. 

Light from a carbon arc light, as shown in Fig. 25F, is spread out 
into a spectrum by means of a prism and then allowed to fall on a 
white screen. When a yellow glass is inserted into the beam at any 



Fig. 25F—Experimental demonstration of the spec¬ 
tral colors transmitted by yellow glass. 
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point the blue and violet are absorbed and the remaining colors red, 
orange, yellow, and green are transmitted through to the screen. A 
similar spectroscopic examination of the other five colors of the color 
triangle will show that each is a mixture of several pure colors. These 
are represented by the spectrum charts in Fig. 25G. The shaded areas 
represent color, and the unshaded areas the absence of color. 

25.5. Additive Method of Color Mixing. Nearly everyone is 
familiar with the mixing of pigment colors red, yellow, and blue to 
get such colors as green, orange, and purple, but few are familiar with 
that other method of color mixing called the additive method. The 
additive method is demonstrated by colored lights in Fig. 25H. When 
the three-sided white pyramid at the center is turned toward the 
primary colored lights, as shown in diagram (a), only the primaries 
are seen on the pyramid faces. When it is turned as in diagram (b) so 
that each face receives equal amounts of two colors, only the secondary 
colors are observed. Red and green light shining on the right-hand face 
produces yellow, red and blue-violet shining on the left-hand face 
produces crimson, while green and blue-violet on the lower face pro¬ 
duces light blue. 

As shown by the spectrum in Fig. 25G, each secondary color is the 
sum of two primary colors, and they are therefore brighter in each case 
than any of their constituents. As the pyramid turns from position (a) 
to position (b) in Fig. 25H all combinations of two primaries are seen 
on the pyramid faces. If all three of the primaries are added together 
the result is white. This may be seen at the center of the triangle when 
the pyramid is removed. 

Colors opposite each other on the color triangle are complementary. 
Two colors are said to be complementary if when added together they 
produce white. Crimson and green are complementary, for when added 
together, as can be seen from their spectral distributions in Fig. 25G, 
they contain all of the spectrum colors of white light. Similarly red 
and light blue, as well as yellow and blue-violet, are complementary. 

An interesting optical illusion of complementary colors can be seen 
with the color triangle by turning on but one of the colored lights and 
casting a shadow of the pyramid or a pencil on a white screen. With 
the white room lights turned on the shadow will always appear com¬ 
plementary in color to whatever primary is used. 

25.6. Subtractive Method of Color Mixing. This is the method 
most familiar to everyone, the method used in the mixing of pigments 
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to produce various colored paints. For this purpose the secondary 
colors crimson, yellow, and light blue are the most useful. The mixing 
in equal amounts of any two secondary colors will produce the primary 

Primary colors Secondary colors 



red light Hue 


Fig. 25G—Spectral distributions of the light in the primary colors red, green, and blue- 
violet, and the secondary colors yellow, crimson, and light blue. 

color lying between them on the color triangle. When blue and yellow 
paints are mixed the result is green. 

At first it seems strange that yellow and blue, neither one of which 
has the appearance of a primary color, should produce green when 



Fig. 25H—Color triangle for demonstrating the additive method of color mixing. 

mixed together. A spectrum analysis of these two colors, as shown in 
Fig. 25G, shows that the green is the color common to both. When 
white light falls on a mixture of yellow and blue the yellow grains of 
pigment absorbs the blue and violet and reflect the green, yellow, 
orange, and red, whereas the blue grains of pigment absorb the yellow, 
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orange, and red and reflect the green, blue, and violet. All but green 
has been absorbed from the white light and so only green escapes from 
the mixture. 

This can best be demonstrated with blue and yellow glass as 



Fig.' 251—Diagrams of an experiment illustrating the subtractive method of color 
mixing. Yellow and blue produce green. Yellow pigment absorbs blue and violet, blue 
pigment absorbs red, orange, and yellow. Green is the only color transmitted by both. 


illustrated in Fig. 251. To see what happens to each pure color the 
white light is first spread out into its complete spectrum. The yellow 
glass in diagram (a) absorbs blue and violet, and the blue glass in 
(b) absorbs red, orange, and yellow. When both are inserted as in 
diagram (c) only green is 
transmitted. 

To carry this experi¬ 
mental demonstration to 
the mixing of paint, each 
little grain of pigment is 
like a piece of colored 
glass. This is illustrated 
for yellow paint in Fig. 

25J. Assuming the oil 
in which the pigment is 
carried to be transparent, 
white light entering the 
paint is reflected and re¬ 
fracted as shown. Wher pic 2 5 J—Illustration of the absorption of blue and 
ever blue or Violet rays violet i,g| u by yellow paint and the emission of red, 
pass through pigment orange, yellow, and green. 

grains they are absorbed. 

After many reflections and refractions the red, orange, yellow, and green 
can still escape. Together these four colors (see Fig. 25G) appear to be 

When yellow and blue pigments are mixed together as illustrated 



transparen. 

frekicle 


yellow 
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by the detailed diagram in Fig. 25K, only green light is transmitted by 
both pigments. 

The essential difference between the additive method and subtractive 
method of color mixing is just that suggested by the name; in the addi¬ 
tive method the resultant color is just the sum of the two constituents 
used to produce it, and in the subtractive method it is just the difference 
between the two. Addition always produces a brighter color and subtrac¬ 
tion produces a darker color. Just as the additive mixing of the three pri¬ 
maries produces white, so the subtractive mixing of the three secondaries 
produces black. Similarly, two complementary colors, when mixed addi- 
tively, produce white and when mixed subtractively produce black. 

25.7. Color Vision. During 
the past century many attempts 
to formulate a scientific theory 
of color vision have been made. 
While some of these theories have 
met with considerable success, 
none of them have been able to 
explain every known phenomenon. 
The most successful theory, how¬ 
ever, and one which may prove 
later to be correct, was first ad¬ 
vanced by the English scientist, 
Thomas Young, and later im¬ 
proved by the German scientist, 
von Helmholtz. 

According to the Young-Helmholtz theory the tiny cones in the 
retina of the eye (see Fig. IB) are of three kinds. One set of cones 
produces the visual sensation of red, the second set gives the sensation 
of green, and the third set the sensation of blue-violet. Sensitivity 
graphs for each of these color-sensitive cones are given by the dotted 
curves in Fig. 25L. The pure spectrum colors which produce these 
various stimuli are drawn below. The solid curve, which is the sum 
of the three separate curves, represents the combined sensitivity of the 
eye to the various spectrum colors. 

It will be noted that the eye is most sensitive to green light and 
that the response falls off quite smoothly toward the violet at one end 
and the red at the other. The dotted R curve shows that to stimulate 
the red-response cones any pure spectrum color from green to red is 



Fig. 25K—When blue and yellow paints 
are mixed together green light is the only 
pure spectral color transmitted by both pig¬ 
ments. 
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satisfactory, but that yellow-orange will produce the maximum re¬ 
sponse. Similarly, the BV and the G curves are seen to be stimulated 
by more than the one spectrum color. 

When pure spectrum yellow enters the eye, as represented by y in 
the diagram, both the R and G cones of the eye respond and we say we 
see yellow. If pure red and pure green are permitted to enter the eye 
both the R and G cones respond again and we again say that we see 
yellow. It is therefore possible to obtain a yellow response when no 
yellow light is present. If the Young-Helmholtz theory is correct the 
brain somehow performs a color mixing process by which all spectrum 
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Fig. 25L—Color graphs for color vision according to the Young-Helmholtz theory. 


colors are obtained by the additive method from three primary re¬ 
sponses. 

This power of the eye to synthesize colors to produce the thousands 
of distinguishable hues and tints is to be compared to the power of 
the ear to analyze compound musical tones. 

25.8. Color Deficiency. Three to four percent of the average 
population is color blind. The most common of these eye deficiencies 
is known as "red color blindness.” According to the Young-Helm¬ 
holtz theory of color vision the red color blind person is deficient of the 
red sensitive cones in the retina. See Fig. 25L. Persons deficient of 
the green sensitive cones are said to be green color blind. A deficiency 
in either of these cones makes it difficult to distinguish between green 
and red. Both of these colors look alike to the color blind. 

Rarely is a person found who lacks all three types of color sensitive 
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cones. Such people see everything in shades of black and white, much 
the same as an ordinary photographic print. 

25.9. Color Photography. The challenge to the photographic 
industry to develop a process for taking pictures in full color have been 
reasonably well met in the last few years. Out of the scientific re¬ 
search laboratories of the world have come the "Lumiere” process 
developed in France, the “Agfa” process developed in Germany, and 
the “Kodachrome” and "Technicolor” processes developed in the 
United States. 

Many of the full color pictures printed in the magazines of today 
are reproduced from photographs that were originally taken with a 
somewhat complicated three-color process. The rapid growth of this 



Fig. 25M— (a) Camera arrangement for taking three-color photographs. ( b ) Super¬ 
position of three colored films to produce the final photograph. 


industry of color photography justifies a brief description here of the 
most recent and successful processes. 

For "still pictures” a special box camera having one lens and three 
separate film holders is used. See Fig. 25M. Instead of snapping but 
one picture at a time, as in the ordinary camera, three pictures are taken 
simultaneously. This is accomplished by the use of two lightly silvered 
mirrors. The first mirror Mi reflects one third of the light to one 
photographic film at pi, the second mirror Af 2 reflects half of the re¬ 
maining light to a film at pz, and the remainder travels straight through 
to a film at pz . Before reaching each photographic film the light is 
made to pass through glass plates, colored to transmit only the primary 
colors red, green and blue-violet. See Figs. 25E and 25G. Light from 
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a red object, for example, will pass through the red filter but not 
through the green and blue-violet filters. 

After a picture is taken the films are developed as "black and 
white” negatives. Instead of printing these on white paper as in the 
ordinary photographic processing they are printed on three separate 
films, Pi, P‘ 2 , and P 3 and called positives. Copies of the positives 
of several playing cards are shown in Fig. 25N. These positive films 
which are white and black” are next bleached out and dyed colors 
complementary to the filters used in taking the corresponding nega¬ 
tives. Film Pi is dyed crimson, P 2 is dyed yellow and P 3 is dyed blue. 



crimson yellow light blue 


Fig. 25N—Photographs of the three positive films obtained in three-color photography. 

Where a color was bright in the object the positive is now transparent, 
and where there was no light it is colored. 

The three colored films are next superimposed as shown at the 
right in Fig. 25M, and viewed in white light. Where a red spot ap¬ 
peared in the original object like the heart on the K at the left 
(Fig. 25N) the positive Pi is crimson, P> is yellow, and P 3 is trans¬ 
parent. Out of the white light only red will be transmitted at this 
point, for only red can get through both crimson and yellow. Where 
the original cards are white, light was transmitted by all three filters 
in the camera and each of the colored positives are transparent. Where 
the cards were black, no light reached any of the negatives and the posi¬ 
tives are all colored. When superimposed no light can get through. 
Thus, by the subtractive method of color mixing a colored photograph 
exhibiting all the spectrum colors is obtained. Even the pastel shades 
of pink, blue, and green are quite faithfully rendered. 

25.10. Colored Motion Pictures. The "Technicolor” process 
used in the motion picture industry is quite similar to the still picture 
process just described above. With each snap of the camera, twenty- 
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four times per second, a picture for each of the three colors is taken 
simultaneously through colored filters. 

A detail of the optical system of the Technicolor camera is shown 
in Fig. 250. A semitransparent mirror M divides the light into two 
nearly equal beams. The one image is formed on a green sensitive pan¬ 
chromatic film after passing through a green filter, and the other image, 
after passing through a crimson filter, is formed on two films with 
their sensitive surfaces in contact. The first of the two films is sensi- 


orJindry Hue-violet 
sensitive film 


panchromatic film 
receiving red. fi 

image 

crimson 
filter 



panchromatic 
r ilm receiving 
green image 


aperture (<l) 


green filter 
transmitting 
green only 


thin gold film 
between Z total reflection 
prisms 

Fig. 250—Detail diagram of the optical parts of a "Technicolor” motion picture camera. 


tive only to blue and violet and the rear film is sensitive to red. When 
all three strips of film are developed they become the color separation 
negatives as in the still picture process described above. 

From these negatives, positive prints are made on specially patented 
film, processed in such a way as to produce raised images such as one 
finds on a relief map. When these three positives are run over separate 
inked rollers the high spots take up colored ink to be printed on a final 
film. The inks used are the complementary colors, crimson, yellow 
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and light blue, and when pressed successively against the final film 
reproduce by the subtractive method the original colors present in the 
object. The finished product has therefore been printed in color in 
much the same way that a printing press performs the same result from 
raised type and plates. 

One significant feature of the "Technicolor” camera is the use of 
a thin gold film as a reflecting surface between two total reflecting 
prisms (see Fig. 23J). Such a surface, see Fig. 25C, reflects more red 
light and transmits more green light than silvered surfaces, while the 
prisms eliminate the objectionable reflections from the unsilvered sur¬ 
face of plane mirrors (see Fig. 25M). 

In the "Kodachrome” process, developed by the "Eastman Kodak 
Company,” three sensitive photographic emulsions and two layers of 
dyed gelatine are laid down on one celluloid film. The top emulsion, 

blue sensitive 
emulsion 

green sensitive 
emulsion 

rej sensitive 
emulsion - 


black ''backing 

Fig. 25P—Detailed cross-section of "Kodachrome” film, showing the five layers used 

to obtain full color pictures. 

as shown by the detailed cross-section in Fig. 25P, is yellow in color 
and absorbs only the blue and violet light to which it is particularly 
sensitive. The yellow dye in the first separating layer transmits red, 
orange, yellow, and green to the second emulsion, which is particularly 
sensitive to the green and yellow. The red dye in the second separating 
layer transmits orange and red light to the lowest emulsion, which is 
sensitive to these colors. These three color sensitive films and the 
necessary filters are all contained in a single film, in a layer only 
0.02 mm thick. 

In processing an exposed film the three images are developed and 
reversed intact. The reversing process makes positives out of the 
negatives, changes black into white, and vice versa. The film is then 
bleached and dyed. The top emulsion is dyed yellow, the middle emul¬ 
sion crimson and the bottom emulsion blue. 

The amazingly accurate color reproduction of the "Kodachrome” 
process is remarkable considering the perfection of the many necessary 
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processes through which the film must pass in order to develop, reverse, 

bleach, and dye each layer separately. It is a simple process to take 

color pictures but a complicated process of developing and obtaining 

the finished product. 

QUESTIONS 

1. Explain briefly the difference between metallic color and body color. Give 
an example of each. To which of these is the color of a red rose due? A 
green leaf? 

2. Diagram the color triangle and make charts showing the various pure spectrum 
colors belonging to each of the six colors. 

3. Explain the additive method of color mixing and give an example from the 
color triangle. 

4. Explain the subtractive method of color mixing and give an example. 

5. Define (a) body color, (b) pure color, (c) complementary color, (d) satu¬ 
rated color, and (e) color mixing. 

6. Describe briefly any three-color process used in color photography. 



Chapter .26 ‘ Diffraction and 
Interference 

26.1. Shadows. When light passes close to the edge of any object 
it is bent in its path and travels on in a new direction. This bending 
of light around corners is called diffraction. In the preceding chapters 
light has been assumed to travel in straight lines and to obey the laws 
of reflection and refraction. Furthermore, according to the rectilinear 
propagation of light it is customary to assume that an object will cast 
a sharp and well-defined shadow. A close examination of every 



shadow, however, shows that the edges are not sharp but blurred and 

diffused. , 

If one is careful to choose a small source of light, such as the 

light emanating from a pinhole in a screen, the shadow of an object 
cast on a distant screen is bounded at the edges by narrow bands or 
fringes of light To observe these effects the following simple experi¬ 
ment may be performed in a darkened room. A box containing a light 
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bulb and a pinhole is placed on one side of the room and a ground 
glass observing screen or photographic film is placed on the other. 
The objects whose shadows are to be observed are then placed about 
half way between the source and the screen as shown in Fig. 26A. This 
is the arrangement used in obtaining the original photographs repro¬ 
duced in Figs. 26B and 26C. The latter is an enlarged photograph of 
the light diffracted by a small circular opening. 

As a rule, these peculiar shadow effects are seldom observed by the 
casual observer for the reason that a single point source of light is 
seldom at hand. When such a light source is present, the narrow 
bands at the shadow’s edges are quite small and faint so that they 
easily escape notice. 

26.2. Huygens’ Principle. The phenomenon of diffraction was 
explained in the time of Newton by assuming that light is composed 
of small particles or corpuscles obeying the ordinary laws of mechanical 
motion. And so it was that Newton and his followers held for many 
years to the idea that a source of light is the source of high speed par¬ 
ticles radiated in all directions. 

Although such a viewpoint was held for many years it was later 
abandoned in favor of a wave theory of light, according to which a 
beam of light is made up of many waves of extremely short wave¬ 
lengths. By adopting the wave hypothesis a complete and adequate 
account of reflection, refraction, diffraction, interference, and polari¬ 
zation phenomena was finally given by Augustin Fresnel, a French 



Fig. 26B—Photographs of the shadows cast by small objects. The narrow bands are due 

to the diffraction of light. 




Fig. 26C — Diffraction of 
light by a small circular open¬ 
ing. ( Original photograph by 
Hufford .) 



physicist, at the beginning of the nineteenth century. The wave theory 
of light was first proposed by the English physicist Robert Hooke in 
1665, and developed twenty years later by the Dutch scientist and 
mathematician Christian Huygens.* 

Everyone has at some time or other dropped a stone in a still pond 
of water and watched the waves spread slowly outward in ever- 
widening concentric circles. In the analogous case of a point source 
of light, the spreading waves form concentric spheres moving outward 
with the extremely high velocity of 186,000 miles per second. This 
is represented diagrammatically in Fig. 26D. Each circle represents 
the crest of a wave so that the distance between consecutive circles is 
one wave-length. 

According to Huygens’ principle every point on any wave front 
may be regarded as a new point source of waves. Regarding each of 
any number of points like a , b, c, etc., as point sources like 5, secondary 

•Christian Huygens ( 1629 - 1695 ), famous Dutch physicist and contempo¬ 
rary of Isaac Newton. Bom at The Hague in 1629 , young Christian got his 
first ideas about waves and their propagation by watching the ripples on the 
canals about his home. Although his chief title-deed to immortality is his 
development of the wave theory of light, he made many and valuable con¬ 
tributions to mathematics, and astronomy. He improved upon the method of 
grinding telescope lenses and discovered the Orion nebula, part of which is 
now known by his name. He was elected to the Royal Society of London in 
1663, and delivered before that august body the first clear statement of the 
laws governing the collision of elastic bodies. He died a confirmed bachelor 
at The Hague in 1695. 
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wavelets spread out simultaneously as shown. The envelope of these 
an instant later is the new wave front A, B, C, etc., and still later the 
wave front L, M, N, etc. Although Huygens' principle at first hand 
might seem to be a useless play with circles it has quite general appli¬ 
cation to many optical phenomena. 

26.3. Reflection and Refraction of Waves. A diagram illus¬ 
trating the application of Huygens’ secondary wavelets to reflection is 
shown in Fig. 26E. A parallel beam of light of width KM is incident 

at an arbitrary angle on the pol¬ 
ished surface of a piece of glass. 
As indicated by the wavy lines 
at the side of each beam the 
crests of the waves are repre¬ 
sented by equidistant lines per¬ 
pendicular to the direction of 
motion. 

At the instant one end of a 
crest strikes the surface at A the 
opposite end is at B. While this 
upper edge travels from B to G 
the lower side is reflected and 
travels an equal distance AH. 
Each of the points A, C, E, and 
G acting as new point sources 
sends out a secondary wavelet, 
at the instant a wave arrives there, to form the new wave front HG. If 
from other points between A and G on the mirror secondary wavelets 
are drawn they will all fall tangent to the reflected wave fronts, travel¬ 
ing off in the direction shown. The geometry of the diagram shows 
that the angle of incidence equals the angle of reflection. 

A similar diagram illustrating refraction is given in Fig. 26F. 
The same points A, C, E, and G, acting as point sources of light for 
the reflected light, also send out secondary wavelets into the medium. 
Since the velocity of light is less in the medium than in air the waves 
are shorter, i.e., the wavelets are crowded together. Assuming a re¬ 
fractive index of 1.5 for glass, the wavelets and new wave fronts in 
the glass will be only % as far apart as in the air. Their new directions 
are found by setting a compass at the points A y C,E, and G and drawing 
arcs of circles % as far apart as the waves in air. The lines AR and GS, 



Fig. 26D—Diagram of waves spreading 
out from a point source. The secondary 
wavelets and new wave fronts illustrate 
Huygens* principle. 
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drawn through the points of tangency, are perpendicular to the new 
wave fronts DC, FE, and HG. 



Fig. 26E—Illustrating the application of Huygens’ principle of secondary wavelets to 

reflection. 

When the beam is refracted from the lower face of the glass plate 
in Fig. 26F, the secondary wavelets emerge from the lower boundary 
into the air again. In this instance the distance between waves and 



Fig. 26F—Illustrating the application of Huygens’ principle of secondary wavelets to 

refraction. 

wavelets returns to that for the incident light. The direction of the 
refracted beam, which is left as an exercise for the student, will be 
found to be parallel to the incident beam. 
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The action of a converging lens on light waves is illustrated in 
Fig. 26G. If a point source of light is placed at the focal point, as in 
diagram (a), the expanding waves pass through the lens and come 
out as plane waves, i.e., as parallel light. In diagram (b) incident 
plane waves are shown emerging from the lens as contracting waves 


M lens ^ns (l) 



Fig. 26G—Illustrating the behavior of light waves as they pass through a converging lens. 


which come to a focus at F. The change brought about by the lens 
can be explained by the fact that light travels faster in air than it does 
in glass. 

26.4. Diffraction at a Single Small Opening. A direct experi¬ 
mental demonstration of Huygens’ principle is illustrated in Fig. 26H. 
Plane waves approaching a barrier AB from the left are reflected or 

absorbed at every point except at S 
| where they are allowed to pass on 
D through. When the experiment is 
carried out with water waves, one 
can see the waves spreading out in 
all directions as if S were a point 
source. 

If AB is an opaque screen and S 
is a pinhole small in comparison to 
^ the wave-length of light, the light 
waves will spread out in hemi- 

Fig. 26H—Diagram of the diffraction spheres with S at their center. If S 
of waves at a small opening. Huygens’ . ... , 

principle. 1S a lon & narrow slit (perpendicu¬ 

lar to the page) the waves spread 
out with cylindrical wave fronts. Cross-sections of all of these cases 
are represented by the semicircles, the light traveling in the direction of 
the arrows. 

If light traveled in straight lines through the opening 5, only a 
bright spot would appear on the screen at C. Experimentally, however, 
light is found at all points on the right-hand side of the screen, being 
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brightest at the center C, and diminishing slowly in intensity on either 
side. A small amount of light is even diffracted at right angles in the 
direction of A and B. Thus Huygens’ principle can be extended to say 
that the secondary wavelets spreading out from every point in a beam 
of light have their greatest intensity in the forward direction. 

26.5. Young’s Double-Slit Experiment. The crucial test be¬ 


tween Newton’s corpuscular theory of light and Huygens’ wave theory 
came in 1801 when Thomas Young * performed his now famous 


interference experiment. This 
is represented schematically 
in Fig. 261. Sunlight from a 
pinhole S was allowed to fall 
on a distant screen containing 
two pinholes 5i and So. The 
two sets of spherical waves 
emerging from the two holes 
interfered with each other in 
such a way as to form a sym¬ 
metrical pattern of bands on 
another screen AIN. This ex¬ 
periment is now regarded as 
the first definite proof that 



light is a wave motion. Fig. 261—Diagram of Young's double-slit ex- 

For convenience it is P eriment illustrating the interference of light 

waves. 

now customary to perform 

Young’s experiment with narrow slits in place of pinholes. If S, Si, 
and St in Fig. 261 represent the cross-sections of three narrow slits, 
the light falling on the farther screen MN has the appearance of equi¬ 
distant bands or fringes as shown by the photograph in Fig. 26J. The 
bright fringes correspond to the points Po, Pi, P 2 , etc., and the dark 
fringes to the points half way between. 

As the waves travel outward from each slit Si and S 2 they cross 


♦Thomas Young (1773-1829), English scientist. Bom of a Quaker 
family, young Thomas had read the Bible twice through at the age of four and 
at fourteen could speak seven languages. He studied medicine in London, 
Edinburgh, Gottingen, and Cambridge and at 28 was appointed professor of 
physics at the Royal Institution. Young is best known for his experiments 
proving the wave theory of light, but he also made valuable contributions to 
mechanics, medicine, and to the mechanism of sight and vision. He was one 
of the first to successfully decipher Egyptian hieroglyphic inscriptions. 
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each other only at points which lie along the dotted lines shown in 
the diagram. These represent the points where the crests of two 
waves come together and produce a maximum brightness. About 
half way between these dotted lines lie other points where the crest 
of one wave and the trough of another cancel each other and produce 
darkness. This is called interference. Where the bright fringes are 

formed there is constructive 
interference and where the 
dark fringes appear there is 
destructive interference. 

One of the simplest 
methods of demonstrating 
interference fringes to a 
large audience is illustrated 
in Fig. 26K(a). The best 
source of light for this pur¬ 
pose is a light bulb of clear glass with a vertical, single wire, filament. 
Double slits for each observer can be made from small pieces of pho¬ 
tographic plate about one inch square. Two sets of slits, as shown in 
diagram (b), are made in the photographic emulsion by drawing the 
point of a penknife across the plate. Holding one pair of slits close 





Fig. 26 )—Interference fringes produced by a 
double-slit as in Young’s experiment. 



c/ouS/e s/it 



A B 


Fig. 26K—( a ) Experimental arrangement for observing interference fringes by Young's 
double-slit experiment. ( b ) Detail of double-slit showing two pairs of slits. 


to one eye as shown in diagram (a) and looking at the source, a 
number of colored fringes will be seen. 

If the source is white the central fringe will be white and the 
other fringes colored like the spectrum. If a red, green, or violet 
glass filter is placed in front of the source, red, green, or violet 
fringes will be seen, respectively. A comparison of these colored 
fringes shows the red fringes are more widely spaced than the green 
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or violet. This means that the different colors of the spectrum have 
different wave-lengths. 

This is realized by noting that the spacing of the waves in Fig. 261 
was arbitrarily chosen. The diagram as it is drawn illustrates the 
conditions for one wave-length only, that is, for one colof of light. 
If the spacing between waves is decreased, all other factors remaining 
the same, the points Po, Pi, P 2 , etc., will be closer together as in the 
photograph. Thus for shorter waves the fringes are more closely 
spaced. 

The geometry of the double-slit experiment shows that if d repre¬ 
sents the distance between the two openings of a double slit, D, the 
distance between the double slit and the observing screen, and x the 

ultra violet 


Violet 


vm 



Fig. 26L—Schematic diagram of the relative wave-lengths of light. 

distance between two consecutive fringes on the screen, the wave¬ 
length of the light X is given by the simple equation, 

d 


D 


(26*) 


By measuring the three distances d , x, and D, the wave-length of 
light can be calculated. Repeated experiments, carefully performed, 
give the following results. 

Wave-length of red light, X = 0.00007 cm 

" " green “ , X = 0.00005 “ (26i) 

” violet “ , X = 0.00004 " 

As illustrated by waves in Fig. 26L, red light has the longest waves 
and violet the shortest. All of the other colors of the spectrum have 
wave-lengths lying between red and violet. These extremely small 
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values show that hundreds of light waves occupy a distance no greater 
than the thickness of a piece of paper. Traveling with their tremen¬ 
dous velocity of 186,000 miles per second they vibrate with a most 
astounding high frequency; about 10 15 vibrations per second. The 
dotted waves above and below represent the waves of invisible light 
known as the ultraviolet and infrared, to be considered later in an¬ 
other chapter. 

One interesting result of Young’s experiment is to show that the 
smaller the distance d between the two openings of a double slit the 
greater is the distance x between fringes. For example, looking 

through the double slit B in Fig. 26K(b), 
the fringes appear farther apart than they 
do when observed through the more widely 
spaced pair at A. 

26.6. The Diffraction Grating. The 
diffraction grating is an optical device widely 
used in place of a prism for studying the 
spectrum and measuring the wave-lengths of 
light. Gratings are made by ruling fine 
grooves with a diamond point either on a 
glass plate to produce a transmission grating 
or on a polished metal mirror to produce a 
reflecting grating. As illustrated in Fig. 26M 
the rulings are all parallel, and equally spaced. The best gratings are sev¬ 
eral inches in width and contain from 5000 to 30,000 grooves per inch. 

The transmission grating and its effect on light is idealized by the 
cross-section diagrams in Fig. 26N. The heavy black lines represent 
the grooves which permit no light to get through and the open inter¬ 
vals between them represent the undisturbed parts of the glass which 
transmit the light and act like parallel slits as in Young’s double-slit 
experiment. In diagram (a) parallel light is shown arriving as a train 
of plane waves at the grating surface. The light then getting through 
the openings spreads out as Huygens’ wavelets and forms new wave 
fronts parallel to the grating face. These wave fronts, parallel to the 
original waves, constitute a beam of light W traveling on in the same 
direction as the original beam. 

These are not the only wave fronts, however, for other beams of 
parallel light are to be found traveling away from the grating in other 
directions. Two other such wave fronts are illustrated in diagrams (b) 



Fig. 26M—Schematic diagram 
of the grooves or rulings on a 
diffraction grating. 
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and (c). In (b), a dotted line is drawn tangent to the seventh wave 
from opening 1, the eighth wave from opening 2, the ninth wave from 
opening 3, etc., to form what is called a wave front of the first order 
of interference. In (c), a line is drawn tangent to the fourth wave 
from opening 1, the sixth wave from opening 2, the eighth wave from 
opening 3, etc., to form what is called a wave front of the second 
order of interference. Similarly, by taking every third wave or every 
fourth wave from consecutive slits, other parallel wave fronts corre¬ 
sponding to the third or fourth orders are found moving off at greater 
angles. By symmetry all of the orders found on one side of the zeroth 
order are also found at the corresponding angle on the other side. 

Experimentally there are two methods of observing the various 
orders of interference from a diffraction grating; one is to place the 



Fig. 26N—Diagrams showing the formation of wave fronts forming the various orders 
of interference observed with a diffraction grating. 


grating directly in front of the eye as illustrated by the double slit in 
Fig. 26K, and the other is to place it in the parallel beam of light 
between two lenses as shown in Fig. 260. In the latter case the second 
lens is shown converging the various wave fronts of the different 
orders to a focus on a distant screen. If the source is a slit as shown 
at the left, and a colored glass filter is used to let through any one 
color of light, like violet, the light falling on the screen will appear 
as shown in the top photograph in Fig. 26P. Each vertical line is an 
image of the slit source and is violet in color. 

If the three diagrams in Fig. 26N are redrawn for light of a longer 
wave-length, i.e., a greater distance between waves, the central beam 
of light W would travel on in the same direction as before, but the 
various orders of interference would be diffracted out at greater angles. 
Should green light be used in Fig. 260, the slit images formed on the 
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screen would be farther apart than for violet light, as illustrated by 
the images marked G in Fig. 26P(b). This lower photograph was 
taken with both violet and green light passing through the grating. 
These line images are called spectrum lines. 

screen 

2nd order 
1st order 
O W 
1st order 
2nd order 

image 

Fig. 260—Showing how the wave fronts of the various orders of interference are brought 

to a focus by a lens. 

It will be noted that the separation of the spectrum lines V and G 
in the third order is three times as great as in the first order. In other 
words, any two spectrum lines are separated by an amount which is 
proportional to the order of interference. 



4th 3rd 2nd 1st 0 1st 2nd 3rd 4th order 



Fig. 26P—Photographs of the different orders of interference of violet and green light 
obtained with a diffraction grating as shown in Fig. 260. 


If white light is sent through a grating all of the different wave¬ 
lengths, corresponding to the different colors, form their own charac¬ 
teristic wave fronts and produce a complete and continuous spectrum 
in each order of interference. This is illustrated by a diagram in 























Chap. 26] 


‘Diffraction and Interference 


389 


Fig. 26Q. Since the zeroth order for all colors comes to the same 
point the central image is white. Because the width of each spectrum 
is proportional to the order, the higher orders overlap one another 
more and more. The violet of the third order, Vz for example, falls 
on the red of second order, R 2 . It is for this reason that only the first 
and second orders of the spectrum from any grating are the ones gen¬ 
erally used in practice. 

Since the same formula that applies to Young’s double slit, Eq. 
(2 6a), also applies to the diffraction grating, the measurement of the 
spacings between spectrum lines furnishes an accurate method of meas¬ 
uring the wave-lengths of light. The d in Eq. (2 6a) represents the 
distance between consecutive slits of the grating and is called the grat¬ 
ing space. 

If the grooves of a grating are very fine and close together, i.e., 


R, R 
V. 3 K* 


Rf Rp 

V z v, Vp V, 


*3 

v 4 % 



3rd 2 nd 1st \ 1st 2nd 3rd 

order order order ceriira p order order order 

image 

Fig. 26Q—Diagram of the first several orders of the continuous spectrum as displayed 

by a diffraction grating. 


there is a small grating space, the spectrum of each order is spread 
out over large angles. If the grating is coarse, with but a few hundred 
lines per inch, the orders will be narrow and close together. Thus the 
highest dispersion is obtained with the finest ruled grating. The reason 
for having so many lines on a grating is to form narrow spectrum lines. 
This effects a greater purity of the spectrum, or a greater resolving 
power of the grating. 

The general appearance of a spectrum, produced by a diffraction 
grating spectrograph, can be seen in the photographs reproduced in 
chapter 33. Diagrams of two common forms of reflection grating 
spectrographs are given in Figs. 32F, 32G, and 32H. 

The term diffraction refers to the spreading out of the light waves 
from each grating space. The interference of these waves takes place 
where a lens brings them together at points as shown in Fig. 260. 
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Interference is defined as the result of the coming together at one 
point of two or more waves. 


QUESTIONS 

1. Make a diagram and explain Huygens’ principle as it applies to the reflec¬ 
tion of light from a plane mirror. 

2. Make a diagram and explain Huygens’ principle as it applies to the refrac¬ 
tion of light by a plane glass surface. 

3. Briefly explain and diagram Young’s double-slit experiment. What does the 
experiment prove about the nature of light? 

4. Briefly describe an experiment by which one can measure the wave-length 
of visible light. 

5. Define (a) diffraction, and (b) interference. 

PROBLEMS 

1. Light from a small source of light falls on a double-slit 2 meters away from a 
screen. See Fig. 261. If the interference fringes observed on the screen are 
1 mm apart and the interval between the two openings of the double slit is 
1 mm, what is the wave-length of the light? What color is the light? 

2. Red light of wave-length 0.00007 cm is used in observing the interference 
fringes produced by a double slit (see Fig. 261). If the two openings of the 
double-slit are one half millimeter apart and the distance between double-slit 
and screen is 5 meters, how far apart are the fringes? 

3. A double-slit with a slit separation of one hundredth of one millimeter is 
arranged as shown in Fig. 261. If the distance to the screen, D = 100 cm 
and the distance between the fringes is 6 cm, find the wave-length of light. 

4. If two spectrum lines as observed on a screen are 2 cm apart in the first order 
spectrum, how far apart are they in (a) the second order, and (b) the fourth 
order? 



Chapter 21 * The Polarization of Light 

The experiments described in the preceding chapter illustrating 
the diffraction and interference of light are generally regarded as 
proof that light is a wave motion. Although such experiments enable 
the experimentalist to measure accurately the wave-lengths of light, 
they give no information of the kinds of waves involved. The reason 
for this is that all types of waves, under the proper conditions, will 
exhibit diffraction and interference. The desired information in the 
case of light waves is found in another group of phenomena known as 
polarized light. Some of the phenomena, which will be described in 
this chapter, are considered to be a proof that light is a transverse 
wave motion in contrast with the longitudinal wave motion in sound. 

In the case of longitudinal waves the vibrations are always parallel 
to the direction of propagation, so that in a plane at right angles to 
the direction of travel there is no motion and hence there is perfect 
symmetry. If light is a transverse wave motion then the vibrations of 
a beam of light are all at right angles to the direction of propagation 
and there may or may not be perfect symmetry around the direction of 
travel. If perfect symmetry does not exist for a beam of light the 
beam is said to be polarized. 

The experimental methods by which light may be polarized are 
classified under one of the following heads: (I) reflection, (2) double 
refraction, (3) selective absorption, and (4) scattering. 

27.1. Plane-Polarized Light. A better understanding of the ex¬ 
periments to be described in this chapter can best be attained by first 
presenting the graphical methods of representing transverse waves. 
We assume at the outset that each light wave is a transverse wave 
whose vibrations are along straight lines at right angles to the direction 
of propagation. See Fig. 14G. Furthermore, we assume that a beam 
of ordinary light consists of millions of such waves, each with its own 
plane of vibration, and that there are waves vibrating in all planes 
with equal probability. Looking at such a beam end-on as in Fig. 27A, 
there should be just as many waves vibrating in one plane as there 
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are vibrating in any other. This then can be referred to as perfect 
symmetry. 

If by some means or other all the waves in a beam of light,are 
made to vibrate in planes parallel to each other the light is said to 
be plane-polarized. Diagrams illustrating such light are shown in 

Fig. 27B. The top diagram (a) represents 
plane-polarized light waves traveling to the 
right and vibrating in a vertical plane, while 
the second diagram (b) represents a ray of 
plane-polarized light vibrating in a horizontal 
plane. The dotted line indicating waves in 
diagram (a) is usually omitted. 

It can be shown that a beam of ordinary 
unpolarized light, vibrating in all planes, may 
be regarded as being made up of two kinds of 
vibrations only, half of the waves vibrating 
in a vertical plane as in diagram (a) and the 
other half vibrating perpendicular to it as in 
diagram (b). The reason for this is that waves not vibrating in either 
of these two planes can be resolved into two components, one compo¬ 
nent vibrating in a vertical plane and the other vibrating in a horizontal 
plane. Although these two components may not be equal to each other 
the similarly resolved components from all waves will average out to 

o t 
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Side views end views 

Fig. 27B—Diagrams illustrating plane polarized rays of light. 

be equal. Diagram (c) is regarded therefore as being equivalent to 
ordinary unpolarized light. 

27.2. Polarization by Reflection. When ordinary unpolarized 
light is incident at an angle of about 57° on the polished surface of a 
plate of glass the reflected light is plane-polarized. This fact was first 



Fig. 27A—End-on view of 
a beam of unpolarized light 
illustrating schematically the 
equal probability of all 
planes of vibration. 
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discovered by Etienne Malus, a French physicist, in 1808. The experi¬ 
ment usually performed to demonstrate his discovery is illustrated in 
Fig. 27C. 

A beam of unpolarized light AB is incident at an angle of 57° on 
the first glass surface at B. This light is again reflected at the same 
angle by a second glass plate C placed parallel to the first, as in dia¬ 
gram (a). If now the lower plate is rotated about the line BC by 
slowly turning the pedestal on which it is mounted, the intensity of 
the reflected beam CD is found to decrease slowly and vanish com¬ 
pletely at an angle of 90°. With further rotation the reflected beam 



Fig. 27C—Common experiment performed to demonstrate the polarization of light by 
reflection from a smooth glass surface. 

CD appears again, reaching a maximum at an angle of 180° as shown 
in diagram (c). Continued rotation causes the intensity to decrease 
to zero again at 270°, and to reappear and reach a maximum at 360°, 
the starting point as in diagram (a). During this one complete rota¬ 
tion the angle of incidence on the lower plate, as well as the upper, 
has remained at 57°. 

If the angle of incidence on either the upper or lower plate is not 
57° the beam CD will go through maxima and minima every 90° as 
before, but the minima will not go to zero. In other words, there will 
always be a reflected beam CD. 

A complete mathematical theory of the polarization of light by 
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reflection was first given by Fresnel * in 1820. The remarkable con¬ 
firmation of this theory, in every detail, by experimental observations 
on the behavior of light and measurements establishes Fresnel as the 
greatest contributor to the whole field of optics. 

The explanation of the above experiment is made clearer by a de¬ 
tailed study of what happens to ordinary light reflected at the polariz¬ 
ing angle of 57° from glass. As illustrated in Fig. 27D, 8 percent of 
the light is reflected as plane-polarized light vibrating in a plane at 
right angles to the plane of incidence, and the other 92 percent is re¬ 
fracted as partially plane-polarized light, 42 percent vibrating per¬ 
pendicular to the plane of incidence and 50 percent vibrating parallel 


N 



plane 

potinzea 


Fig. 27D—Light reflected from glass at an angle of 57° is plane-polarized, while the 
refracted light is only partially plane-polarized. 


to the plane of incidence. The plane of incidence is defined as the plane 
passing through the incident ray and the ray normal NN. In nearly all 
diagrams the plane of the page is the plane of incidence. 

If in Fig. 27D the angle of incidence is changed to some other 
value than 57° the reflected beam will not be plane-polarized but will 
contain a certain amount of light vibrating parallel to the plane of 


♦Augustin Fresnel (1788-1827), French physicist. Although starting his 
career as a civil engineer Fresnel became interested in optics at the age of 26. 
His mathematical development of the wave theory of light and its complete 
validation by experiment have marked this man as an outstanding genius of 
the Nineteenth Century. His true scientific attitude is illustrated by a state¬ 
ment from one of his memoirs, "All the compliments that I have received from 
Arago, Laplace, and Biot never gave me so much pleasure as the discovery 
of a theoretic truth, or the confirmation of a calculation by experiment.” 
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incidence. In general, the light reflected from a transparent medium 
like glass or water is only partially plane-polarized and. only at a certain 
angle, called the polarizing arigle, is it plane-polarized. It was Sir David 
Brewster, a Scottish physicist, who fiYst discovered that at the polar¬ 
izing angle the reflected' and refracted rays are 90° apart. This is 
now known as Brewster’s law. The polarizing angle for water is 53°, 



p IG< 27E_Diagrams and cross-sections of calcite and quartz crystals showing double 

refraction and polarization. 

for at this angle the reflected and refracted rays make an angle of 90° 
with each other. 

Returning to the experiment demonstrated in Fig. 27C, we observe 
that the reflected light from the first mirror is plane-polarized as shown, 
and that the refracted light goes into the glass plate where it is ab¬ 
sorbed by the black paint on the back face. The second mirror acts as 
a testing device or analyzer for polarized light. A certain percent of 
the incident waves are reflected' when the vibrations are perpendicular 
to the plane of incidence, and all are refracted (to be absorbed) when 
the vibrations are parallel to the plane of incidence. 
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27.3. Double Refraction. The double refraction of light by 
Iceland spar (calcite) was first observed by a Swedish physician Eras¬ 
mus Bartholinus in 1669, and later studied in detail by Huygens and 
Newton. Nearly all crystalline substances are now known to exhibit 
the phenomenon. The following are but a few examples of crystals 
which show the effect: calcite, quartz, mica, sugar, topaz, selenite, 
aragonite , and ice. Calcite and quartz are of particular importance 
because they are used extensively in the manufacture of special optical 
instruments. 

Calcite as found in nature always has the characteristic shape shown 
in Fig. 27E(a), whereas quartz has many different forms, the most 
complicated of which is illustrated in diagram (b). Each face of 
every calcite crystal is a parallelogram whose angles are 78° and 102°. 



Fig. 27F—Double refraction in calcite. At normal incidence the O ray travels straight 
through and the E ray is refracted to one side. 

Chemically, calcite is a hydrated calcium carbonate, CaCC> 3 , and quartz 
is silicon dioxide, SiC> 2 . 

Not only is light doubly refracted by calcite and quartz, but both 
rays are found to be plane-polarized. One ray, called the ordinary 
ray, is polarized with its vibrations in one plane, and the other ray, 
called the extraordinary ray, is polarized with its vibrations in a plane 
at right angles to the first. This polarization is illustrated in diagrams 
(c) and (d) by dots and lines and can be proved by a glass plate ro¬ 
tated as plate C in Fig. 27C, or with some other analyzing device like 
a Nicol prism or a polarizing film. These latter devices will be de¬ 
scribed in the next two sections. 

Since the two opposite faces of a calcite crystal are always parallel 
to each other the two refracted rays always emerge parallel to the inci¬ 
dent light and are therefore parallel to'eSch other. If the incident 
light falls perpendicularly upon the surface of the crystal, as in Fig. 27F, 
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the extraordinary ray will be refracted away from the normal and come 
out parallel to, but displaced from, the incident beam, and the ordinary 
ray will pass straight through without deviation. 

In general, the O ray obeys the ordinary laws of refraction, and in 
this way the crystal acts like glass or water, whereas the E ray obeys no 
such simple law and behaves quite abnormally. 

In other words, the 0 ray travels with the same velocity regardless 
of its direction through the crystal, while the velocity of the E ray is 
different in different directions. This is the origin of the designations 
ordinary and extraordinary. 

One important property of calcite and quartz is that there is one 
and only one direction through either crystal in which there is no double 
refraction. This particular direction, called the optic axis, is shown by 



Fig. 27G —Cross-section and end view of a Nicol prism showing the elimination of the 

O ray by total reflection. 

the dashed lines in Fig. 27 E. The optic axis, it should be noted, is not 
a single line through a crystal but a direction. 

A plane passing through the crystal parallel to the optic axis and 
perpendicular to one face of the crystal is called a principal section. 
The plane of the page in Fig. 27F(a) is but one of any number of 
principal sections which, from the end view in diagram (b), appears 
as a vertical line. A useful rule always to be remembered is that the 
vibrations of the O ray are always perpendicular to the optic axis. 

27.4. The Nicol Prism. The Nicol prism is an optical device 
made from a calcite crystal and used in many optical instruments for 
producing and analyzing polarized light. Such a prism, as illustrated 
in Fig. 27G, is made by cutting a crystal along a diagonal and cementing 
it back together again with a special cement called Canada balsam. 
Canada balsam is used because it is a clear transparent substance whose 
refractive index is midway between that for the O and E rays. 

Optically the Canada balsam is more dense than calcite for the E 
ray and less dense for the 0 ray. There exists, therefore, a critical 
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angle of refraction for the one O ray (see Sec. 23.7), but not for the E 
ray. After both rays are refracted at the first crystal surface the O ray 
is totally reflected by the first Canada balsam surface, as illustrated in 
the diagram, while the E ray passes on through to emerge parallel to 
the incident light. Starting with ordinary unpolarized light a Nicol 
prism thus transmits plane polarized light only. 

If two Nicols are lined up one behind the other as in Fig. 27H, 
they form an optical system frequently used in specially constructed 
microscopes for studying the optical properties of other crystals. The 
first Nicol which is used to produce plane-polarized light is called the 



Fig. 27H—Two Nicol prisms mounted as polarizer and analyzer, (a) Parallel Nicols. 

(b) Crossed Nicols. 

polarizer and the second which is used to test the light is called the 
analyzer. 

In the parallel position, diagram (a), the polarized light from the 
polarizer passes on through the analyzer. Upon rotating the analyzer 
through 90° as in diagram (b) no light is transmitted. For the same 
reason that the O vibrations in the original beam were totally reflected 
in the polarizer, the E vibrations are totally reflected as O vibrations in 
the analyzer. 

Rotated another 90° the light again gets through the analyzer just 
as in the parallel position in diagram (a). Still another 90° finds the 
Nicols crossed again with no light passing through. 

27.5. Polarization by Selective Absorption. When ordinary 
light enters a crystal of tourmaline, double refraction takes place in 
much the same way that it does in calcite, but with this difference: one 
ray, the so-called O ray, is entirely absorbed by the crystal, while the 
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other ray, the E ray, passes on through. This phenomenon is called 
selective absorption because the crystal absorbs light waves vibrating 
in one plane and not those vibrating in the other. 

Tourmaline crystals are therefore like Nicol prisms, for they take 
in ordinary light, dispose of the 0 vibrations, and transmit plane- 
polarized light as illustrated in Fig. 271(a). When two such crystals 
are lined up parallel with one behind the other the plane-polarized 
light from the first crystal gets through the second with little loss in 
intensity. If either crystal is turned at 90° to the other, i.e., in the 
crossed position, the light is completely absorbed and none gets through. 



Fig. 271—Diagrams illustrating the polarization of light by (a) tourmaline crystals, and 

( b) polarizing films. 


The behavior of tourmaline and similar optical substances is due 
to the molecular structure of the crystal. To draw an analogy, the 
regularly spaced molecules of a single crystal are like the regularly 
spaced trees in an orchard or grove. If one tries to run between the 
rows of trees carrying a very long pole held at right angles to the direc¬ 
tion of motion the pole must be held in a vertical position. If it is 
held in the horizontal plane the runner will be stopped. 

The reason tourmaline is not used in optical instruments in place 
of Nicol prisms is that the crystals are yellow in color and do not trans¬ 
mit white light. 
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A more satisfactory substance for this purpose which does transmit 
white light is a relatively new manufactured material known as "Po¬ 
laroid.’' This material is made in the form of very thin films, which 
have the general appearance of the more common substance "Cello¬ 
phane,” and is made from small needle-shaped crystals of an organic 
compound iodosulphate of quinine. Lined up parallel to each other 
and embedded in a nitrocellulose mastic these crystals act like tourma¬ 
line by absorbing one component of polarization and transmitting the 
other. Two such films mounted separately in rings between thin glass 
plates are shown schematically in Fig. 271. In the crossed position no 
light can get through both films, while in the parallel position white 
light vibrating in the plane indicated by the parallel lines is trans¬ 
mitted. Polarizing films of this kind are finding many practical ap- 



Fig. 27J—Refraction of white light by a prism cut from a calcite crystal. 


plications, particularly wherever glaring light is not desired. The 
glaring light reflected at an angle from a table top, a book, a window 
pane, the water, or the road ahead when driving a car, is polarized 
and can be partly eliminated by polarizing films. 

27.6. Refraction by a Calcite Prism. In Fig. 27J a prism is 
shown cut from a calcite crystal with the optic axis parallel to both 
the base B and the refracting edge A. The optic axis, being perpen¬ 
dicular to the page, is represented by dots. (For the direction of the 
optic axis in calcite see Fig. 27E.) 

When white light is incident on one side of this prism two com¬ 
pletely separated spectra emerge from the other side. Not only is each 
spectrum complete in all its colors from red to violet but the light in 
each is plane-polarized. This can be demonstrated with an analyzing 
device like a Nicol prism, or polarizing film. By inserting the ana- 
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lyzer anywhere in the light beam and rotating it, one spectrum disap¬ 
pears first and then 90° from it the other does likewise. 

The vibrations of all colors in the lower spectrum in Fig. 27J are 
perpendicular to the optic axis and are O vibrations. The upper spec¬ 
trum with all vibrations parallel to the optic axis consists of E vibra¬ 
tions. If a prism were cut so that the refracted light as it travels 
through the crystal is parallel to the optic axis only one spectrum is 
produced. 

27.7. + Optical Activity. The optic axis has already been defined 
in Sec. 27.3 as the only direction in a crystal along which there is no 
double refraction. Along this direction many crystals behave the same 
as glass and transmit light without a change of any kind. In 1811, 



Fig. 27K—Plane-polarized light traveling along the optic axis in a quartz crystal is 
slowly rotated about its direction of propagation. 

however, the French physicist, Arago,* discovered an exception to this 
in quartz. 

When a beam of plane-polarized light is directed along the optic 
axis of a block of quartz, see Fig. 27K, the plane of vibration is ro¬ 
tated about the direction of propagation and it emerges vibrating in 
some other plane. The angle through which the light vibrations are 
rotated depends upon the length of the light path within the crystal. 
Many other substances besides quartz are now known to exhibit this 

•Francois Arago (1786-1853), French physicist. As a geodetic surveyor 
on a government expedition at the time of the French invasion of Spain Arago 
was captured while making his escape into Algiers and spent three months 
in Spanish prisons. Released from prison by the Dey of Algiers he spent 6 
months in Africa before returning to France. Through all of his experiences 
Arago preserved the observations and records he had made on the expedition. 
At the early age of 23 he became professor of analytic geometry at the Ecole 
Polytechnique. Arago’s fame as a scientist rests mainly on his contributions to 
magnetism and optics. As a strong proponent of the wave theory of light his 
life became closely interwoven with the lives of Fresnel, Malus, and Young. 
An intimate friendship between Fresnel and Arago led them to discover and 
formulate the fundamental laws of the polarization of light. 
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effect, called optical activity. Sugar crystals or sugar in solution, cinna¬ 
bar, and sulphate of strychnine are typical examples of optically active 
substances. (Calcite does not rotate the plane of polarization.) 

Some sugar solutions, as well as quartz crystals, rotate the plane of 
vibration to the left and some rotate it to the right. Substances which 
rotate to the left are called levorotatory or left-handed, and those 
which rotate to the right are called dextrorotatory or right-handed. 
Looking against the oncoming light, left-handed rotation means a 
counterclockwise rotation, and right-handed rotation means a clock¬ 
wise rotation. 

To test the rotation of the plane of polarization in an optically 
active substance a crystal plate of the material is usually inserted be¬ 
tween two polarizing films or Nicol prisms as shown in Fig. 27L. The 
quartz plate illustrated in the diagram has been cut with the two faces 



Fig. 27L—Experiment demonstrating the rotation of plane-polarized light in quartz. 


perpendicular to the optic axis and is of such a thickness that the plane- 
polarized light from the polarizer is rotated through 90°. Since the 
analyzer is crossed with respect to the polarizer the light emerging 
from the quartz plate and vibrating in a horizontal plane can pass 
through to the screen. If the quartz plate is removed, however, no 
light is transmitted by the analyzer in the crossed position, as the vibra¬ 
tions entering it remain in the vertical plane and are stopped as in 
Fig. 27H(b). 

27.8* Rotatory Dispersion. Just as different colors of light are 
refracted by different amounts in a glass prism, so the different colors 
of plane-polarized light are rotated by different amounts in optically 
active substances like quartz. This property, illustrated by the end-on 
view of the light vibrations in Fig. 27M(a), is called rotatory disper¬ 
sion. For every millimeter path along the optic axis in quartz, violet 
light is rotated about 45°, green light about 30°, and red light about 
15°. In the diagram the arrow WW represents the vibrations of the 
white light entering a quartz crystal plate nearly 2 mm thick and the 
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arrows RR, 00, YY, etc., represent the plane of vibration of the dif¬ 
ferent colors as they leave the plate. 

When the experiment, shown in Fig. 27L, is performed with white 
light as a source, the light transmitted by the analyzer to the screen 
will not be white but colored. If the analyzer is replaced by a calcite 


At \ 



Fig. 27M— (a) End-on view of a quartz plate showing the relative amounts by which 
plane-polarized light of different colors have been rotated, (b) Vector diagram showing 
the E and O components of the same colors transmitted by a calcite crystal. 

crystal, as in Fig. 27N, two refracted rays, the O ray and the E ray, will 
reach the screen and each will be highly colored. 

To see how this comes about consider the plane of vibration of the 
red light RR emerging from the quartz plate in Fig. 27M(a). When 
this light enters the calcite crystal it will be broken up into two parts 
or components, as in diagram (b), one part becoming the vertical com- 


screen 



Fig. 27N—Demonstration experiment of the rotatory dispersion in quartz and the produc¬ 
tion of complementary colors by means of polarized light. 


ponent ReRb which is refracted through the crystal as an E ray and the 
other part becoming the horizontal component RoRo refracted through 
the crystal as an O ray. The same thing takes place with the other 
colors of the spectrum, each dividing into two parts, with the net result 
that more of one color and less of another will in general be confined to 
the same beam. In the case illustrated by diagram (b) the predominant 
Colors in the E ray are red and orange, while the predominant colors in 




404 ['Tart VI 

the O ray are blue and violet. The mixture in the E ray will appear 
orange, while the mixture in the O ray will appear blue-green. Since 
that part of each color missing in one beam is present in the other, the 
two color mixtures are complementary. 

By rotating the calcite crystal used as an analyzer the two spots of 
light on the screen are not only highly colored but they change their 
colors continuously. At every position the two beams are comple¬ 
mentary, and if allowed to overlap on the screen will produce white 
light in the overlapping region. 

27.9* Interference in Polarized Light. A phenomenon quite 
similar to the one described above occurs when any doubly refracting 
material is placed between crossed Nicols. What one observes in gen¬ 
eral is that no matter how the analyzer is turned, see Fig. 27L, light is 
observed on the screen. Although a complete account of the phenome¬ 
non is out of place here it can briefly be explained as due to inter¬ 
ference. Light from the polarizer upon passing through a crystal 
oriented at almost any angle is broken up into two components. No 
matter how the analyzer is turned some part of these components will 
pass on through. Vibrating in the same plane these components inter¬ 
fere with each other and produce color effects. 

An interesting experiment can be performed by inserting various 
transparent substances between crossed Nicols as shown in Fig. 27L. 
It is surprising to learn that not only crystals of all descriptions show 
double refraction in this way but that such substances as white hair, 
silk, flax, cotton, fish scales, etc., do also. Common glass is not ordi¬ 
narily double refracting but when it is put under strain it too shows 
the effect. 

27.10. Scattering and the Blue Sky. The blue of the sky and 
the red of the sunset are due to a phenomenon called scattering. When 
sunlight passes through the earth’s atmosphere much of the light is 
"picked” up by the air molecules and given out again in some other 
direction. The effect is quite similar to the action of water waves on 
floating objects. If, for example, the ripples from a stone dropped in 
a still pond of water encounter a small cork floating on the surface, 
the cork is set bobbing up and down with the frequency of the passing 
waves. 

Light is pictured as acting in the same way on air molecules and fine 
dust particles. Once set into vibration by a light wave a molecule or 
particle can send out the absorbed light again, sometimes in the same 
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direction but generally in almost any other direction. This is illus¬ 
trated schematically in Fig. 270. In diagram (a) waves of light are 
shown being scattered at random in all directions. 

Experiments show, in agreement with the theory of scattering, that 
the shortest waves are scattered more readily than longer waves. To be 



Scattering 

Fig. 270—Schematic diagrams showing the scattering of light by the air molecules of 

the earth’s atmosphere. 


more specific, the scattering is inversely proportional to the fourth 
power of the wave-length. 

1 

Scattering <x —j- (27 a) 

A 

According to this law the short waves of violet light are scattered ten 
times as readily as the longer waves of red light. The other colors are 
scattered by intermediate amounts, as follows: 

Red Orange Yellow Green Blue Violet 

1 1.5 2 4 7 10 

Thus when sunlight enters the earth’s atmosphere, violet and blue light 
are scattered the most, followed by green, yellow, orange, and red, in 
the order named. For every ten violet waves scattered from a beam 
there are four green waves and only one red wave, etc. 

At noon on a clear day when the sun is directly overhead, as illus¬ 
trated by an observer at A in diagram (b), the whole sky appears as 
light blue. This is the composite color of the mixture of colors scat¬ 
tered most effectively by the air molecules. As illustrated by the spec¬ 
tral color distribution in Fig. 25G, light blue of the color triangle is 
obtained by the added mixture of violet, blue, green, and yellow. 

27.1 L The Red Sunset. The occasional observation of an 
orange-red sunset is attributed to the scattering of light by fine dust 




406 


JCigbt ['Part VI 

and smoke particles near the earth’s surface. This is illustrated in 
Fig. 27P. To an observer at A it is noonday and the direct sunlight 
from overhead, seen only by looking directly at the sun itself, travels 
through a relatively short dust path. As a result, very little violet and 
blue are scattered away and the sun appears white. 

As sunset approaches, however, the direct sunlight has to travel 
through an ever-increasing dust path. The result is that an hour or so 
before sundown, when the observer is at B, practically all of the blue 
and violet have been scattered out, and owing to the remaining colors 
red, orange, yellow, and a little green, the sun appears yellow. At 
sunset, when the observer is at C, the direct rays must travel through 
so many miles of dust particles that all but red are completely scat¬ 
tered out and the sun appears red. At this same time the sky overhead 



Fig. 27P—The scattering of light by a layer of dust near the earth's surface causes the 
sun to turn yellow, then orange, and finally red at sunset. 

is still light blue. If the dust blanket is too dense, even the red will 
be scattered appreciably from the direct sunlight and the deepening 
red sun will become lost from view before it reaches the horizon. 

An excellent demonstration of scattering by fine particles is illus¬ 
trated in Fig. 27Q. A parallel beam of white light from a carbon arc 
and lens L\ is sent through a water trough with glass sides. After 
passing through an iris diaphragm at the other end a second lens L 2 
forms an image of the circular opening on the screen. To produce the 
fine particles for scattering, about 40 gm of photographic fixing powder 
(hyposulphite of soda) are first dissolved in about 2 gallons of water. 
Next, about 1 to 2 cm 3 of concentrated sulphuric acid are added and 
the two thoroughly mixed in the trough.* 

As the microscopic sulphur particles begin to form, scattered blue 

* (The correct amount of acid to produce the best results is determined by 
tri al, The first visible precipitate should appear after 2 or 3 minutes.) 
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light will outline the parallel beam through the trough. A little later 
when more particles have formed the entire body of water will appear 
light blue, due principally to multiple scattering. Light scattered out 
of the central beam of light is scattered again and again before emerg¬ 
ing from the trough. At first the transmitted light which falls on the 
screen appears white. Later, as more scattering takes out the shorter 
wave-lengths, this image representing the sun turns yellow, then orange, 
and finally red. 

27 . 12 . Polarization by Scattering. If the blue of the sky is 
observed through a Nicol prism or any analyzing device the light is 



Fig. 27 Q—The sunset experiment. Demonstration of the scattering and polarization of 

light by small particles. 


found to be partially plane-polarized. The explanation of this follows 
directly from the fact that light is a transverse wave motion. Suppose 
that an observer at B, in Fig. 27P, observes the blue light from the 
region of the sky marked P. Assume next that a light wave from the 
sun is scattered from a particle at P by first setting the particle vibrating 
up and down in the plane of the page as shown by the arrows. The 
scattered light from this particle cannot be propagated toward the 
observer since in this direction the particle is vibrating longitudi¬ 
nally. The light can be scattered in any direction except along a line 
through PB. 
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Assume, on the other hand, that the particle P is first set vibrating 
perpendicular to the plane of the page. In this case the scattered 
light can be given off toward B as a transverse wave. This plane per¬ 
pendicular to the incident sunlight is the plane of vibration of the 
polarized light of the blue sky and is in complete agreement with the 
observations. The reason that the scattered light is observed as only 
partially plane-polarized is that multiple scattering is a frequent oc¬ 
currence. 

The polarization of light by scattering can be demonstrated by the 
experiment illustrated in Fig. 27Q. The individual may look at the 
scattered light through an analyzing Nicol, or without one if the inci¬ 
dent beam is plane-polarized by a polarizer P before it enters the tank 
to be scattered. When the entering beam is vibrating in a horizontal 
plane no light is scattered through the sides of the trough but is scat¬ 
tered out the top or bottom. When the entering beam is vibrating in a 
vertical plane no light is scattered out the top or bottom but is scat¬ 
tered out the sides. A large mirror placed directly above the tank will 
enable the scattered light to be seen from above. When the beam is 
observed at its strongest in the mirror it is not seen from the side of 
the tank, and vice versa. 


QUESTIONS 

1. Name four ways of polarizing light and briefly describe one of them by 
means of a diagram. 

2. Define (a) plane-polarized light, (b) optical activity, (c) rotatory disper¬ 
sion, (d) polarizing angle, and (e) optic axis. 

3. State Brewster’s law and make a diagram to illustrate. 

4. Describe briefly the construction of a Nicol prism. Make a diagram and 
explain its action upon a beam of light. 

5. Explain why the sky is blue, and why the blue light is polarized. 

6. Explain why the sun sometimes turns to yellow, orange, and finally red at 
sunset. Make a diagram. 

7. Diagram and explain briefly the phenomenon of optical activity and rotatory 
dispersion. 


PROBLEMS 

1. Through how many degrees will plane polarized light be rotated by a plane- 
parallel quartz plate cut from a crystal in such a way that the optic axis is 
perpendicular to two faces? Assume a plate thickness of 6 mm, and the 
light is green. 
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2. A quartz crystal plate, exhibiting rotatory dispersion is 1 cm thick. Through 
what angle will plane polarized light be rotated by this crystal if the light is 
(a) red, (b) green, and (c) violet? 

3. A beam of white light is sent through a cloud of fine dust particles. If, 
due to the phenomenon of scattering, only 10 percent of the violet light gets 
through, what percent of each of the other colors will get through? 




Part VII 
Discharges 
through Gases 




Chapter. 28 * The Discovery of the 
Electron 

Historically, a study of electrical discharges through gases and 
the discovery of the electron mark the beginning of a new branch of 
physical science called "Modern Physics." Modern physics, dealing 
principally with atoms, molecules, and the structure of matter, has 
developed at such a tremendous rate within the past three score years 
that it now occupies the center of attention of many leading scientists 
the world over. It is not exaggeration to say that recent discoveries 
in atomic physics have had and will continue to have a tremendous 
influence on the development of civilization. Because the subject of 
atomic physics is relatively new it seems only logical that the subject 
matter associated with each major discovery be treated in a more or 
less chronological order. 

28.1. Electrical Discharge Through a Gas. In 1853, an ob¬ 
scure French scientist by the name of Masson sent the first electric 
spark from a high voltage induction coil through a partially evacuated 
glass vessel and discovered that instead of the typical spark observed 
in air the tube was filled with a bright glow. Several years later, 
Heinrich Geissler, a German glass blower in Tubingen, developed and 
began the manufacture of gaseous discharge tubes. These tubes, made 
in divers sizes, shapes, and colors of glass, and resembling the modern 
neon and argon signs used in advertising, attracted the attention of 
physicists in the leading scientific institutions and universities of the 
world, who purchased many of these "Geissler tubes” and used them 
for study and lecture demonstrations. 

In 1869 W. Hittorf of Munster, with improved vacuum pumps, 
observed a dark region near one electrode of the electrical discharge 
which grew in size as the exhaustion was continued. This is but one 
of a number of phases of the study of electrical discharge through 
gases observed and studied a few years later by Sir William Crookes.* 

* Sir William Crookes (1832-1919), English physicist and chemist. At 22 
he became an assistant at the Raddiff Observatory in Oxford. He was knighted 
in 1897, received the Order of Merit in 1910, and was president of the Royal 
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In Fig. 28A a long glass tube about 4 cm in diameter and 150 cm 
long is shown connected to a mercury diffusion pump and a mechanical 
vacuum pump, see Figs. 10L and 10M(a). The purpose of the pumps 
is to enable one to observe continuously the changes in the electrical 
discharge as the air is slowly removed from the tube. The purpose of 
the trap is to freeze out any mercury vapor and prevent it from reaching 
the discharge. High voltage from an induction coil is shown connected 
to the two electrodes, one at either end of the tube. 

Although an induction coil does not deliver direct current its char¬ 
acteristics are such that the potentials are higher on half of the alter¬ 
nations than they are on the other and the two electrodes act nearly 



Fig. 28A—Diagram of a gaseous discharge tube showing the electrical connections as 
well as the vacuum pumps and accessories. 

the same as if a high voltage direct current were used. The negative 
electrode under these circumstances is called the cathode and the posi¬ 
tive electrode the anode. 

As the long tube is slowly pumped out, a voltage of 10,000 to 
15,000 volts will produce the first discharge when the pressure has 
dropped to about one-hundredth of an atmosphere, i.e., at a barometric 
pressure of about 10 mm of mercury. This first discharge, as illus¬ 
trated in diagram (a) of Fig. 28B, consists of long thin bluish-colored 

Society from 1913 to 1915. He succeeded in making the first artificial diamonds 
and invented the first focusing type of x-ray tube. His experiments with elec¬ 
trical discharges through rarefied gases led to his discovery of the dark space 
which now bears his name. 
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streamers. As the gas pressure drops to about 5 mm of mercury, some¬ 
times called a Geissler-tube vacuum , the discharge changes to pink and 
at the same time widens until it fills the whole tube as shown in dia¬ 
gram (b). At a still lower pressure of about 2 mm a dark region 
called the Faraday dark space appears in the region of the cathode, 
dividing the bright discharge into two parts, a long pinkish section 
called the positive column and a short bluish section called the negative 
glow. As the pressure drops still further the Faraday dark space grows 
in size and the negative glow moves away from the cathode, producing 


{a) 


(b) 


(c) 


(d) 


Fig. 28 B—Sketches of the general appearance of a high voltage electric discharge through 
rarefied air at various stages of evacuation. 

another dark space between it and the cathode. With the appearance 
of this second dark region, called the Crookes dark space, the positive 
column divides into a number of equally-spaced layers called striations. 

As the pumping proceeds the striations and the negative glow grow 
fainter, and the Crookes dark space widens until finally at a pressure 
of about 0.01 mm it fills the whole tube. At this point a new feature 
appears; the whole glass tube itself glows with a faint greenish light. 

28.2. Cathode Rays. The green glow in the final stage of the 
gaseous discharge just described was soon found to be a fluorescence 
of the glass produced by invisible rays emanating from the cathode 
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itself. These cathode rays as they are called, believed by Sir William 
Crookes to be an “ultra gaseous state” or "fourth state” of matter, 
turn out to be tiny corpuscles which we now call electrons. In the rela¬ 
tively free space of a highly evacuated tube, cathode particles, tom 
loose from the atoms of the cathode, stream down the length of the 
tube, seldom colliding with a gas molecule until they hit the glass walls. 

The first important discovery concerning the nature of cathode 
rays was that they travel in straight lines. This was first revealed by 
Hittorf in 1869 by casting shadows of objects placed inside the dis- 



straight lines. 

charge tube. This is usually demonstrated by a tube of special design 
as shown in Fig. 28C. 

Where the rays strike the walls of the tube the glass fluoresces 
green, while in the shadow it remains dark. Under continuous bom¬ 
bardment of the walls by cathode rays the fluorescence grows fainter 
due to a fatigue effect of the glass. This is demonstrated by tipping 
the object down on its hinge, permitting the rays'to strike the fresh 
glass surface. Where the shadow appeared previously, a bright green 
image of the object is clearly visible. 

That cathode rays have momentum and energy was first demon¬ 
strated by Crookes in 1870 using a tube of special design as illustrated 
in Fig. 28D. Leaving the cathode and acquiring a high speed on their 
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way toward the anode the rays strike the mica vanes of a small pin- 
wheel and exert a force, causing it to turn and thus roll along a double 
track toward the anode. When it reaches the end of the track a re¬ 
versal of the potential, making the right-hand electrode the cathode, 
will send it rolling back toward the anode, now at the left. From this 
experiment Crookes concluded that cathode particles have momentum , 
and that therefore they have mass, velocity, and kinetic energy \mv 2 . 

That cathode rays are negatively charged particles was first dis¬ 
covered in Paris in 1895 by Jean Perrin. A discharge tube of special 
design usually used to demonstrate this property is illustrated in 
Fig. 28E. A beam of cathode rays is narrowed down to a thin pencil 



Fig. 28 D—Demonstration experiment showing that cathode rays have momentum and 
energy. Cathode rays striking the vanes of a small pinwheel cause it to roll from one end 
of the tube to the other. 

or ribbon of rays by a narrow slit near the cathode. The path of the 
rays is made visible by allowing them to strike a long strip of metal 
painted with zinc sulphide, a fluorescent paint. By placing a horse¬ 
shoe magnet over the outside of the tube as illustrated, the cathode 
rays bend down. If the polarity of the magnet is reversed the rays are 
bent up. The bending shows they are charged, and the direction of 
bending shows the kind of charge. Being charged, a stream of par¬ 
ticles is like an electric current. From the direction of the magnetic 
field, the direction of the current, and applying the right-hand rule (see 
Sec. 20.6), the charge is found to be negative. (Remember that the 
right-hand rule applies to a current from -f to —.) 

The penetrating power of cathode rays was first demonstrated by 
Heinrich Hertz and his assistant P. Lenard by passing cathode rays 
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through thin aluminum foils. Out in the air the rays were found to 
retain sufficient power to cause fluorescence and phosphorescence. 

28.3. J. J. Thomson’s Experiments. Knowing cathode rays to 
be negatively charged particles the question immediately arose as to 
whether they were all alike. To determine this it was clear that two 
things would have to be done, one to measure the mass of the particles, 
and the other to measure the amount of their charge. Although the 
first attempts to do this were not entirely successful, J. J. Thomson * 
did succeed, in 1897, in determining the velocity of the rays and in 
measuring the ratio between their charge e and their mass m. 



that cathode rays are negatively charged particles. 

The discharge tube designed for these experiments is drawn in 
Fig. 28F. Cathode rays originating at the left-hand electrode and lim¬ 
ited to a thin pencil of rays by two pinholes in diaphragm DD are 
made to pass between two parallel metal plates and the magnetic field 
of two external solenoids to a fluorescent screen at the far side. When 
the two metal plates PP are charged to a high potential as shown, the 
particles experience a downward force and are bent in their path to 

♦Thomson, Sir Joseph John (1856- ), English physicist, educated at 

Owens College, Manchester, and at Trinity College, Cambridge. He was ap¬ 
pointed Cavendish professor at Cambridge in 1884, and professor of physics 
at the Royal Institution, London, in 1905. He was awarded the Nobel Prize 
in physics in 1906, was knighted in 1908, and elected to the presidency of 
the Royal Society in 1915. He became master of Trinity College in 1918 and 
helped to develop at Cambridge a great research laboratory attracting scientific 
workers from all over the world. 
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strike the screen at N. Without a charge on the plates the beam passes 
straight through undeviated and strikes the screen at S. 

When the magnetic field alone is applied so that the magnetic 
lines are perpendicular to the plane of the page the rays are bent 
upward to strike the fluorescent screen at some point M. If both the 
electric field and the magnetic field are applied simultaneously a proper 
adjustment of the strength of either field can be made so that the de¬ 
flection downward by the one is exactly counteracted by the deflection 
of the other upward. When this condition is attained, a measurement 
of the magnetic field strength H, and the electric field strength E, per¬ 
mits a calculation of the velocity of cathode rays. 



Fig. 28 F—Diagram of discharge tube used by J. J. Thomson to measure the velocity of 

cathode rays. 

The theory of electricity and magnetism shows that if e is the 
charge on a particle of matter in an electric field of strength E, the 
force exerted on the particle is given by Eq. (17^),^t. 

F b = eE. (28 a) 

As illustrated in Fig. 28G this force acts straight down parallel to 
the field and causes the particle to traverse a parabolic path the same as 
a projectile does under the pull of gravity. If the charged particle is 
moving in a magnetic field of strength H the force on it depends upon 
the velocity by the relation given in Eq. (20c), 

F u = Hev. (286) 

since this force is always at right angles to both the field and the direc¬ 
tion of motion the particle will traverse a circular path. By counter- 
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balancing the two forces F E and by making them equal in mag¬ 

nitude and opposite in direction, the two relations can be set equal to 
each other. 

eE — Hev. (28c) 

Canceling the charge e on both sides of this equation, 

E = Hv, or v = (28d) 

Inserting the known values of E and H the velocity v can be calculated. 
The results show that cathode rays generally travel with a speed of 
several thousand miles per second, about one-fifth the velocity of light. 
Furthermore, the velocity is not always the same but depends upon the 


toS 


Fig. 28 G—Detailed diagram of center section of J. J. Thomson's cathode ray tube. 

voltage applied between the anode and cathode. By increasing this 
voltage the velocity of the rays is increased. (See Sec. 28.8.) 

It is of interest to point out here that tubes used for scanning and 
observing moving pictures by modern television receivers are quite 
similar in shape and principle to J. J. Thomson’s cathode ray tube of 
Fig. 28F. 

28.4. The Ratio of Charge to Mass, e/m. The next step taken 
by Thomson was to measure the deflection of the cathode beam pro¬ 
duced by a magnetic field alone and from this calculate the ratio be¬ 
tween the charge e and the mass m of the electron. To do this he 
reasoned that if a charged particle moving through a uniform mag¬ 
netic field has a force exerted on it at right angles to its direction of 
motion, causing it to move in the arc of a circle, the force is of the 
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nature of a centripetal force. Calling F H a centripetal force, see Eqs. 
(28 b) and (id), we obtain 

tP tP 

F H = m — , or Hev = m — • (28«) 

Transposing m to the left side and H and v to the right side in the 
second equation, there results 

e _ v 
m~ Hr' 

where r is the radius of the circular arc through which the particles 
are deviated, v is the velocity of the particles as measured in the last 
section, and H is the magnetic field strength. With all of these known, 
the value of e/m can be calculated. It is found to be 


- = 5-27 X 10 17 

7n 


c.s.u. 
gram ’ 


(28/) 


that is, 527 with fifteen zeros after it. 

Such a large number means that the mass of a cathode ray particle 
in grams is extremely small as compared with the charge it carries in 
electrostatic units. If now it were possible by some experiment to 
measure the charge e alone the value could be substituted in Eq. (28/) 
and the mass m calculated. The method by which this was done is 
the next to be described. 

28.5. The Charge on the Electron. In these early years of the 
history of cathode rays various experiments by different physicists and 
chemists gradually led nearly everyone to realize that the individual 
cathode particles were all alike and that coming from the cathode 
itself were some common constituent of all forms of matter. It was 
Johnstone Stoney who first' suggested that this particle be called the 
"electron.” 

Perhaps the most outstanding contributions leading to the realiza¬ 
tion of a unit particle were made by J. J. Thomson and his followers. 
In the Cavendish laboratory at Cambridge J. J. Thomson, C. T. R. Wil¬ 
son, and H. A. Wilson performed numerous and ingenious experi¬ 
ments, attempting to measure the charge on individual electrons. 

Adopting a method developed by C. T. R. Wilson and later im¬ 
proved by H. A. Wilson, Thomson measured the charge of an electron 
by observing the rate of fall of an artificially produced cloud of fog- 
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drops. The fundamental principle involved was based upon the ex¬ 
perimental observations that fogdrops under proper conditions can be 
made to form only on molecules that are negatively charged. This is 
readily demonstrated by a simple experiment as described in Sec. 31.6. 

It seems reasonable to assume, therefore, that if an atom or mole¬ 
cule acquires an electron it not only becomes a potential center for a 
fogdrop but that it retains its charge even after the drop has formed. 
Therefore by creating a small cloud of fog in a suitable vessel and then 
determining the number of drops settling down, and the total charge 
carried by them, he could calculate the charge carried by each indi¬ 
vidual drop. In 1898 he obtained for this unit of charge the value 
6.7 X 10“ 10 electrostatic units. (For a definition of an electrostatic 
unit see Sec. 17.7.) We now know this value is about right, although 
it is 40 percent too large. 

In 1903 H. A. Wilson modified Thomson’s experiment by creating 
the fog between two charged condenser plates, with the positively 
charged plate above and the negatively charged plate below. It was 
hoped that, knowing the size of the drops, and the rate at which they 
fell under the attraction and repulsion of known charges on the con¬ 
denser plates, the charge carried by each drop could be calculated. 
Although the experiments were not entirely satisfactory, they are im¬ 
portant from the historical standpoint since they represent the starting 
point of the refined oil drop experiment of R. A. Millikan, and the 
basic principle upon which the famous Wilson Cloud Chamber op¬ 
erates (see Sec. 31.6). 

^28.6. Millikan’s Oil-Drop Experiment. Millikan * began his 
experiments on the electronic charge e in 1906, when, adopting the 
falling cloud method as modified by H. A. Wilson, he attempted to 
balance fogdrops in mid-air. To do this he created a fog between two 
condenser plates and then increased the applied voltage until the up- 

* Millikan, Robert Andrews (1868- ), American physicist, educated 

at Oberlin College and Columbia University, and for twenty-five years professor 
of physics at the University of Chicago and the Norman Bridge laboratory 
at the California Institute of Technology in Pasadena. He served during the 
world war of 1914-18 in the research division of the Signal Corps with the 
rank of lieutenant colonel. His principal contributions to science have been 
his measurement of the charge on the electron, his photoelectric determination 
of the energy in a light quantum, and his precision study of cosmic rays. He 
was the second American to be awarded tne Nobel prize in physics (1923). 
He has also been awarded the Edison Medal, the Hughes Medal of the Royal 
Society, the Faraday Medal, and the Mattenci Medal. 
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ward electrostatic force was equal to the downward force of gravity. 
Under these conditions Millikan found the very disturbing effects of 
the continual evaporation of the cloud. He therefore substituted non¬ 
evaporating oil for water and made the very great improvement of 
observing the motion of one single drop in place of many. 

Millikan’s apparatus is illustrated by a simple diagram in Fig. 28H. 
Minute oil drops from an atomizer are sprayed into the region just 
over the top of one of two circular metal plates E + and E~. Shown 
in cross-section, the upper plate is pierced with a tiny pinhole P through 
which an occasional oil drop from the cloud will fall. Once between 



FlG. 28H—Schematic diagram of Millikan’s oil drop experiment. From this experiment 
the charge of the electron was determined. 


the plates such a drop, illuminated by an arc light from the side, is 
observed by means of a low-powered microscope. 

At first the condenser plates are grounded so that they are not 
charged. Under these conditions the oil drop falling under the pull 
of gravity has a constant velocity. This terminal velocity, as it is called, 
is reached by the drop before it enters the field of view and is of such 
a value that the downward pull of gravity, Fa, in Fig. 281(b), is ex¬ 
actly equalized by the upward resisting force of the air. By measuring 
this velocity of fall the force Fa can be calculated and from it the mass 
of the oil drop determined. The velocity of the drop can be deter¬ 
mined by using a stop watch and measuring the time required to fall 
the distance between the two cross hairs illustrated in diagram (a) of 
Fig. 281. 
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As the drop nears the bottom plate the switch S is closed, charging 
the two parallel plates positive and negative. If now the drop has a 
negative charge, as illustrated in diagram (c), there will be an upward 
electrostatic force F E acting to propel the drop up across the field of 
view. The drop will move upward with a constant velocity if F E is 
greater than the gravitational force F a . Again using the stop watch, 
this time to measure the velocity of rise, the upward force F E can be 
calculated. Knowing the force, and the voltage on the condenser 
plates, the charge on the drop can be computed. 

As the drop nears the top plate the switch S is opened and the plates 
are again grounded. Under these conditions the drop falls again 
under the pull of gravity alone. Upon nearing the bottom plate the 



Fig. 281—Detailed diagrams showing (a) an oil drop as seen in the field of view of the 
microscope, ( b ), (c), and ( d ) the forces acting on the same oil drop at different times 

of observation. 

switch is again closed and the drop rises once more. When this process 
is repeated, a single drop may be made to move up and down many 
times across the field of view. Each time it falls the velocity is mea¬ 
sured and the mass computed, while each time it rises the velocity is 
measured and the charge computed. 

Millikan found that if x-rays were allowed to pass through the 
apparatus while an oil drop was being observed the charge on the drop 
could be increased or decreased almost at will. One time on rising, 
the velocity would be low due to a small charge, see diagram (c) in 
Fig. 281, while the next time the velocity would be high due to a larger 
charge, as in diagram (d). Regardless of the amount of charge, the 
rate of fall for a given drop is always the same. The reason for this 
is that the total mass of a number of electrons is so small compared 
with the mass of the oil drop that their Added mass is not perceptible. 
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Millikan, and numerous other experimenters who have repeated 
these experiments, has found that the charge on a drop is never less 
than a certain minimum value, and is always some integral multiple 
of this value. In other words, any one electron is like every other 
electron, each carrying this minimum charge called e. 


e = - 4.802 X 10" 10 e.s.u. (28$) 

This is the most recent and probable value of the electronic charge. 

28.7^/The Mass of the Electron. From Millikan’s determination 
of the charge on the electron and Thomson’s measurement of e/m , 
the mass of the electron can be calculated by dividing one value by 
the other. Using the most accurately known values for both e and 
e/m , we obtain 


m = 


e 

elm. 


4.80 X 1Q~ 10 e.s.u. 
5.27 X 10 17 e.s.u./gm 


= 9.11 X 10“ 28 gm. 


In round numbers, the mass of the electron is, therefore, 


m = 0.000,000,000,000,000,000,000,000,000,911 gm. 

This mass is unbelievably small, yet its value has been determined 
many times and by many experimenters, and it is always the same. 

28.8. An Electron Gun. One of the results of Thomson’s ex- 
perirr^nts with cathode rays was the discovery that the velocity of the 
electrons depends upon the potential applied between the anode and 
cathode. The higher the voltage the higher is the electron velocity. 
This fact alone has made it possible to construct what is frequently 
called an "electron gun,” the purpose of which is to accelerate electrons 
up to any desired speed, and then use them in various kinds of experi¬ 
ments. A strong but narrow beam of electrons has been and still is a 
useful tool in modern experimental physics. 

A schematic diagram of an electron gun is shown in Fig. 28J. The 
source of electrons is a hot tungsten wire filament F, heated by means 
of a storage battery B of a few volts. This same filament is connected 
to the negative terminal of a high voltage source V, and the two colli¬ 
mating pinholes in copper screens Si and S 2 are connected to the posi¬ 
tive terminal. Under the repelling force of the negatively charged 
filament and attracting force of the screens Si and S 2 the electrons are 
accelerated to the right, where many of them pass through the two 
small openings to emerge as a narrow beam of constant velocity v. By 



426 


Discharges through Qases 


['Part Vll 


connecting the -}- terminal to the ground G, the screens S are brought 
to the potential of the walls of the room and surroundings, and the 
electrons are not attracted back toward S 2 . 

It can be shown from the known laws of electricity that the velocity 
of an electron is given by the simple energy relation 

Ve = \mv\ (28A) 

where V is the potential accelerating the electron of charge e, and m 
and v are the mass and velocity, respectively. This equation is in excel¬ 
lent agreement with the velocity as measured by J. J. Thomson. 



Fig. 28J—Diagram of an "electron gun" for obtaining electrons of any desired velocity. 


It should be noted in using Eq. (28^) that if in is to be expressed in 
grams, v in cm/sec, and e in electrostatic units, the potential V in volts 
must be divided by 300 to put it in the proper units. The reason for 
this is that volts is not consistent with the electrostatic units of charge. 
To illustrate, we will calculate the velocity of the electrons due to a 
potential of 10,000 volts. 

Gloir) 4 ' 8 x 10-10 = x 10-28) x 1,2 ( 28 0 

Solving for v, this gives 


/10,000 X 4.8 X 10- 10 X 2 
1 300 X 9 X 10~ 28 


= 0.6 X 10 10 cm/sec. 


This is one-fifth the velocity of light, which is c=3X 10 10 cm/sec. 
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QUESTIONS 

1. Describe the essential features of an electrical discharge through gases as the 
pressure is lowered. Make diagrams. 

2. Explain and diagram experiments demonstrating (a) that cathode rays travel 
in straight lines, (b) that cathode rays have momentum and energy, (c) that 
cathode rays are negatively charged particles. 

3. Diagram and explain Millikan’s oil drop experiment. What was the result 
and the conclusions drawn from the experiment? 

4. Explain and diagram the experiment by which J. J. Thomson measured the 
velocity of cathode rays. 

5. Diagram an "electron gun” and explain what determines the velocity of the 
electrons. 

PROBLEMS 

1. Find the number of electrons equivalent to a mass of one gram. 

2. If 1000 volts is applied to an "electron gun” what would be the velocity of 
the electrons? 

3. If one volt is applied to an "electron gun” what would be the velocity of 
the electrons in miles per second? 

4. Make a table of electron velocities for the following accelerating voltages: 
V — 1 volt, 10 volts, 100 volts, 1000 volts, and 10,000 volts. 



Chapter 29 Atoms and the 
Periodic Table 


Although no one has ever seen an atom there is little doubt in 
the minds of the true scientist that such particles really exist. To the 
physicists and chemists who have built up and established the present- 
day theories of the structure of matter, atoms are as real as any material 
objects large enough to be seen with the eyes or to be felt with the 
hands. Their reality is evidenced by hundreds of laboratory experi¬ 
ments that can be planned and executed by the scientist in the research 
laboratory. 

As the subject of atomic physics is developed in this and the fol¬ 
lowing chapters it will become more and more apparent that while a 
physicist requires an extremely imaginative mind, the accumulated 
knowledge of atoms, their structure, and their behavior under a multi¬ 
tude of conditions, is based upon exact results of experiments per¬ 
formed with the greatest of accuracy and precision. 

29.1. The Discovery of Positive Rays. During the latter part 
of the Nineteenth Century, when many physicists were investigating 
the various properties of cathode rays, Goldstein designed a special 
discharge tube and with it discovered new rays called canal rays. The 
name "canal rays” is derived from the fact that the rays, traveling in 
straight lines through a vacuum tube in the opposite direction to cathode 
rays, pass through and emerge from a canal or hole in the cathode. A 
tube designed to illustrate this is shown in Fig. 29A. 

Shortly after the measure of the electronic charge by J. J. Thomson 
in 1896, W. Wien deflected a beam of canal rays in a magnetic field 
and came to the conclusion that the rays consisted of positively charged 
particles. Due to this and other experiments, canal rays have become 
more commonly known as positive rays. 

Since the time of Goldstein’s discovery, positive rays have been 
found to be charged atoms of different weights. The origin of the 
charge carried by such atoms is explained briefly as follows. As the 
> 428 
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electrons from the cathode stream down the tube toward the anode 
they occasionally collide with the atoms and molecules of the small 
quantity of remaining gas, knocking electrons from them. This proc¬ 
ess, called ionization, is illustrated by a schematic diagram of a single 



Fig. 29A—Experiment illustrating canal rays, discovered by Goldstein in a discharge tube. 


oxygen atom in Fig. 29B. Before the collision, the atom as a whole, 
with its eight electrons and eight equal positive charges on the nucleus, 
has no net charge. After one of the electrons is removed by collision 
it has but seven electrons and therefore a net positive charge equivalent 
in amount to the charge of one electron. 



Fig. 29 B—Schematic diagram of an oxygen atom in the process of becoming ionized by 
a collision with a high-speed electron. 


Since the atom is now positively charged, the anode repels and the 
cathode attracts such atoms, accelerating them toward the cathode. 
There exist therefore, between the anode and cathode, two streams of 
particles: electrons moving toward the anode and positively charged 
atoms or molecules moving toward the cathode. 
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Of the many particles striking the cathode, in Fig. 29A, the ones 
heading toward the small opening C, constituting the observed canal 
rays, pass straight through to the fluorescent screen. As each atom or 
molecule strikes the screen a tiny flash of light is produced. These tiny 
flashes, which can be seen individually in the field of view of a micro¬ 
scope, are called scintillations. 

Any process by which an electron is removed from an atom or mole¬ 
cule is called ionization, and the resulting charged particle is called a 
positive ion. The amount of charge carried by an electron is a unit 
called the electronic charge. 

29.2. The Thomson Mass Spectrograph. Ever since the time 
canal rays were shown to be positively charged atoms or molecules of 



the gas contained within the discharge tube, the physicist has tried to 
determine with ever-increasing accuracy the mass and charge of the 
individual ray particles. Although the charge and mass of every elec¬ 
tron was known from Thomson’s and Millikan’s experiments to be the 
same as that for every other electron, it could be postulated that the 
mass of the positive rays should be different for the atoms of different 
chemical elements. The further postulation could be made that if each 
positive ion is produced by the removal of one electron from a neutral 
atom, all positive ions should have the same amount of charge. This 
in part is anticipating what has already been observed. 

In 1911 J. J. Thomson developed a method of measuring the rela- 
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tive masses of different atoms and molecules by deflecting positive rays 
in a magnetic and an electric field. The apparatus he developed for 
doing this is shown schematically in Fig. 29C and is called Thomson’s 
Mass Spectrograph. 

The entire spectrograph, enclosed in an air-tight glass chamber, is 
first thoroughly evacuated, and then a small quantity of the gas, the 
masses of whose atoms are to be measured, is admitted to the bulb at 
the left. When a high voltage is applied to this chamber, electrons 
from the cathode ionize atoms and molecules in the region between 
the anode A and the cathode C. Traveling to the right, many of these 
positively charged particles pass through the narrow hole in the cathode, 
thus forming a very narrow pencil of rays. Leaving the cathode with 
a constant velocity they then pass between the poles of an electromagnet 
and the parallel plates of a condenser, and thence to a fluorescent 
screen at the far end of the chamber. 

The two condenser plates when charged exert an upward force on 
the particles, deflecting them from the point O toward E. The mag¬ 
netic field, on the other hand, with its magnetic lines vertically down¬ 
ward and in the plane of the page, exerts a force at right angles to 
this, deflecting the particles "into” the page from the point O toward H. 

Suppose now that the apparatus contains a pure gas like helium, 
all of the atoms of which have exactly the same mass. Of these atoms 
the ones that are ionized in a region near the cathode C cannot attain 
a yery high velocity before reaching the cathode, and, remaining longer 
in the deflecting fields, are bent considerably up and back to a point 
such as c on the screen. Particles created near the anode A, on the 
other hand, attain a high velocity upon reaching the cathode, and being 
under the influence of the deflecting fields for a shorter time, are bent 
only a little to a point like a on the screen. Since the velocities of the 
particles vary considerably a bright streak or line of fluorescence will 
appear on the screen. From a calculation of the forces exerted by both 
fields it is found that the line on the screen should have the shape of a 
parabola. 

If the gas in the apparatus is not pure but contains two kinds of 
atoms, the positive ions passing through the cathode will have two 
different masses. Although each ion will contain the same positive 
charge and will therefore experience the same electric and magnetic 
forces when passing through the fields, the heavier particles will not be 
deflected as much as the lighter ones. The net result is that the heavier 
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particles form one parabolic curve like yx, and the lighter particles 
another curve like ac. 

By substituting a photographic plate for the fluorescent screen and 
exposing it to the rays for several minutes, photographs like those 
reproduced in Fig. 29D are obtained. The upper half of each picture 
is taken with the connections as shown in Fig. 29C and the lower half 
by reversing the polarity of the electromagnet, and exposing for an 
equal length of time. 



' H* N C ++ 

Fig. 29D —Reproductions of the photographs of parabolas made with Thomson’s Mass 

Spectrograph. 

When photograph (a) was taken the spectrograph contained hy¬ 
drogen, oxygen, and mercury, and the magnetic field was relatively 
weak. From the known strengths of both the electric and magnetic 
fields and the assumption that each atom carries a unit positive charge, 
the mass of the atoms producing each parabola can be calculated. The 
results of these calculations show that the two largest parabolas are 
due to ionized hydrogen atoms (H + ) of mass 1, and ionized hydrogen 
molecules (H 2 + ) of mass 2. The next three are due to ionized atoms 
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(0 + ) of mass 16, ionized oxygen molecules of mass 32, and ionized 
mercury atoms (Hg + ) with a mass of approximately 200. 

When photograph (b) was taken the mass spectrograph contained 
carbon monoxide gas and mercury vapor, and the magnetic field was 
relatively strong. Upon calculating the masses of the particles produc¬ 
ing the different parabolas the four intense lines were identified as due 
to ionized carbon atoms (C + ) of mass 12, ionized oxygen atoms (0 + ) 
of mass 16, ionized carbon monoxide molecules (CO + ) of mass 28, and 
ionized mercury atoms (Hg + ) of mass about 200. The three faint 
parabolas which show in the original photograph, but probably not in 
the reproduction, are due to doubly ionized atoms of carbon, oxygen, 
and mercury. 

A doubly ionized atom or molecule is one which has lost two elec¬ 
trons in place of one, and having a net positive charge of two units, is 
designated by two -f- signs as exponents. Having double charges the 
electric and magnetic forces exerted on these particles are double those 
for singly ionized atoms and they, undergoing greater deflections, pro¬ 
duce larger parabolas. 

The principal conclusions to be drawn from Thomson’s experiments 
are (1) that positive rays or canal rays are charged atoms or molecules 
of whatever gas is present in the apparatus, (2) that hydrogen and 
oxygen molecules have twice the weight of their single atoms and are 
therefore diatomic, (3) that a chemical compound like carbon monoxide 
is composed of diatomic molecules CO, each with a weight equal to 
the sum of the weights of the separate atoms. 

It is significant to point out that while Thomson found many atoms 
could be doubly and some even triply ionized, hydrogen could never 
be found more than singly ionized and helium more than doubly 
ionized. The reason for this, as will be seen later, is that neutral hydro¬ 
gen atoms have but one electron and neutral helium atoms but two. 
All other elements have more than two electrons. 

29.3. The Periodic Table of Elements. From present day 
knowledge of physics, chemistry, and astronomy, it is quite certain that 
the entire universe is made up of 92 (or possibly 93) stable elements. 
By an element is meant a substance composed of atoms having identical 
chemical properties. All but two or three of these elements have been 
found in the earth’s crust, some of them in much greater abundance 
than others. Silicon and iron are examples of abundant elements, 
while platinum is an example of a rare element. 
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Long before the Thomson mass spectrograph had been devised and 
used to measure the relative masses of atoms the chemist had arranged 
ail of the elements in a table according to their atomic weights. The 
most common form of this arrangement is given in Table 2$>I. 
Divided as they are into eight separate groups, all elements in the 
same column have similar chemical properties. In Group I, for exam¬ 
ple, the elements Li, Na, K, Rb, and Cs, known as the alkali metals, 
have one set of chemical properties, while the elements Be, Mg, a, Sr 
and Ba in Group II, known as the alkaline earths, have another set of 
chemical properties. The largest group of elements having similar 
chemical properties are the fourteen rare earth elements listed by them¬ 
selves at the bottom of the table. 

The names of the elements are all indicated by two-letter abbrevia¬ 
tions. (The full names are given in the second column of Table I 
in the Appendix.) The number preceding each abbreviation is the 
order number of that element and is called the atomic number. The 
decimal accompanying each element gives the average weight of atoms 
of that element and is called the atomic weight. 

The atomic weights of all 92 elements are based upon the weight 
of oxygen as 16. This is purely an arbitrary selection of a unit of weight 
but one which has considerable significance when it is noted that the 
weights of the first 25 elements, with the exception of chlorine (Cl), 
atomic number 17, are very close to whole numbers. This suggests 
the possibility that the weights of all atoms are really whole number 
units of the unit of weight, the hydrogen atom, and that those weights 
of an element which differ considerably from whole numbers are 
incorrectly determined values. On the strength of this Prout was the 
first to propose the hypothesis that all elements are made of hydrogen 
atoms as building stones. This conclusion, as will be seen later, is only 
partly true. 

29.4. Thomson’s Discovery of Isotopes. In 1912 Thomson, in 
comparing the mass of the neon atom with the known masses of other 
elements, discovered two parabolas for neon in place of one. Upon 
computing the masses of the particles involved, the stronger of two 
parabolas was found to be due to particles of mass 20 and the other, 
a fainter parabola, to particles of mass 22. 

Since the atomic weight of neon was then known to be 20.2, Thom¬ 
son expressed the belief that neon is composed of two kinds of atoms, 
90% of which have a mass of 20 and the other 10% a mass of 22. 



Table 291. The Periodic Table of Chemical Elements 
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Because these two kinds of atoms exist as a mixture and cannot be 
separated chemically, their atomic weight when measured by chemical 
methods is found to be their average value 20.2. 

The discovery of two kinds of neon atoms, identical chemically but 
differing in atomic weight, suggested the possibility that all other ele¬ 
ments whose atomic weights were not whole numbers might also be 
mixtures of atoms which do have whole number weights. Not only has 
this been confirmed by experiment but a large majority of the elements 
are mixtures of from 2 to 10 different kinds of atoms. 

To all atoms of different weight belonging to the same element 
Soddy gave the name isotopes. The external structure of all isotopes 
of a given element are identical. The two atoms Ne20 and Ne22, 
shown in Fig. 29E, are neon isotopes. Each of these neutral atoms, 



Fig. 29E—Schematic diagrams of the two different kinds of neon atoms, one of mass 20 
and the other of mass 22. The external electron structures of two such isotopes are identical. 

before it is ionized to become a positive ray, has ten external electrons 
and ten positive charges on the nucleus. They differ only in the weight 
of the nucleus. 

29.5. Aston’s Mass Spectrograph. Immediately following the 
World War in 1919, W. F. Aston* developed a new and improved 
type of mass spectrograph. Employing both electric and magnetic 
fields, the device involves the chief improvement over Thomson’s mass 

* Francis Wm. Aston (1877- ), British scientist, was born in Birming¬ 

ham and educated at Malvern College and Cambridge University. He became 
assistant lecturer in physics at the Birmingham University in 1909, and received 
the Mackenzie Davidson Medal of the Rontgen Society in 1920. In 1922 
he was awarded the Hughes Medal of the Royal Society and the coveted Nobel 
Prize in chemistry for his work on atomic mass measurements. He has written 
an authoritative book entitled "Isotopes,” in which a full account of his work 
is given. 
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spectrograph of "focusing” the rays of different velocities to the same 
point on the screen. This has two important effects: (1) it makes it 
possible to observe rare isotopes which might otherwise escape detec¬ 
tion, and (2) it produces sharper images of the different masses on 
the photographic plate, so that their masses may be more accurately 
measured. 

Aston’s apparatus is illustrated in Fig. 29F. The positive rays 
produced in the discharge tube at the left and confined to a narrow 
beam by two narrow slit-openings S, are bent downward as they pass 
between the charged plates E of a condenser, and bent up again as they 
pass between the poles of an electromagnet M. Assuming there are but 
two kinds of atoms in the apparatus the action produced by both fields 
is as follows: Since all particles regardless of mass have the same 



amount of positive charge they experience the same downward force Fa 
as they pass through the electric field. Under the action of this force 
the lighter particles are deviated to a greater extent than the heavy ones. 
Of the light particles as one group, and the heavy particles as another 
group, those which have a high velocity are deviated the least, due 
to the fact that they are under the influence of the force for the shortest 
time. 

Passing next between the poles of the electromagnet with its 
magnetic lines perpendicular to and "into” the plane of the page, the 
slower particles in each group are bent more sharply upward than the 
faster ones, with the result that all particles of a given mass but dif¬ 
ferent velocities cross each other’s path at some common point. These 
points of focus for different masses lie along a line PiP 2 as shown in 
the figure. By placing a photographic plate along this line and expos- 



438 ‘Discharges through Qases ['Part VII 

ing it to the bombardment of atoms for some time, photographs like 
the one reproduced in Fig. 29G(a) are obtained. 

In taking this particular photograph Aston had introduced, among 
other things, a little hydrochloric acid (HC1), carbon monoxide (CO), 
and sulphur dioxide (S0 2 ) into the spectrograph. Being close to¬ 
gether in the periodic table these elements furnish an excellent demon¬ 
stration of the linear shift of atoms and molecules, differing in mass by 
one unit. It is found from this and other photographs that sulphur has 
three isotopes with masses 32, 33, and 34, and that chlorine has two 
isotopes of mass 35 and 37. 


CO 5 S S Cl HCl Cl HCl 



(b) 



(Tin) 



Hq (Mercury) ^ (Lead.) 



Fig. 29G —Photographs taken with a Mass spectrograph illustrating the linear shift of 
atoms differing by one unit of mass, (a) Carbon monoxide, sulphur, chlorine, and argon 
lines (after Aston), (b) and (c) Isotopes of mercury, tin and lead (after Bainbridge and 
Jordan). 


Since the atomic weight of chlorine is 35.46, then for every atom 
of mass 37 in a given quantity of chlorine gas there are four of mass 35. 
Mixed together in these proportions they give an average mass of 35.4. 

The photographic lines corresponding to masses 28, 36, and 38 
are due to diatomic molecules CO and HCl, each molecule having the 
combined weight of its constituent atoms. Since there are two rela¬ 
tively abundant chlorine isotopes there are two kinds of HCl molecules. 
One type H 1 C1 35 has a mass of 36, and the other type H 1 C1 37 a mass 
of 38. 

A CO molecule of the type producing the strong line at mass 28 
in Fig. 29G(a) is shown schematically in Fig. 29H. As a neutral 
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molecule there are just as many electrons surrounding the two bound 
atoms as there are positive charges on the nuclei (six on the carbon 
nucleus and eight on the oxygen nucleus). When the molecule be¬ 
comes ionized and is moving through the apparatus as a positive ray, 
it contains one less electron than the number shown. Since the mass 
of the electrons is negligibly small the mass of the molecule is 12 -j- 16 
or 28 mass units. 

So successful was Aston with his mass measurements and his de¬ 
termination of isotopes of different elements that he attempted an 
investigation of the entire periodic table. The ordinary gaseous dis¬ 
charge previously described to produce positive rays is limited to those 
elements which may be introduced into the apparatus as gases or vapors. 



Fig. 29 H—Schematic diagram of a diatomic molecule; carbon monoxide, CO. 

Most of the elements, principally metals, are not suitable for this 
treatment. 

To produce free positive ions of these elements, which under normal 
conditions are in the solid state, Aston employed several types of anodes. 
One of these, designed originally by Thomson, is shown in Fig. 29F. 
The element to be studied is first obtained in the form of a compound 
(like common salt, NaCl, for a study of sodium atoms) and then mixed 
with powdered graphite into a paste. This paste is then pressed into 
a hole drilled in the end of a small steel cylinder which becomes the 
anode. 

All of the known elements are listed in the Appendix, Table I, 
with all of their observed isotopes. In each case the most abundant 
isotope is given in heavy type, while the very rare isotopes, i.e., those 
present to less than one percent, are given in parenthesis. Where more 
than one isotope is given in heavy type the isotopes occur with almost 
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equal abundance. The masses given in italics represent unstable atoms 
which are responsible for radioactivity, the subject of chapter 31. 
Recent developments in mass spectroscopy have made it possible to de¬ 
tect exceptionally rare isotopes. In neon, for example, an isotope of 
mass 21 has been found, making three in all, with relative abundances 
as follows: 


Isotope. Ne 20 Ne 21 Ne 22 

Abundance. 90.4 0.6 9.0 percent 


In a pure carbon monoxide gas all of the molecules are diatomic 
and alike in every respect except for mass. Since there are two carbon 
isotopes, 12 and 13, and three oxygen isotopes, 16, 17, and 18 (see 
Table I in the Appendix), there are six different combinations of atoms 
to form molecules. These are C 12 0 16 , C 12 0 17 , C 12 0 18 , C 13 0 18 , 
C 13 0 17 , and C 13 0 18 . The relative abundances of all but the C 12 
and O 16 isotopes are so small, however, that over 99 percent of the 
molecules in a given quantity of gas are of the type C 12 0 16 , with a 
mass of 28. 

29.6. The Bainbridge Mass Spectrograph. Another mass spec¬ 
trograph of remarkably high precision was devised in 1933 by an 
American physicist, K. T. Bainbridge. As illustrated in Fig. 291 the 
apparatus combines some of the principles used by Thomson, Aston, 
and Dempster in earlier mass spectrographs. The principal feature of 
Bainbridge’s mass spectrograph is the "velocity selector.” 

Positive ions from the region of the anode A traveling with dif¬ 
ferent velocities pass through two collimating slits S into the two fields 
of a magnet and a condenser. These two fields are so directed that 
they oppose each other, the electric field trying to deflect the positive 
ions to the right and the magnetic field trying to deflect them to the 
left. The electric force to the right is given by F R = eE and is the 
same for all particles regardless of velocity, while the magnetic force 
to the left is given by F M = Hev and is different for different velocities. 
For some particular velocity v the magnetic force will be exactly equal 
to the electric field, and the particles will travel straight through be¬ 
tween the condenser plates to emerge at Y. Atoms with a greater velocity 
than this will bend to the left under the^ greater magnetic force and 
strike the positive condenser plate, while those with a smaller velocity 
will bend to the right, due to the smaller magnetic force, and strike the 
negative plate. 
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All atoms emerging from the velocity selector at Y have the same 
velocity and therefore experience the same magnetic force. Under the 
action of this force the lighter particles are bent around in the arc of 
a small circle to strike the photographic plate near one end, while the 
heavier particles are bent around in the arc of a larger circle to strike 
the plate at some other point. 

The two lower photographs in Fig. 29G were taken with a Bain- 
bridge Mass Spectrograph. The middle picture (b) shows the many 



Fig. 291 —Schematic diagram of the Bainbridge Mass Spectrograph. 

isotopes of tin, and the lower plate (c) the isotopes of mercury and 
lead. The rare lead isotope 204 falls on top of the strong mercury 
isotope 204. Such coincidences are called isobars. 

29.7. Isobars. Atoms having the same mass but belonging to 
different chemical elements are called isobars. The first pair of isobars, 
see Table I in the Appendix, occurs in argon and calcium. The prin¬ 
cipal isotope of argon, atomic number 18, has a mass of 40, as does 
also the principal isotope of calcium, atomic number 20. Other exam¬ 
ples are Cr 54 and Fe 54, Ge 76 and Se 76, Rb 87 and Sr 87, Zn 92 and 
Mo 92. The isobars Hg 204 and Pb 204 are illustrated in Fig. 29G(c). 
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29.8. Unit Mass, and the Hydrogen Atom. Until 1927 all oxy¬ 
gen atoms were thought to have the same mass and were arbitrarily 
chosen to be the standard by which all atomic masses were measured. 
At this time Giauque and Johnson discovered the existence of two rare 
oxygen isotopes with masses 17 and 18. So rare are these heavier 
particles that in every ten thousand oxygen atoms only sixteen of them 
have a mass of 18, and only three a mass of 17. 

The arbitrary choice of unit atomic mass is therefore taken to 
be one sixteenth of the mass of the oxygen isotope 16. On this basis 
very accurate mass spectographic measurements give for the mass of 
the hydrogen atom 1.008, a value nearly one percent higher than unity. 
This apparent discrepancy is real, however, and as we shall see in a 
later chapter on nuclear disintegration, it is well accounted for. 

To compare the masses of atoms with the mass of an electron, it 
is necessary to know the weight of the atom in grams. This weight can 
be calculated by knowing its equivalence in atomic mass units, i.e., units 
corresponding to one sixteenth the weight of an oxygen atom. This 
unit mass is found by experiment to be 

M = 1.66 X 10~ 24 grams. (29<0 

This number multiplied by the atomic weight of any atom will give its 
weight, or mass in grams. 

Compared with the mass of the electron, namely, 

m = 9.11 X 10~ 28 grams, (29^) 

an atom of unit mass would be 1824 times heavier. The hydrogen 
atom is slightly heavier than one unit mass and is about 1840 times 
as heavy as the electron. This later number is convenient to remember 
for it is often quoted to illustrate the enormous difference between 
the mass of the nucleus of a hydrogen atom and the mass of its one and 
only electron. 

One useful bit of information which may be given at this point, 
and which will be considered in detail in later chapters concerns the 
electronic structure of the atom. It is stated here as an experimentally 
proven fact only because it will be found helpful in understanding the 
various atomic phenomena as they are presented in each of the follow¬ 
ing chapters. Each atom in the periodic table contains a number of 
electrons equal to the atomic number. This number also gives the 
number of positive charges on the nucleus. 
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QUESTIONS 

1. What are positive rays? How and by whom were they discovered? 

2. Diagram and briefly describe the Thomson mass spectrograph. Indicate 
clearly the nature of the photographic records obtained. 

3. Name any fifteen elements of the periodic table and try to arrange them in 
order of their atomic number. It is not necessary to give the at. no. 

4. Define (a) positive rays, (b) atomic number, (c) atomic weight, (d) mass 
number, (e) isotopes, and (f) isobars. 

5. Diagram and briefly describe the Bainbridge mass spectrograph. 

6. What is the approximate mass, in grams, of a hydrogen atom? What is the 
atomic number and mass number of the lightest, and heaviest, known 
chemical element? 

7. Given the atomic number of an element, what can be said regarding the 
electrical charges carried by each atom? 

PROBLEMS 

1. If the atomic weight of iodine is 126.9 what is the mass, in grams, of one 
iodine atom? 

2. If the atomic weight of gold is 197.2 what is the mass, in grams, of a single 
gold atom? 

3. If the atomic weight of hydrogen is 1.0081, what is the mass, in grams, of a 
hydrogen molecule? 

4. Calculate the mass of an oxygen molecule. 



Chapter 30 * X-Rays 

One of the most interesting episodes in the history of modern 
science began with the accidental discovery of x-rays by Wm. Rontgen * 
in 1895. While studying the green fluorescent stage of an electrical 
discharge in a Crookes tube Rontgen observed the bright fluorescence 
of some nearby crystals of barium platino-cyanide. Even though the 
discharge tube was in a darkened room and entirely surrounded with 
black paper to prevent the escape of visible light, a distant screen cov¬ 
ered with crystals would fluoresce brightly, when the discharge was 
turned on. Rontgen reasoned, therefore, that some kind of invisible 
yet penetrating rays of an unknown kind were being given out by the 
discharge tube. These rays he called x-rays, the letter x meaning, as it 
so often does in algebra, an unknown. 

In the short series of experiments that followed his discovery 
Rontgen found that the unknown rays were coming from the glass 
walls of the tube itself and in particular from the region where the 
most intense part of the cathode ray beam was striking the glass. So 
great was the importance of this discovery that within but a few weeks 
of Rontgen’s announcement, x-rays were being used as an aid to sur¬ 
gical operations in Vienna. This, along with other practical applica¬ 
tions and uses to be made of a single scientific discovery, is a good 
example of the role played by modern science in the rapid advancement 
of civilization. 

30.1. X-ray Tubes. The Crookes tube with which Rontgen made 
his discovery bears very little resemblance to the modern x-ray tube. In 

* Wilhelm Konrad von Rontgen (1845-1923). Born at Lennep on March 
27, 1845, Rontgen received his education in Holland and Switzerland. His 
scientific career began at the age of 25 when he became an assistant in the 
physics laboratory at Wurzburg, Germany. After a teaching period extending 
over a period of 25 years, which carried him to the University of Strasbourg, 
then to Hohenheim, back to Strasbourg, then to Giessen and finally to Wurzburg 
again, he discovered x-rays in his laboratory at Wurzburg in 1895. For this 
discovery he received the Rumford Medal of the Royal Society in 1896 and 
the first Nobel Prize in physics in 1901. Rontgen also conducted researches 
in light, heat, and elasticity, but none of these works compares in importance 
with his discovery of x-rays. 
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form it had somewhat the appearance as the tube shown in Fig. 28C. 
Within a short period of time after Rontgen’s discovery quite a number 
of noteworthy improvements upon tube design were made. The first 
important contribution in this direction came immediately following 
the discovery that it is the sudden stopping of electrons that gives rise 
to x-rays. 

In x-ray tubes of early design, the electrons from the cathode were 
not allowed to strike the glass walls but were directed toward the 
anode as a target, as shown in Fig. 30A. By curving the cathode like 
a concave mirror it was found possible to focus the electrons on one 
spot on the target, thus making of that spot a localized source of x-rays. 



Radiating outward in all possible directions these Rontgen rays , as 
they are sometimes called, have no difficulty in passing through the 
glass walls of the tube. 

The biggest improvement in x-ray tube design was made by 
Coolidge, an American physicist, in 1913. In the Coolidge tube, now a 
commercial product, see Fig. 30B, a tungsten wire filament is placed 
at the center of the cathode and heated to incandescence by a storage 
battery or low voltage transformer. This filament, being a copious 
source of electrons, gives rise at the target to a far more intense source 
of x-rays than was previously possible with a cold cathode. Under 
the terrific bombardment of the target by so many electrons most metals 
will melt. To overcome this difficulty a metal with a high melting 
point, like tungsten or molybdenum, is imbedded in the face of a solid 
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copper anode to become the target. Copper, being a good heat con¬ 
ductor, helps to dissipate the heat. 

The early sources of high voltage applied to the anode and cathode 
of x-ray tubes was supplied by induction coils of various descriptions. 
Although some of these sources are still in use they have been almost 
entirely supplanted by a more efficient high voltage transformer. The 
voltage delivered by these transformers varies between 50,000 to 
2,000,000 volts. The normal voltage used for surgical work is about 
100,000 volts, while for the treatment of diseases the higher voltages 
are employed. The high voltage alternating current supplied by a 
transformer is not applied directly to the x-ray tube but is first changed 
into direct current by means of rectifier tubes. 


target 



high voltage 
100,000 volts 


Fig. 30B—Diagram of a Coolidge x-ray tube employing a hot cathode. 

30.2. Penetration of X-rays. Four useful and important prop¬ 
erties of x-rays are (1) their ability to penetrate solid matter, (2) to 
cause certain chemical compounds to fluoresce, (3) to ionize atoms, and 
(4) to affect a photographic plate. The penetration of x-rays depends 
upon two things: first, the voltage applied between the anode and 
cathodes of the x-ray tube; and second, the density of the substance 
through which the rays must travel. The higher the voltage applied 
to the tube the greater is the penetration. X-rays of great penetrating 
power are called hard x-rays, while those having little penetrating 
power are called soft x-rays. 

The relation between density and penetration may be illustrated 
in several ways. When x-rays are sent through a block of wood con- 
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taining nails, or a closed leather purse containing coins, a clear and 
well defined image of the nails, or coins, can be formed and observed 
on a fluorescent screen. The experimental arrangement is the same 
as that shown in Fig. 30C. When x-rays are sent through the hand 
or any part of the body to obtain photographs of the bones it is the 
difference in penetration between the flesh and the bones that permits 
a picture to be made. Materials like paper, wood, flesh, etc., com¬ 
posed principally of light chemical elements like those at the begin¬ 
ning of the periodic table, are readily penetrated by x-rays. In other 
words, they are poor absorbers of x-rays. For materials like brass, 
steel, bone, gold, etc., composed partly of heavy elements, like those 



x-rays 



light-tight 
film holder 


-photographic film 


Fig. 30C—Arrangement for taking x-ray photographs of the bones of the hand. 


farther along and near the end of the periodic table, the penetration of 
x-rays is very poor. Hence heavy elements, or dense substances, are 
good absorbers. 

The bones of the body, containing large amounts of calcium, are 
relatively good absorbers of x-rays, while the flesh, composed princi¬ 
pally of much lighter elements, hydrogen, oxygen, carbon and nitrogen, 
are poor absorbers. This explains the general appearance of x-ray 
photographs. An x-ray picture like the one in Fig. 30D is nothing 
more than a shadow cast by the objects being photographed. The 
focus point on the x-ray target, being bombarded by high speed elec¬ 
trons, acts as a point source of rays. These spread out in straight 



Fig. 30D — 
X-ray photo¬ 
graph of the 
wrist bones of 
the hand. 


lines as shown in Fig. 30C. On passing through the hand to the photo¬ 
graphic film more x-rays are absorbed by the bones than by the flesh. 
The shadow cast by the bones is therefore very weak in x-rays and 
the photographic film develops out clear. 

Where only flesh is traversed the x-rays penetrate through to the 
photographic film, causing it to develop out black. The bones there¬ 
fore appear white against a darker background. If this "negative 
film,” as it is called, is printed on paper as in Fig. 30D, it becomes a 
"positive” with the bones appearing black. 

If the photographic film is placed farther away from the hand 
than shown in the diagram, the shadow picture will be larger and 
less distinct. The best pictures are obtained by placing the film as close 
in contact with the object to be photographed as is physically possible. 
Whenever a film is being exposed for an x-ray picture it is mounted 
in a black paper envelope or thin aluminum box. This prevents visible 
light from reaching the film but allows the x-rays to pass through. 

30.3. Ionizing Power. As x-rays pass through matter in the 
solid, liquid, or gaseous state, they are found to ionize atoms and 
molecules. This can be shown by charging a gold-leaf electroscope 
positively or negatively and placing it some ten to fifteen feet away 
from an x-ray tube. When the x-ray tube is turned on, see Fig. 30E, 
the gold leaf falls, showing discharge. 

The explanation of this experiment is as follows: x-rays pass 
through the electroscope and ionize the air by removing electrons from 
many of the oxygen and nitrogen molecules. Leaving these particular 
molecules with a net positive charge, the freed electrons move about 
'until they are picked up by other neutral molecules, thus giving them a 
net negative charge. The result is that the passage of x-rays through 
matter produces both positively charged and negatively charged ions. 
If the electroscope is negatively charged it attracts the positively charged 
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ions to the gold leaf, neutralizing the charge and repelling the nega¬ 
tively charged ions to the walls where they, too, became neutralized. 
If the electroscope is positively charged it attracts the negative ions to it, 
again neutralizing the charge. The positive ions in this case are re¬ 
pelled to the walls. In either case, whether the electroscope is posi¬ 
tively or negatively charged, the gold leaf falls, showing discharge.^ 
It is the ionization of atoms and molecules in a substance that 
limits the penetrating power of x-rays. Heavy elements contain more 





Fig. 30E—Illustrating the discharging of an electroscope by x-rays. This demonstrates 

the property of ionization. 


electrons than light elements, thus placing more electrons in the path 
of the x-rays to stop them. The stopping power of a thin sheet of 
lead, for example, is equivalent to the stopping power of a sheet of 
aluminum several times thicker. Lead atoms each contain 82 electrons, 
whereas aluminum atoms each contain only 13. 

30.4. Practical Applications. During the first few weeks fol¬ 
lowing Rontgen’s discovery of x-rays reports from all over the world 
were received by the editors of scientific journals telling of how the 
new rays could be put to practical use. A few examples of the first 
applications were (1) the location of a bullet in a patient’s leg, (2) 
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the observation and photography of the healing of a broken bone, 
(3) the detection of contraband in baggage, (4) the distinction be¬ 
tween artificial and real gems, (5) the detection of pearls in oysters, 
and (6) the examination of the contents in parcel post. In 1897 
Dr. Morton in New York exhibited an x-ray picture of the entire 
skeleton of a living and fully-clothed adult. 

The biological effects became important when it was found that 
x-rays killed off some forms of animal tissue more rapidly than others. 
This makes them a possible means of cure for certain skin diseases. 
The application in particular to the treatment of well known forms 
of cancerous growths in animals and human beings has yielded amaz¬ 
ing results, and often times a cure. When an internal cancer is 
treated by sending a beam of x-rays directly through the body the can¬ 
cerous tissue as well as the normal tissue is slowly killed off. It is 
principally because the normal tissue grows in again more rapidly 
than the cancerous tissue that it is possible to bring about a cure. 
Periodic radiation allows the normal tissue to build up in the intervals. 

Although only certain diseases can be successfully treated by x-rays 
a great deal of research work is still being carried on with extremely 
high voltage x-rays in the hope of discovering new and more effective 
medical aids. It is generally believed that the killing off of cell tissue 
by x-rays is due primarily to the ionization of the molecules within 
the individual cells. 

The importance of x-rays in some phases of the field of engineer¬ 
ing cannot be overestimated. This can be appreciated when it is real¬ 
ized that metal castings or welded joints sometimes contain internal 
Haws or blowholes that otherwise escape detection. Because of the 
disastrous results which might occur by the insertion of defective cast¬ 
ings or welded joints into a bridge or building many such metal parts 
are examined by x-rays before being used. 

30.5. X-rays Are Waves. Not long after Rontgen’s discovery of 
x-rays there arose among scientific circles two schools of thought con¬ 
cerning the nature of these penetrating rays. The one school held to 
the belief that x-rays are high speed particles like cathod e ravs but 
more penetrating, while the other school held to the idea that they are 
invisible-light .waves of extremely-lugb-frequency. Although many 
experiments were performed to test these two hypotheses, several years 
passed before the wave theory was proved to be correct. 
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The crucial experiment came in 1912 when Von Laue * suggested 
to his associates W. Friedrich and P. Knipping that they try diffracting 
x-rays by sending them through a thin crystal. Believing that the ultra 
microscopic structure of a crystal is a three-dimensional array of regu¬ 
larly spaced atoms, Von Laue reasoned that the equally spaced layers 
of the atoms would act like a diffraction grating. (For details of the 
action of a diffraction grating on light waves see Sec. 26.6.) 

The experiment as it was performed is shown diagrammatically in 
Fig. 30F. X-rays from a cold cathode x-ray tube, and limited to a 
narrow pencil of rays by a pinhole in each of two lead screens L\ and 
L 2 , are shown passing through a thin crystal to a photographic film or 



Fig. 30F—Experimental demonstration of the wave property of x-rays. Diffracted by the 
atoms in a crystal, a Laue pattern is photographed. 


plate at P. In addition to the central beam, the major part of which 
goes straight through to produce a blackened spot at the center of the 
film, there are many other weaker beams emerging in different direc¬ 
tions to produce other spots on the same film. The pattern of spots 

♦Max von Laue (1879- ). Born near Coblenz, Germany, in 1789, 

young Max was educated in the German Universities of Strasbourg, Gottingen, 
and Munich. Following this his teaching and research work carried him to the 
University at Munich, Zurich, Frankfurt on the Main, and finally Berlin. Being 
interested in theoretical physics, his early attentions were confined to various 
phases of Einstein’s theory of relativity, and to Bohr’s quantum theory of 
atomic structure. His chief contribution to physics, however, was the instiga¬ 
tion and supervision of experiments leading to the diffraction of x-rays by 
crystals. For this work, which proved the wave-nature of x-rays, he was granted 
the Nobel Prize in 1914. 
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obtained in this way is always quite symmetrical and is referred to as a 
Laue pattern. 

Photographs of two Laue patterns obtained with single crystals arc 
reproduced in Fig. 30G. The small number of spots in (a) is indica- 
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Fig. 30 G—X-ray diffraction patterns from crystals, (a) Zinc sulfide crystal (face centered 
cubic crystal), (b) Sugar crystal (a complex crystal structure). 

tive of a relatively simple crystal structure for zinc sulfide, ZnS, and the 
large number of spots signifies a relatively complex crystal structure 
for sugar, C 12 H 22 O 11 . While the picture for sugar was being taken 
the central beam was masked off by a small lead disk placed just in 

front of the film to pre¬ 
vent excessive blackening. 
Simple Laue patterns in 
general arise from simple 
crystal structures. Com¬ 
mon salt is an example of 
a simple crystal, contain¬ 
ing as shown in Fig. 12C 
sodium atoms (Na) and 
chlorine atoms (Cl) in 
equal numbers arranged in 
a three-dimensional cubic 

Fig. 30 H—Illustrating the reflection of x-rays from lattice. Fig. 30H is a CTOSS* 
the various atomic planes in a cubic crystal lattice. .. , 

section through such a 
crystal showing the alternation of atoms in two of the three directions. 
Here in this two-dimensional array, the origin of the different spots on a 
Laue pattern is illustrated. 

Each spot arises from the reflection of some of the incident x-rays 
from one of the various sets of parallel crystal planes, three of which 
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are shown by the sets of parallel lines. Always the rays obey the law 
of reflection that the angle of incidence equals the angle of reflection. 
While the reflection planes shown in the diagram are all perpendicular 
to the plane of the page, there are many other planes in a three- 
dimensional lattice to reflect the rays off in other directions. 

The success of the Laue experiment proves the correctness of two 
postulates: (1) that x-rays are light rays of very short wave-length, and 
(2) that the atoms of a crystal are arranged in a regular three-dimen¬ 
sional lattice. These are the results for which Von Laue was granted 
the Nobel Prize in physics in 1914. As a direct result of the Laue 
experiment two new and important fields of experimental physics were 



Fig. 301—Schematic diagram of a Bragg x-ray crystal spectrograph. 


opened up: (l) the study and measurement of x-ray wave-lengths, and 
(2) the study of crystal structures by their action on x-rays. 

30.6. The X-ray Spectrograph. No sooner had Von Laue, 
Friedrich, and Knipping announced the results of their experiments 
than many investigators began a study of the various phases of x-ray 
diffraction by crystals. The most outstanding of these experiments 
are those of W. H. Bragg,* and his son W. L. Bragg, and their devel¬ 
opment of the x-ray spectrometer and spectrograph. 

* Sir William Henry Bragg (1862- ), British physicist and professor at 

the University of London. Bragg’s researches on radioactive phenomena 
brought him early recognition from scientific societies at home and abroad. 
Joint work with his son William Lawrence Bragg (1890- ) on the arrange¬ 

ment of atoms in crystals, and the development of the x-ray spectrograph are 
his greatest scientific contributions. In 1915 father and son were jointly 
granted the Nobel Prize in physics, as well as the Barnard Gold Medal from 
Columbia University. 
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A diagram of an x-ray spectrograph is shown in Fig. 301. Instead 
of having pinhole screens, as in Fig. 30F, and sending a narrow pencil 
of rays through a crystal, the early spectrographs used screens with 
narrow slits and reflected the rays from one face of a crystal. The 
crystal is not fixed tightly in place but can be turned back and forth 
about a pivot C at the center of the front face. As this rocking motion 
takes place, the crystal acts somewhat like a mirror and causes the 
reflected x-ray beam to sweep back and forth along the photographic 
film from one end to the other. After the photographic film has been 
exposed to the rays for some time and then developed, it is found 



0.5 1.0 

ray wave-lengths 


x-\ 


1.5 Angstroms 


Fig. 30J—X-ray spectrogram taken with an x-ray tube containing a tungsten metal target. 

(After de Broglie). 


to have the general appearance of the reproduction in Fig. 30J. This 
unusually clear photograph was originally taken by de Broglie using an 
x-ray tube containing a tungsten metal anode target. Instead of a 
general blackening from end to end, the film shows bands and lines, 
indicating that at certain orientation angles of the crystal the reflected 
rays were unusually intense while at others there were apparently none. 
The lines, which are particularly noticeable at points marked K a , L a , 
Lfi, and L y , are called x-ray spectrum lines. 

The origin and interpretation of these spectrum lines is illustrated 
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by a detailed diagram in Fig. 30K. To reflect x-rays of one given wave¬ 
length A from a crystal a certain relation must exist between the direc¬ 
tion of the incident rays and the distance d between surface layers of 
the crystal. This relation, known as the Bragg rule, requires the waves 
to be incident on the crystal face at such an angle 6 that the crests of 
the waves reflected from adjacent atomic layers move off together. 
This occurs when the additional distance traveled by ray (2), AMB 
in the diagram, is exactly one whole wave-length greater than that 
traveled by the ray (1) next above it. When the angle is adjusted so 
that this is true other rays like (3) belonging to the same wave train 



Fig. 30K—Illustrating the Bragg rule of reflection for x-rays from the surface layers of 

a crystal. 


as (1) and (2) will be reflected from the third crystal layer to be "in 
step” with the others. 

Suppose now that the x-ray tube in Fig. 301 emits x-rays of only 
one wave-length; then, as the crystal rocks back and forth, there will 
be no reflection except at one particular angle 6 and this will occur 
where the conditions of Bragg’s rule are satisfied. At this particular 
position on the photographic plate a single dark line will appear. If 
now the distance d between crystal layers is known and the angle 0 for 
the x-ray line measured, the wave-length of the x-rays can be calculated, 
one wave-length, it will be noted in Fig. 30K, is equal to twice the length 
of the side AM of the right triangle AMC. Thus with one side and two 
angles of a triangle known either of the other sides becomes known. 
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Since several spectrum lines appear in the photograph of Fig. 30J, 
there are several different wave-lengths emitted by the same x-ray tube. 
The two fluted appearing bands between the K and L x-ray lines are 
not of interest here because they appear on all x-ray spectograms and 
are due to the strong absorption of x-rays of many other wave-lengths 
by the silver and bromine atoms in the photographic plate itself. Had 
the original photographic film been exposed for a much longer time 
the spectrogram would have shown a general blackening over the 
whole plate. This blackening, illustrated by the shaded area in the 
curve above, is due to x-rays of all different wave-lengths being emitted 
by the x-ray tube, and it is these which although not very intense, 
strongly affect the photographic plate at the two bands, Ag and Br. 
An explanation of this continuous x-ray spectrum will be given in 
Sec. 35.10. 

It will be noted in Fig. 30K that reflection does not take place at 
all points along a crystal plane but only at the atoms themselves. The 
waves reflected from the atom centers may be pictured as wavelets 
spreading out in all directions in much the same way as the Huygens' 
wavelets from a diffraction grating, see Fig. 26N. Only in certain 
directions will the wavelets from consecutive rows of atoms be in phase 
with each other and in these directions only will x-rays be observed 
as if they were reflected, see Fig. 26E. In other directions the wavelets 
interfere destructively, the crests of some canceling with the troughs of 
others with the net result that no reflected beams are observed. For 
this reason it is proper to speak of the phenomenon described above 
as one of diffraction rather than reflection. The rays passing through 
between atoms are transmitted straight through the crystal to become 
the direct image D in a crystal spectograph, or the central spot in a 
Laue pattern. 

To be able to calculate the wave-lengths of x-rays it is necessary 
to know the distance between the atomic layers of the crystal being used 
in the spectograph. As one illustration of how this has been done con¬ 
sider the simple case of a crystal of rock salt, NaCl, which from the 
appearance of its Laue pattern is known to be a cubic lattice as shown 
in Fig. 12C. Since the atoms are of two kinds, in equal numbers, it is 
necessary to determine the average weight of an atom. Taking 35.4 
as the atomic weight of Cl and 23.0 as the atomic weight of Na, the 
average atomic weight is 29.2. This multiplied by the weight in grams 
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of one atomic mass unit (see Eq. 29 a) , gives the average weight of one 
atom as 

M = 29.2 X 1.66 X 1CT 24 = 48.4 X 10 - * 4 gram. 

Since one cubic centimeter of a salt crystal can be weighed directly 
and is known to have a weight of 2.16 grams, the same cube must 
therefore contain 

n = 48 .4 X^Cr 24 = 4 A6 X 1022 atoms - 

Now if d is the distance between one atom and the next, along one 
edge of the cube, there are l/d atoms in a row one centimeter long. 
In a one centimeter cube therefore there are l/d 3 atoms. 

Writing n = j z 

and solving for d, the answer comes out to be 

d = 2.81 X 10~ 8 cm, 

or d — 2.81 Angstroms, or d = 0.0000000281 cm. 

It will be seen from Fig. 30K that this small distance is about the 
same order of magnitude as the wave-length of x-rays. 

30.7. Moseley’s Discovery and the Moseley Law. In making a 
systematic study of x-ray spectrum lines with a Bragg crystal spectro¬ 
graph Moseley,* in 1913, discovered a direct correlation between the 
wave-lengths of x-rays and the atomic number of the element used as 
a target in the x-ray tube. This is illustrated by the x-ray spectrum 
diagrams in Fig. 30L. Each horizontal strip in this illustration is a line 
drawing of the spectrum lines observed on a photograph like the 
one in Fig. 30J, and taken by using a different metal target as the anode 
of the x-ray tube. 

It will be noted that the elements are listed in the order of their 
listing in the periodic table and that there exists a stepwise shift of each 
x-ray line to shorter and shorter wave-lengths. This is the Moseley law 
which shows in another way that the atoms of all of the known elements 

♦Henry G. Moseley (1887-1915), British physicist noted principally for 
a brilliant series of researches demonstrating a simple relation between x-rays 
and the chemical elements. Believing it his duty to do so he enlisted in the 
British Army at the outset of the World War and was killed in the front line 
trenches in 1915. Thus at the early age of 28 the world lost one of its most 
promising young scientists. 
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Fig. 30L—Diagram illustrating Moseley’s law as it is applied to x-rays emitted by x-ray 
tubes using different metals for the target. 

differ from each other in some simple way and that each kind of atom 

might be built up out of unit building stones as suggested by a study 

of positive rays in the preceding chapter. 

QUESTIONS 

1. Diagram a Coolidge x-ray tube, and explain the function of each individual 
part. 

2. How and by whom was it discovered that x-rays are light waves of very short 
wave-length? Diagram and explain the experiment. 

3. Give three useful and important properties of x-rays and briefly explain each. 

4. Diagram a Bragg crystal x-ray spectrograph, and explain what it is used for. 

5. Explain Moseley’s law. Of what importance is this law in connection with 
the structure of atoms? 

PROBLEMS 

1. If x-rays have a wave-length of 2 Angstroms, what is the wave-length in (a) 
centimeters, and (b) in meters? Approximately how many of these waves 
are equivalent to one wave of visible green light? 

2. X-rays are reflected in a Bragg crystal spectrometer, see Fig. 301, at an angle 
$ = 30°. If the crystal used is rock-salt what is the wave-length of the x-rays? 
(In a 30, 60, 90 degree triangle the hypothenuse is twice the length of shortest 
side; see Fig. 30K.) 
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Chapter 31 ‘ Radioactivity 

Radioactivity may be defined as a spontaneous disintegration or 
disruption of one or more atoms. The phenomenon was originally dis¬ 
covered by Becquerel * in 1896 and is confined almost entirely to the 
heaviest elements in the periodic table, elements 83 to 92. What Bec¬ 
querel discovered was that uranium, element 92, gave out some kind of 
rays that would penetrate through several thicknesses of thick black 
paper and affect a photographic plate on the other side. When the same 
phenomenon was confirmed several months later by Pierre and Madame 
Curie f these rays became known as Becquerel rays. 

31.1. Discovery of Radium. Unlike the discovery of many new 
phenomena the discovery of radium by Pierre and Madame Curie in 
1898 was brought about intentionally by a set of carefully planned 
experiments. Having found that pitchblende was active in emitting 
Becquerel rays, the Curies treated chemically a ton of this ore in the 
hope of isolating from it the substance or element responsible for the 

* Antoine Henri Becquerel (1852-1908), French physicist. Born in Paris 
on Dec. 15, 1852, Antoine succeeded to his father’s chair at the Museum 
of Natural History in 1892. In 1896 he discovered radioactivity, the phenome¬ 
non for which he is most famous. The invisible but penetrating rays emitted 
by uranium and other radioactive elements are now called Becquerel rays. For 
these researches he was granted the Nobel Prize in physics in 1903. 

f Pierre Curie (1859-1906) and Marie Curie (1867-1936), French physi¬ 
cists. Pierre Curie was educated at Sorbonne where he later became professor 
of physics. Although he experimented on piezo-electricity and other subjects 
he is chiefly noted for his work on radioactivity performed jointly with his wife, 
Marie Sklodowska, whom he married in 1895. Marie was born in Poland on 
Nov. 7, 1867, where she received her early scientific training from her father. 
Becoming involved in a students' revolutionary organization, she left Poland 
for Paris where she took a degree at the university. Two years after the discov¬ 
ery of radioactivity by Becquerel, Pierre and Madame Curie isolated polonium 
and radium from pitchblende by a long and laborious physical-chemical process. 
In 1903 they were awarded the Davy Medal of the Royal Society, and (jointly 
with Becquerel) the Nobel Prize in physics. Professor Curie, who was elected 
to the Academy of Sciences in 1905, was run over and killed by a carriage in 
1906. Succeeding him as professor at the university, Madame Curie in 1911 
was awarded the Nobel Prize in chemistry. She has the distinction of having 
had a share in the awards of two Nobel Prizes. 
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activity. The first concentrated radioactive substance isolated was 
called polonium by Madame Curie, a name chosen in honor of her 
native country, Poland. Five months later came the isolation of a 
minute quantity of radium, a substance which was a powerful source 
of Becquerel rays. Continued experiments by the Curies, and others, 
soon led to the isolation of many other substances now recognized as 
radioactive elements. Some of the more common of these are ionium, 
radon, and thorium. 

31.2. The Properties of Becquerel Rays. It is to the experi¬ 
mental genius of Rutherford * that we owe the complete unraveling 
of the mystery surrounding the nature of Becquerel rays. As the result 
of an extensive series of experiments Rutherford and his coworkers 



Fig. 31A—Illustrating the bending of Becquerel rays in (a) an electric field, and ( b ) a 

magnetic field. 


discovered that these penetrating rays are of three quite different kinds. 
A simplified experiment demonstrating this is illustrated in Fig. 31 A. 
A small sample of radium is dropped to the bottom of a small drill-hole 
made in a block of lead. This produces a narrow beam of rays emerg- 

* Sir Ernest Rutherford (1871-1937), British physicist, was born in New 
Zealand where he attended the university. In 1898 he became Macdonald 
professor of physics at McGill University, Montreal, Canada, and in 1907 
professor of physics at Manchester University. In 1919 he became professor 
and director of experimental physics at the University of Cambridge, and in 
addition held a professorship at the Royal Institution in London. He is most 
famous for his brilliant researches establishing the existence and nature of 
radioactive transformations and the electrical structure of the atom. For this 
work and until the time of his death in 1937 he was acclaimed by many as the 
greatest living experimental physicist. He was awarded the Nobel Prize in 
chemistry in 1908, and was knighted in 1914. 



Radioactivity 


463 


Chap. 31} 


ing from the top of the block since those rays entering the walls of the 
lead are absorbed before reaching the surface. When electrically 
charged plates are placed at the side of this beam as shown in diagram 
(a), some rays are bent to the left, some to the right, and some not at 
all. A magnetic field as shown in diagram (b) exhibits the same effect. 
Those rays bending to the left are positively charged particles called 
a -rays or a -particles, those bending to the right are negatively charged 
particles called j3 -rays or j3- particles, and those going straight ahead 
have no charge and are called y-rays or photons. 

Rutherford, by a series of experiments, was able to show that each 
a -ray is in reality a doubly ionized helium atom, i.e., a helium atom with 
both of its electrons gone. Such a particle is nothing more than a bare 
helium nucleus with double the positive charge of a hydrogen nucleus 
or proton, and a mass number or atomic -weight four times as great. 
The f}-rays he found to be ordinary electrons with a mass of l/1840th 
the mass of a proton or l/730th the mass of an a -particle, while 
y-rays turned out to be light waves of about the same or a little higher 
frequency than x-rays. Although y-rays all travel with exactly the 
velocity of x-rays and visible light, a-rays are ejected with a speed of 
from one tenth to one hundredth the velocity of light. /3-particles move 
faster than a-particle^, some of them traveling with 99 percent the 
velocity of light 

31.3V ibnizing Power. When Becquerel rays penetrate matter in 
the gaseous, liquid, or solid state they do not continue to move in¬ 
definitely, but are slowly brought to rest by ionizing atoms all along 
their path. Being ejected from their radioactive source with tre¬ 
mendously high speeds, all three types of rays collide with electrons 
and knock them free from atoms. They are, therefore, ionizing agents. 
The relative number of ionized atoms created along the path of an 
a-particle, however, is much greater than the number created by a 
/3-particle or y-ray. If in traveling the same distance in a given material 
a y-ray produces one ionized atom, a /3-particle will on the average 
produce roughly one hundred, and an a-particle will produce about 
ten thousand. Thus a-particles are powerful ionizing agents, while 
y-rays are not. 

As stated above, an a-partide, ejected from a radioactive atom, is 
but the nucleus of a helium atom and lacks the two electrons necessary 
to make of it a neutral atom. As this particle speeds through matter it 
picks up and loses electrons at a rapid rate. No sooner does an elec- 
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tron become attached than it is swept off again by other atoms. Finally 
upon coming to rest, however, each a-partide collects and retains two 
electrons, becoming a normal helium atom. 

31.4. Penetrating Power. At each collision with an atom 
Becquerel rays lose on the average only a small part of their initial 
energy. Usually an a-particle or /3-particle will make several thousand 
collisions before being brought to rest. At each collision some of the 
kinetic energy is expended in ionizing the atom encountered while 
giving that same atom a certain amount of kinetic energy. Since 
a-particles produce the greatest number of ions in a given path they 
penetrate the shortest distance and therefore have the poorest pene¬ 
trating power. The penetrating powers of the three kinds of rays are 
roughly inversely proportional to their ionizing power. 

a p X 

Relative ionising power . 10,OCX) 100 1 

Relative penetrating power . 1 100 10,000 

31.5. Methods of Detecting Becquerel Rays. There are several 
well-known methods for detecting and measuring radioactivity; the 
first of these is the gold-leaf electroscope, the second is the Wilson 
cloud chamber, and the third is the Geiger-Mueller tube counter. We 
have already seen how x-rays passing through an electroscope cause 
the charge to disappear and the gold leaf to fall. This same action 
may be demonstrated with a, /3, and y-rays. The stronger the source 
of rays or the nearer the sample is brought to the electroscope the 
more rapid is the discharge. Experiments show that if the walls of 
the electroscope are too thick only the y-rays get through to produce 
ionization on the inside. For this reason specially designed electro¬ 
scopes made with thin windows of light material like aluminum are 
used for measuring a and /3-rays. 

31.6. The Wilson Cloud Chamber. In 1912 C. T. R. Wilson 
devised a method by which one may actually observe the paths of a 
and /3-partides. As will be seen in the following chapters this method 
is used extensively in modern atomic physics as a means of studying 
many different atomic processes. The device by which this is ac¬ 
complished consists of an expansion chamber in which water vapor 
is made to condense upon ions produced by the high speed particles that 
have previously passed through it. 
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To begin with the conditions under which water in the vapor state 
will condense into fogdrops are quite critical: these conditions are first, 
there must be water vapor present; second, there must be dust particles 
or ions on which the drops can form; and third, the temperature and 
pressure must be brought to a definite value. That water drops will 
condense only upon ions or dust particles can be demonstrated with 
an ordinary glass jar containing a little water as shown in Fig. 31B. 
If allowed to stand for a short period of time some of the water will 
evaporate and fill the bottle with vapor. Ions are next formed in the 
bottle by momentarily inserting a small gas flame as shown in dia¬ 
gram (a). Compressed air is then injected into the bottle through 




Fig. 3lB—Experiment demonstrating the formation of fogdrops on ions in a glass jar. 

a tube so that when the stopper is quickly removed the sudden expan¬ 
sion will produce a dense fog as shown in diagram (b). If the flame 
is not first inserted to produce ions no appreciable fog can be formed. 

The purpose of the compressed air and subsequent expansion of the 
chamber is to lower the temperature, thus causing the air to become 
supersaturated with water vapor. Under these conditions the vapor 
will condense on all ionized molecules present. 

When an a or j3-particle "shoots” through the air, positive and 
negative ions are formed all along its path. The removal by collision 
of each electron from a neutral atom or molecule leaves a positively 
charged ion. The electron attaching almost immediately to another 









Fig. ilC (a) 
a-ray tracks from 
radium as seen in 
a Wilson cloud 
chamber. (b) 
One a-ray and 
two /?-ray tracks 
(after C. T. R. 
Wilson, Proceed¬ 
ings of the Royal 
Society of Lon¬ 
don, vol. 87, p. 
292, 1912). 


neutral atom or molecule forms a negatively charged ion. If im¬ 
mediately after an a-particle has gone through a cloud chamber an 
expansion takes place, fogdrops will form on the newly created ions, 
revealing clearly the path the particle has taken. As illustrated by 
the photographs in Fig. 31C such a-ray tracks are straight and quite 
dense, whereas the ft-ray tracks are crooked and sparsely lined with 
drops. The j3-rays being very light particles are easily deflected by 
collision, while the relatively heavy a-particles "plow” right through 
thousands of atoms with only an occasional deflection. 

Gamma rays are never observed in a cloud chamber since they 
produce so few ions. In passing through several feet of air a single 
y-ray will on the average produce only one or two ions. This is not 
enough to produce a recognizable cloud track. If a very strong source 
of y-rays is available, however, their presence can be observed in a 
cloud chamber by the chance collisions some of them have made with 
electrons. These recoiling electrons, as shown in Fig. 36D, are called 
"Compton electrons” and will be explained in Sec. 36.2. 

Diagrams of two types of Wilson cloud chamber are shown in 
Fig. 3ID. The arrangement in (a) is made from an ordinary flat- 
bottomed flask with a rubber bulb attached to the neck. A tiny deposit 
of radium or polonium is inserted in the end of a thin-walled glass tube 
as indicated. When the rubber bulb is squeezed to compress the air 
in the top, and then released to cause an expansion, fogdrops will form 
on the ions created by the a-particles. The battery and the wires 
leading to the wire ring in the top of the chamber and the water below 
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are for the purpose of quickly removing ions previously formed in the 
chamber. This clears the field of view for newly formed tracks. 

For projection purposes a cloud chamber designed as shown in 
diagram (b) is quite successful. Light from a source 5 and lens L 
is reflected by a mirror M up through the two glass plates A and B of 
the expansion chamber. By a second mirror M' and lens L' this light 
is made to focus an image of the polonium support and tracks on the 
distant screen. The expansion is produced by a sudden pull downward 
on the movable piston D. 


polonium 



Fig. 3lD—Wilson cloud chambers used for demonstrating a-ray tracks from radio¬ 
active elements. (<*) Small chamber for individual observers. ( b ) Chamber used for 
projecting tracks on a large screen. 


The third type of instrument used for the detection of Becquerel 
rays is known as the Geiger-Mueller tube counter, or more briefly as 
the Geiger counter. This device will be described in detail in Chap. 
37 dealing with cosmic rays. 

31.7. Transmutation by Spontaneous Disintegration. A care¬ 
ful study of radioactivity indicates that a, |3, and y-rays originate from 
within the nucleus of the atom. When a radium atom disintegrates by 
ejecting an alpha particle the nucleus loses a net positive charge of 
two. Since the number of positive charges on the nucleus determines 
the exact number of electrons outside of the atom and this in turn 
determines the chemical nature of an atom, the loss of an a-partide, 
with two positive charges, leaves a new chemical element. Thus a 
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radium atom, for example, in disintegrating changes into a new atom 
called radon. We say there has been a transmutation. Not only does a 
nucleus lose a double charge by emitting an a-particle and thereby drop 
down two places in atomic number, but it also loses a weight of four 
units and thus drops down four units in atomic weight, or mass 
number. 

When a nucleus like radium B disintegrates by ejecting a /5-particle 
(an electron) to become radium C, the nuclear positive charge increases 
by one unit. Such a transmutation yields a new element one atomic 
number higher in the chemical table. Since an electron weighs only 
1/1840th part of a hydrogen atom or proton, the change in mass due 
to a /3-particle leaving a nucleus is too small to change the mass number. 



Fig. 31E—Decay curve for the radioactive element, polonium. Polonium has a half-life 

of 140 days. 

Although the loss in weight is measurable it changes the atomic weight 
so slightly that for most purposes of discussion it can be and is neglected. 
A y-ray, like the /3-ray particle, changes the weight of a nucleus by a 
negligible amount, and since it has no charge it does not alter either 
the atomic number or the mass number. These changes if not clearly 
understood now will be explained in more detail in Sec. 31.10. 

n- 31^8. Half-life. The half-life of a radioactive element is the time 
required for halfot a given quantity of that element to disintegrate into 
a new element. For example, it takes 1600 years for half of a given 
quantity of radium to change into radon. In another 1600 years half 
of the remainder will have disintegrated, leaving one quarter of the 
original amount. The half-life of radium is therefore said to be 1600 
years. 









Fig. 3IF—Wilson cloud cham¬ 
ber tracks from thorium C and C\ 
(After Rutherford, Chadwick and 
Ellis, Courtesy of Cambridge Uni¬ 
versity Press.) 



The rate at which a given quantity of a radioactive element dis¬ 
integrates, that is decays, is found by observing the activity of a given 
sample over a period of time and plotting a graph of the type shown in 
Fig. 31E. Here for polonium the activity drops to half of its original 
value in 140 days. In another 140 days it again drops to half value, 
etc. The term activity may be defined as the number of rays given off 
per second of time, or as the number of ionized atoms produced each 
second by the rays. 

The only difference between the decay curve of one element and that 
of another is the horizontal time scale to which they are plotted. To 
turn Fig. 31E into a decay curve for radium the times 140, 280,420 days, 
etc., need only be changed to read 1600, 3200, 4800 years, etc., respec¬ 
tively. Since, therefore, all radioactive decay curves follow the same 
law, one does not have to wait for half of a given sample to disintegrate 
to be able to calculate how long it will be before half will have changed. 
This would require too many years of waiting for some elements. 

31.9. Range. The range of an o.-particle is defined as the distance 
such a particle will travel through air at normal atmospheric pressure. 
In a partial vacuum where there are less air molecules per centimeter 
to bump into, the distance traveled before coming to rest will be 
greater, whereas in air under higher than normal atmospheric pressure 
there are more molecules per centimeter and the distance will be 
diminished. Experiments show that some radioactive elements eject 
a-partides with a higher speed than others. The higher the initial 
speed the greater is the range. The range of the a-particles from radium 
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is 3.39 centimeters, while the range of those from thorium C' is 8.62 
centimeters. 

The ranges of a-particles in general have been determined in three 
different ways: first, by the Wilson cloud chamber, second, by the 
n umb er of ions produced along the path, and third by scintillations 
produced on a fluorescent screen. 

In the Wilson cloud chamber photograph of Fig. 3IF a-particles 
of two different ranges are observed. The radioactive sample used to 
obtain this picture was a mixture of thorium C and thorium C. The 
shorter tracks with a 4.79 cm range are due to the a-particles from 
thorium C disintegrating to become thorium C", and the longer tracks 



FlG. 3lG—Graphs of the relative number of ions produced at various points along the path 
of an a-particle (a) from thorium C, and ( b) from thorium C. 

of 8.62 cm range are due to the a-particles from thorium C disintegrat¬ 
ing to become lead. (See Table 311.) 

When one measures the number of ions produced along the path 
of an a-particle, curves similar to those shown in Fig. 3lG are ob¬ 
tained. At the end of each track the number is seen to reach a maximum 
and then drop to zero within a very short distance. This maximum on 
the graph is called the "Bragg hump” in honor of W. H. Bragg who 
discovered the phenomenon. The maximum number of ions is there¬ 
fore produced just before the particles are stopped, i.e., where they are 
moving at relatively low speeds. The point at which the ion density 
drops rapidly to zero gives the range as shown in the figure. Although 
the experimental method by which ion density is usually determined 
will not be presented here another method will be. This is the well- 
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known method of counting fogdrops. An enlarged photograph of a 
cloud track, as reproduced in Fig. 31H, reveals the individual fogdrops 
separated sufficiently to enable the number of drops per centimeter of 
path to be counted. In measurements of this kind it is assumed that 
each ion produces one fogdrop. 

The third method used in measuring the range is illustrated in 
Fig. 311. When each a-particle strikes a fluorescent screen a tiny 



Fig. 31H—Enlarged photograph of a cloud chamber track showing individual fogdrops. 

(After Brode and Corson .) 

flash of light is produced. These flashes, called scintillations, are ob¬ 
served by means of a microscope. When the sample is moved farther 
and farther away, by pulling the rod R back, a point is reached where 
scintillations are no longer observed. The distance d where the 
a-particles just fail to reach the screen is a direct measure of the range. 

The range of |3-rays is seldom given since their velocity of ejection 
even for the atoms of the same element varies considerably. Why this 
is so is still not understood by modern science. 


polonium fluonsrtht 



Fig. 311—Experimental method of measuring the range of a-particles. 


31.10. Radioactive Series. It was Rutherford and his colleagues 
who discovered that when one radioactive atom disintegrates by eject¬ 
ing an a or /3-particle, the remaining atom is still radioactive and may 
sooner or later eject another particle to become a still different atom. 
This process they found to continue through a series of elements, end¬ 
ing up finally with a type of atom that is stable and not radioactive. It 
is now quite certain that all natural disintegration processes, occurring 
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among the heaviest elements of the periodic table, finally end up with 
stable lead atoms, atomic number 82. 

There are three known radioactive series or chains of elements, one 
starting with uranium, another with thorium, and still another with 
protoactinium. The first two of these series are given in Table 311. 


Table 311. Radioactive Series of Elements 


Uranium Series 


Element 

Abbrevi¬ 

ation 



Ray 

Ejected 


Half-life 

Period 

Uranium I. 

UI 

92 

238 

a 

2.70 cm 

2 X 10» yrs. 

Uranium Xi. 

UXt 

90 

234 

P 


24 5 days 

Uranium X*. 

ux 2 

91 

234 

P 


1.14 min. 

Uranium II. 

UII 

92 

234 

a 

3.28 

3 X 10 s yrs. 

Ionium. 

Io 

90 

230 

a 

319 

83,000 yrs. 

Radium. 

Ra 

88 

226 

a 

3.39 

1600 yrs. 

Radon. 

Rn 

86 

222 

a 

4.12 

3 82 days 

Radium A. 

RaA 

84 

218 

a 

4.72 

3 05 min. 

Radium B. 

RaB 

82 

214 

P 


26.8 min/ 

Radium C. 

RaC 

83 

214 

of, P 


19.7 min. 

Radium C'. 

RaC' 

84 

214 


6.97 

10 “• sec. 

Radium C". 

RaC" 

81 

210 

r) 


1.32 min. 

Radium D. 

RaD 

82 

210 



22 yrs. 

Radium E. 

RaE 

83 

210 

p 


5 days 

Polonium. 

Po 

84 

210 

a. 

3.92 

140 days 

Lead. 

Pb 

82 

206 

stable 


infinite 


Thorium Series 


Thorium. 

Th 

90 

232 

a. 

2.90 

1.8 X 10 l » yrs. 

Mesothorium I. 

MsThI 

88 

228 

P 


6.7 yrs. 

Mcsothorium II. 

MsTh II 

89 

228 

P 


6.1 hrs. 

Radiothorium. 

RaTh 

90 

228 

a 

4.02 

1.90 yrs. 

Thorium X. 

Th X 

88 

224 

a 

4.35 

3.64 days 

Thoron. 

Tn 

86 

220 

a 

506 

55 sec. 

Thorium A. 

ThA 

84 

216 

a 

5.68 

0.14 sec. 

Thorium B. 

ThB 

82 

212 

P 


10.6 hrs. 

Thorium C. 

ThC 

83 

212 

a, P 

4.79 

61 min. 

Thorium C'. 

ThC' 

84 

212 

(«\ 

8.62 

10-“ sec. 

Thorium C". 

ThC" 

84 

208 

}P\ 


3 2 min. 

Lead. 

Pb 

82 

208 

stable 


infinite 


When a uranium atom of mass number 238 and atomic number 92 
disintegrates by ejecting a a-particle the remainder is a new atom, 
uranium Xi, of mass number 234 and atomic number 90. When an 
uranium Xi atom disintegrates by ejecting a 0-particle to become 
uranium X 2 , the mass number remains unchanged at 234 while the 
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atomic number increases by one to become 91. This increase of one 
positive charge is attributed to the loss of one negative charge. These 
processes of successive disintegration continue until lead, a stable atom, 
is all that is left. 


It is common practice among physicists to designate all atomic nuclei 
in an abbreviated form. The nucleus of radium, for example, is 
written 88 Ra 226 . The subscript to the left of the chemical symbol gives 
the atomic number, i.e., the number of positive charge on the nucleus, 
and the superscript on the right gives the mass number, or weight. 

As explained in Sec. 29.4, all atoms with the same atomic number 
but different mass number are called isotopes of the same element. 
For example, 82 RaB 2 i 4 , 82 ThB 242 , 82 AcB 2 “, 82 RaD 2 io, 8 2 Pb 208 , 
82 Pb 207 , and 82 Pb 206 are isotopes of the same chemical element, lead. 
Even though the first four of these are radioactive, i.e., unstable, the 
other three are stable. Chemically they behave exactly alike and 
cannot be readily separated. The isotopes 214, 210, and 206 belong 
to the uranium series, 212, and 208 to the thorium series, and 211 
and 207 to the protoactinium series. See Table I in the Appendix. 

The disintegration of radioactive nuclei may be written in the form 
of simple equations, as follows: 


For radium, 
for polonium, 
and for radium B, 
82 


88 Ra 220 = 8 r,Rn 222 + 2 He 4 ; 

(31*) 

84 Po 210 = 82 Pb 206 + 2 He 4 

(31*) 

RaB 214 = 83 RaC 214 + + 7 -ray 

(310 


In each equation the sum of the subscripts on the right side of the 
equation is equal to the subscript on the left. The same is true for 
the superscripts. The designation 2 H<? 4 represents the a-particle, and 
_ie° represents the /3-particle. In nearly all radioactive disintegrations 
where a ^-particle is emitted one finds a y-ray also. In such cases, as 
shown by the example in Eq. (31c), radium B ejects a ^-particle and 
a y-ray to become radium C, a nucleus higher in atomic number by 
unity but with the same mass number. 

31.11. The Age of the Earth. Since the end product of each of 
the three radioactive series is always lead, one has a possible method 
of determining the age of the earth. This is done by carefully measur¬ 
ing the uranium and lead content of certain igneous rocks and assum¬ 
ing that at the time the various known geological formations of the 
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earth’s crust were laid down, pure uranium deposits were caught in 
the solidifying rock. As time has gone on this uranium has slowly 
decayed into its various by-products, ending up eventually as lead. If 
therefore the exact amounts of lead and uranium present in rocks is 
measured, it is possible to calculate, knowing the half-lives of all the 
elements in the uranium series, the time required to produce the lead. 
The older the geological formation the more lead one finds in propor¬ 
tion to uranium. 

As a check upon the measurements the quantity of helium gas 
enclosed in the rock deposits can also be measured. The a-particles 
given off by the various disintegrations, being helium nuclei, accumulate 
as helium gas atoms and in certain types of rock cannot escape. The 
method used for this determination is to grind up a small sample of 
rock and chemically analyze it for uranium, lead, and helium gas. By 
taking rock samples from various geological layers of the earth’s crust 
the geological time scale given in Table 3 HI has been calculated. 


Table 31II. Geological Time Scale, as Calculated from the Measurements 

of Radioactivity in Rocks 


Time in Years 

Period 

Era 

Advances 

Dominant 


Recent 

Psychozoic 

Mental life 

Life age of man 

20,000,000 

40,000,000 

Pleistocene 

Eocene 

Anozoic 

Period of glaciation, end 
of Archaic mammals 

Age of mammals 
Flowering plants 

90,000,000 

160,000,000 

Cretaceous 

Triassic 

Mesozoic 

Extinction of dinosaurs 
Rise of Archaic mammals 

Age of reptiles 
Medieval plants 

190,000,000 

320,000,000 

480,000,000 

Permian 

Devonian 

Cambrian 

Paleozoic 

Rise of reptiles 

Early flora, amphibians, 
fishes 

Age of invertebrates 

1,050,000,000 

Algonkian 

Proterozoic 

Geological history clear 

Age of algae, earliest 
invertebrates 

1,500,000,000 

Keewatin 

Archeozoic 

Rocks altered and formed 

Age of lava 
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QUESTIONS 

1. When and by whom was the following discovered: (a) radioactivity, (b) 
radium, (c) polonium, and (d) the nature of radioactive rays? 

2. Name the three kinds of radioactive rays and carefully explain the nature 
of each. 

3. Define (a) radioactivity, (b) range, and (c) half-life. 

4. Explain carefully the meaning of the range of an a-particle. Diagram one 
of the experimental methods of measuring range. 

5. Explain carefully the meaning of the half-life of a radioactive element. 
Draw a graph to illustrate. 

6. List the three ways of measuring the range of a-particles. 

7. Name the first and last element of a radioactive series, as well as three other 
elements belonging to the same series. 

8. Explain how the geological time scale has been determined from radioactivity. 

PROBLEMS 

1. If the activity of a given sample of radioactive material drops to 1/g of its 
value in 15 days, find its half-life. Referring to Table 311, what element 
is it? 

2. How long will it require for the activity of a pure sample of thorium C" to 
decrease to % 4 th of its value? 



Chapter 32 * The Spectrum 

When a block of metal like iron or copper is heated slowly to 
incandescence the first noticeable change in its appearance occurs at 
a temperature of about 1000° K. At this temperature the metal ap¬ 
pears with a dull red glow. As the temperature continues to rise the 
color changes slowly to orange, then to yellow, and finally to white. 

If the slowly heating metal is observed through a prism the first 
appearance of visible light will be found at the extreme red end of the 
spectrum. As the temperature rises the light spreads slowly out across 
the spectrum, until at white heat the entire band of visible colors from 
red to violet are seen. At the orange stage where the temperature is 
about 1500° K the pure spectrum colors contain red, orange and yellow, 
and when the yellow stage is reached where the temperature is about 
2000° K the spectral green is included. When the white stage is 
reached at about 3000° K, and the spectrum is complete, a further rise in 
temperature continues to increase the intensity of each color without a 
noticeable change in color. 

What the prism has done in such an experiment is to separate all 
of the light waves according to their wave-lengths, the longest waves 
of red light at the one side, the shortest waves of violet light at the 
other, and the intermediate waves at their proper places in between. 
The fact that the color is continuous from red through violet is charac¬ 
teristic of the spectrum of all solids and liquids and means that there is 
a continuous set of different wave-lengths present. 

32.1. The Infrared and the Ultraviolet. In performing the ex¬ 
periment just described the question arises, "Does the spectrum of a 
hot body stop at the violet on one side and the red on the other or does 
it continue out on either side with waves that are invisible to the 
human eye?” The answer that it does continue in both directions can 
be demonstrated by a simple experiment. Beyond the violet end of 
the visible spectrum are shorter waves called the ultraviolet and beyond 
the red are longer waves called the infrared. 

To demonstrate the existence of the ultraviolet and infrared spec¬ 
trum an experiment of the type illustrated in Fig. 32A may be per- 
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formed. The visible light from a carbon arc lamp is made to pass 
through a quartz lens and prism to be focused on a nearby screen. 

If at the violet end of the spectrum the screen is painted with 
luminous paint a bright fluorescence will be observed for some little 
distance beyond the visible violet. When the screen is replaced by a 
photographic plate, the exposed and developed picture will again show 
the extension of the spectrum into the ultraviolet. Such a photograph 
is reproduced in Fig. 32C(c). 

To detect the presence of the infrared radiations a thermopile* is 
conveniently used as shown at the top of the screen. Connected to an 
ammeter a thermopile measures the amount of light energy falling 



Fig. 32 A—Experiment demonstrating the existence of the ultraviolet and infrared rays 
beyond the visible spectrum. 

upon its front face. If the thermopile is first placed to receive violet 
light and slowly moved across the visible spectrum and out into the 
infrared region beyond, the ammeter will show a steady rise in current. 
The current will continue to rise until a maximum is reached at a point 
in the region of M and then it will drop off slowly as the thermopile 
approaches the end of the screen at A. A graph of the energy from 
the carbon arc source, for the different parts along the screen, is shown 
by the 3000° K curve in Fig. 32B. 

Each curve represents the amount of energy given out over the 
entire spectrum by a solid at different temperatures. Studying these 
curves it will be observed that at low temperatures very little light is 
emitted in the visible spectrum. At 1000° K only the visible red is 

* For the principles of the thermopile see Sec. 11.3. 
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seen and even that is very faint. At 2000° K the brightness of the red 
not only increases but the other colors, orange, yellow, and green 
appear. At 3000° K, the temperature of a low-current carbon arc or 
tungsten filament light, all of the visible spectrum is emitted, but the 
maximum radiation is in the infrared. At 6000° K, the temperature 
of the surface of the sun, the maximum energy is radiated in the green 
of the visible spectrum, with an appreciable amount of ultraviolet light 
on the one side and the infrared on the other. Thus the visible spectrum 
as seen by the human eye is but a small band out of all the waves emitted 
by a body as hot as our sun. 



Fig. 32B—Distribution of the energy emitted by a hot solid at different temperatures. 


It is an interesting fact that the maximum energy radiated by a 
hot body shifts to shorter and shorter waves as the temperature rises. 
To be more exact, if the temperature of a body is doubled the radiated 
energy maximum, Xmax, shifts to half the wave-length. If the tempera¬ 
ture is tripled the energy maximum shifts to one third the wave-length, 
etc. This is known as Wien’s* displacement law, and is written as 
an algebraic equation 

X max T = C, (32*) 

* Wilhelm Wien (1864-1928), German physicist, chiefly known for impor¬ 
tant discoveries with cathode rays, canal rays, and the radiation of light. He 
was awarded the Nobel Prize in physics in 1911 for his discovery of the 
displacement law of heat radiation named in his honor. 
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where C is a constant, found by experiment to have a value of 0.2884 
cm deg, T is the absolute temperature, and Xmax the wave-length at 
which the maximum energy is radiated. 

By substituting the constant C in Eq. ( 32 a') the wave-length max¬ 
imum radiated by a hot body can be calculated for any temperature. 

The photographs reproduced in Fig. 32C were taken with a prism 
spectrograph of the type shown in Fig. 32 E(b). The source in each 
case was the hot tungsten filament of an electric light raised to the 
different temperatures indicated. Since the photographic plates used 
in taking these spectrograms were not sensitive to infrared waves the 
long wave-length end of each spectrum seems to stop near the end of 
the visible red. Particular attention is called, however, to the correla- 


<a> 
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Ultraviolet V B G Y 0 R 
Fig. 32C—Continuous emission spectrum from a hot solid at three different temperatures. 


tion between the left-hand limit of each spectrum and the correspond¬ 
ing part of the respective temperature curves in Fig. 32B. 

32.2. The Complete Spectrum. The spectrum of the visible, 
ultraviolet, and infrared does not represent all of the known kinds of 
light waves. A complete chart of the known spectrum is shown in 
Fig. 32 D. Beyond the visible and infrared toward longer wave-lengths 
we find the heat waves and the wireless waves, while beyond the ultra¬ 
violet toward shorter wave-lengths we find the x-rays and the gamma 
rays. 

In spite of the tremendous expanse of wave-lengths ranging all the 
way from the longest wireless waves several miles in length to 7 -ray 
waves one million millionth of a centimeter in length, all electromag¬ 
netic waves travel with the same velocity in vacuum, 186,000 mi/sec, 
or 3 X 1010 cm/sec. 

Although their velocities in a vacuum are all the same the proper- 
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ties of the various waves differ considerably. One striking illustration 
of these differences is found in the response of the human eye. Of the 
entire spectrum only one very narrow band of waves can be seen, all 
the rest being invisible. Another illustration is the passage of light 
waves through the atmosphere. With the exception of the band of 
waves known as the extreme ultraviolet the air is fairly transparent to 
all electromagnetic waves. To waves of the extreme ultraviolet the 
air is quite opaque. 

32.3. The Angstrom as a Unit of Length. Because the wave¬ 
lengths of light are so very small, the physicist has adopted a smaller 
unit of length than the centimeter or millimeter. This unit is called 
the Angstrom after the Swedish scientist by that name. In 1868 
Angstrom published a map of the visible spectrum of the sun, and on 


VISIBLE 
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Fig. 32D—Complete wave-length and frequency chart of the electromagnetic spectrum as 

it is now known. 

this map he labeled the wave-lengths in ten millionths of a millimeter. 
Since that time light waves have been specified in these units. 

In one centimeter there are 100,000,000 angstroms. 

1 cm = 10 8 A. 

To change the wave-lengths of light in centimeters to Angstroms 
the decimal point is moved eight places to the right. For example, 
the visible spectrum extends from 4000A on the violet end to 7000A 
on the red end. The wave-lengths of the central part of the spectrum 
as represented in Fig. 32D are also given in angstroms. 

The convenience of this small unit of length might better be ap¬ 
preciated when it is pointed out that the diameter of atoms and mole¬ 
cules, x-ray wave-lengths, and the distances between atoms in solids 
are of the order of magnitude of one or two angstroms. 
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Although the wave-lengths of visible light are several thousand ang¬ 
stroms they are still so small that several hundred waves are confined 
to a distance equal to the thickness of a piece of paper. Since light 
travels with the enormous speed of 186,000 miles per second, or 
3 X 10 10 cm/sec, the frequency of vibration of light waves is ex¬ 
tremely high. 

Green light, for example, with a wave-length of 5000A has 20,000 
waves in every centimeter of path. Multiplying this number by 
3 X 10 l ° (the distance light travels in one second), gives a frequency 
of v = 6 X 10 14 vibrations per second. 

In light, just as in sound, the velocity c is given by 

c = v\, 

where v is the vibration frequency and X is the wave-length. From 
this we see that the longer the wave-length the lower is the frequency, 
and the shorter the wave-length the higher is the frequency. It is com¬ 
mon practice among physicists to designate the wave-length of light 
waves by the Greek letter X ( lambda ) and the frequency by the Greek 
letter v (««). 

As illustrated by the frequency scale in Fig. 32D, the frequency of 
radio broadcast waves is in the neighborhood of 10 6 vib/sec. This is 
one million vib/sec, or one million cycles. Since one kilocycle equals 
one thousand cycles the frequency is more commonly spoken of by 
radio engineers as one thousand kilocycles. The frequencies of the 
waves emitted by different radio stations differ from each other but 
are of this order of magnitude. 

32.4. Planck’s Quantum Hypothesis. For a number of years 
prior to the beginning of the Twentieth Century many unsuccessful 
attempts had been made by theoretical physicists to explain the radia¬ 
tion of light from hot bodies. The early theories were based upon 
the assumptions that the atoms and molecules of matter were vibrating 
with various different frequencies and that they, like a lot of tuning 
forks, would emit waves of the same frequencies. 

The first successful theory of radiation was proposed by Planck 
in 1901, when he derived a formula which fits exactly the experimen¬ 
tally determined curves of Fig. 32B. All previous theories had failed 
to do this. To formulate this new theory Planck was forced to make 
one very radical assumption, an hypothesis which no other scientist 
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at the time would accept, yet one which was destined to form the 
foundations of modern atomic physics. Planck’s assumption, now 
referred to as Planck’s quantum hypothesis, says that all atoms, when 
set into vibration by heating, cannot vibrate with just any frequency 
but only with one of a set of definite discrete frequencies. This is like 
saying that tuning forks cannot be constructed which will vibrate with 
any desired frequency but with certain specified frequencies only; for 
example, it is like saying that all tuning forks vibrate with frequencies 

of 5, 10, 15, 20,-, vib/sec, all other frequencies being impossible. 

Since the well-established laws of mechanics do not restrict the fre¬ 
quencies of vibrating objects in this way it then seemed impossible to 
accept Planck’s assumption that atoms could be restricted in their 
motions. 

Vibrating with any one of the allowed frequencies, an atom accord¬ 
ing to Planck has a definite amount of energy equal to an integral num¬ 
ber multiplied by a given quantum hv. 

In other words, a single atom has one quantum of energy, lhv , or two 
quanta of energy 2hv, or three quanta of energy 3hv, etc. Here 
v is the frequency of vibration and h is a constant having the same value 
for all substances and all atoms. If an atom changes from a high 
quantum state to another quantum state of lower energy the difference 
in energy E is radiated as a quantum of light. This light quantum, like 
the atom, will have an amount of energy equal to some multiple of hv. 

Energy E = nhv (31 V) 

where n — 1, 2, 3,4, etc. 

For example, an atom with an energy of 5hv may give up two 
quanta of energy 2hv, and be left with only three quanta 3hv. The two 
quanta given up becomes a light quantum, or light wave. This is the 
hypothesis which Planck found it necessary to assume, and by it he 
derived an equation, called the law of radiation, which fits the curves 
of Fig. 32B exactly. 

Although it has been necessary to alter and modify Planck’s original 
concepts regarding atomic vibrations the idea that light waves of all 
frequencies v are emitted by hot bodies in small bundles or quanta hv 
is still considered as correct. Instead of picturing a light wave as a long 
continuous train of waves it may be thought of as being a short wave 
. train, moving along as a small bundle of energy. This, the quantum 
theory, will be taken up in detail in Chapter 34. 
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32.5. Prism Spectroscopes and Spectrographs. There are in gen¬ 
eral two types of optical instruments used in observing and measuring 
the wave-lengths of light in and near the visible spectrum. There is 
on the one hand the prism spectroscope and spectrograph, and on the 
other the corresponding grating instruments of the same name. While 



Fig. 32E—Diagrams of prisms instruments commonly used for studying the spectrum. 
(a) prism spectroscope, (£) prism spectrograph, and (c) Littrow prism spectrograph. 


both the prism and grating instruments perform relatively the same 
function the fundamental principles upon which they operate are quite 
different. 

Three types of prism instruments are shown in Fig. 32E. In dia¬ 
gram (a) a prism spectroscope of the kind used in the elementary 
physics laboratories is drawn in cross-section. 
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The purpose of the collimator, with its slit at one end and lens at 
the other, is to direct parallel rays of light from the source upon one of 
the prism faces. After this light has been dispersed into its various 
colors by the prism it passes through the objective lens of the small 
telescope and is brought to a focus in the focal plane /. Looking at 
this light through the eyepiece a magnified image of the slit will be 
seen for every different wave-length present. 

If the source were a sodium arc lamp in which only one particular 
wave-length of yellow light is emitted, a vertical yellow line, which 
is an image of the slit in yellow light, will be seen at /. If the source 
also emits another definite wave-length of green light, a green image 
of the slit will be observed as a vertical green line not far from the 
yellow. Thus for every wave-length of light emitted by the source 
there appears in the focal plane of the telescope a slit image of that color 
of light. 

If a mercury arc lamp is used as a source, a number of colored lines 
will be observed. These appear as white lines in the photograph of 
Fig. 33A(b). When an incandescent solid, such as an ordinary 
tungsten filament light bulb, is used as a source of light a continuous 
band of colors from red to violet is observed as shown in Fig. 33C(a). 

All four of the photographs shown in Fig. 33A were taken with 
a prism spectograph of the type shown in diagram (b) of Fig. 32E. 
The essential difference between a spectroscope and spectrograph is in 
the method of observation. In the spectroscope the spectrum formed 
in the focal plane of the objective lens is observed in its natural colors 
with an eyepiece, whereas in the spectrograph a permanent record is 
made on a photographic plate. The spectrograph has the added ad¬ 
vantage of extending the observations to the ultraviolet and near 
infrared. 

Another design of prism spectrograph in common use today is of 
the Littrow type shown in Fig. 32E(c). In this instrument a single 
lens serves both as a collimator to produce parallel light and as an 
objective to focus images of the slit on the photographic plate. The 
dispersion piece in the Littrow arrangement is usually a 30° prism 
silvered on the rear face to reflect the light back again. Since the light 
travels twice through the prism the dispersion of the colors is the 
same as that for a 60° prism as in diagram (b). 

32.6. Diffraction Grating Instruments. As already explained 
in Chapter 26, and illustrated in Figs. 26M to 26Q, a diffraction grating 
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is a device capable of separating white light into a spectrum. The 
essential difference between this spectrum and the one from a prism is 
that the diffraction grating produces several images of the same spec¬ 
trum, whereas a prism confines all of the light to one. 

A glass transmission grating is shown in Fig. 32F mounted on the 
center table of a laboratory spectroscope. As the telescope is rotated to 



Fig. 32F—Diagram of a diffraction grating spectroscope used in observing the visible 

spectrum. 

a position off on either side of the central beam the various colors and 
wave-lengths emitted by the source can be observed in the first order 
spectrum, the second order spectrum, etc. See Figs. 260 and Q. 

Transmission gratings were first made by Fraunhofer, a German 
physicist, in 1819, and the first reflection gratings were made by H. A. 


slit 



Fig. 32G—Diagram of a vacuum spectrograph employing a concave reflection grating, and 
used to photograph light waves in the extreme ultraviolet spectrum. 


Rowland, an American physicist, in 1882. Although Rowland’s first 
gratings were ruled on flat surfaces his best ones were ruled upon the 
polished surfaces of concave mirrors. 

A typical arrangement for a concave reflection grating is diagramed 
in Fig. 32G. When light from the source passes through a slit and falls 
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on the grating the various wave-lengths are not only reflected and 
diffracted into a spectrum but the concave surface performs the focus¬ 
ing effect of a concave mirror and forms sharp slit images on the 
photographic plate. Thus the grating performs the double function 
of dispersing the light into a spectrum and of focusing it as well. For 
the light arriving at the grating the concave surface acts like a collimator 
lens, and leaving the grating it acts like an objective lens. 

When a glass prism spectrograph is used to study a source of light 
only a small part of the ultraviolet spectrum can be photographed. 



Fig. 32H—Diagram of a spectrograph employing a concave diffraction grating. 

"The Paschen Mounting.” 

The reason for this is that glass absorbs ultraviolet light beyond a 
wave-length of about 3600A. To photograph these waves the lenses 
and prism in a prism instrument are made of quartz. Quartz is trans¬ 
parent to ultraviolet light as far down in wave-length as 2000A. 
(X = 0.00002 cm). Beyond this point, see Fig. 32D, the waves are 
absorbed by both quartz and air. It is in this region, the extreme 
ultraviolet, that the concave reflection grating finds its most important 
application. 

With all parts of the spectrograph mounted in an air-tight chamber 
as shown in Fig. 32G, the air can be pumped out and the instrument 
operated in a vacuum. The light direct from the source passes through 
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the slit and is reflected from the grating back to the photographic plate 
without ever passing through any material medium. This instrument, 
called a vacuum spectrograph, has been used to study the extreme 
ultraviolet spectrum bridging the last investigated gap in the complete 
spectrum between x-rays and the near ultraviolet. A photograph of 
the extreme ultraviolet spectrum of hydrogen is reproduced in Fig. 35 H. 

32.7. The Paschen Spectrograph. The most useful of all spec¬ 
trographs in the hands of the physicists are those patterned after the 
one originally devised by F. Paschen. Since the physics laboratories 
in many of the larger universities in the United States maintain and 
operate one or more of these instruments it is only proper that the 
Paschen spectrograph be described here. See Fig. 32H. 

A concave reflection grating with a radius of curvature of about 
21 ft is mounted in one corner of a large room, with the source and 
slit in another corner, and a very long and curved plate holder directly 
opposite. Light from the source to be studied passes through a narrow 
slit S in the wall of the side room and falls on the grating, where it is 
diffracted out into two or more complete spectra as indicated. 

The slit, grating, and photographic plate holder are all located on 
the periphery of a circle 21 ft in diameter. This arrangement brings 
the spectrum in focus at all points of the plate holder. This circle 
is called the Rowland circle in honor of Rowland, who invented and 
ruled the first concave reflection gratings. 

When a photograph of any part of the spectrum is desired, a 
strip of plate or film is placed in the proper place in the plate holder 
and exposed for the proper time. Exposure times depend upon the in¬ 
tensity of the source, the reflectivity of the grating, and the sensitivity 
of the photographic plate. The photographs in Fig. 331 were made with 
a 21 ft Paschen spectrograph. 


QUESTIONS 

1 . When a piece of iron is slowly heated until it attains a white heat, what 
sequence of colors are seen (a) when looking at the iron directly, and 
(b) when looking through a prism? 

2 . Make a chart of the complete electromagnetic spectrum, giving only the 
names of the various sections into which it has been divided. 

3 . Diagram and label the essential parts of (a) a prism spectrograph, and 
(b) a transmission grating spectroscope. 

4. Diagram and explain the type of spectrograph used in studying the extreme 
ultraviolet part of the spectrum. 
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PROBLEMS 

1. Calculate the wave-length at which the maximum amount of energy is radi¬ 
ated from a piece of iron raised to a temperature of 2000° K. 

2. Calculate the wave-length maximum, A raax , for each of the temperature 
curves given in Fig. 32B. 

3. If the extreme ultraviolet spectrum extends from A = 60A to A = 2000A, 
what are these same wave-length limits in centimeters? 

4. If the x-rays emitted by an x-ray tube have a wave-length of 2A what is 
the equivalent wave-length in centimeters? 

5. How many wave-lengths of visible green light, 5000A, could be confined 
in a distance equal to the thickness of one page of this book? To measure 
the thickness of one page measure the thickness of 100 pages and divide 
by 100. 

6. Calculate the frequency of x-rays having a wave-length of 6A. 



Chapter 33 ‘ A Classification of Spectra 

A spectrum may be defined as a wave-length analysis of a source 
of light. As illustrated in the last chapter such an analysis is usually 
made with a prism spectrograph or a diffraction grating. Different 
sources produce different wave-lengths of light and hence reveal dif¬ 
ferent spectra. All spectra may be grouped into four main classes: 

(a) Continuous emission spectra 
(JL) Line emission spectra 
(c) Continuous absorption spectra 
(cT) Line absorption spectra 

The first of these, continuous emission spectra, has already been 
treated in detail in the last chapter. There it was demonstrated that 
when light from a hot solid like the tungsten filament of an electric 
light, or the positive carbon of an arc, is sent through a prism a continu¬ 
ous band of color from red to violet is observed. The intensity of such 
a spectrum depends upon the temperature only and not upon the hot 
body itself. All hot solids raised to the same temperature give the 
same continuous emission spectrum. 

33.1. Line Emission Spectra. When the slit of a spectrograph is 
illuminated by the light from a mercury arc, a sodium lamp, or a neon 
discharge tube, a number of bright lines appear on the photographic 
plate in place of a continuous spectra. Photographs of the line spec¬ 
trum of several elements are reproduced in Fig. 33A. Each of these 
lines, as illustrated in the last chapter, is an image of the slit formed 
by the lenses of the spectrograph and corresponds to light of one par¬ 
ticular wave-length. Seen with the naked eye each line in the visible 
spectrum has the same color as the continuous spectrum at that same 
wave-length. 

It is important to realize that line spectra derive their name from 
the fact that a slit is used whose image constitutes a line. If a small 
circular opening were used in place of a slit when the photographs in 
Fig. 33A were taken a disk image would appear in the place of each 
line. A good example of this is given in Fig. 42H. It can be seen from 
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such a photograph that if a spectrum contains many wave-lengths the 
disks or rings would overlap and mask each other and cause confusion. 
This difficulty is greatly alleviated with a slit that gives line images. 

The most intense sources of spectrum lines are obtained from 
metallic arcs and sparks. The flame of a carbon arc may be used for 
demonstration purposes by previously soaking the positive carbon rod 
in various chemicals. An experimental arrangement for projecting the 
spectrum on a large screen is shown in Fig. 33B. Common salt water 
(sodium chloride in solution) gives a brilliant yellow line characteristic 


Ultraviolet Visible 

V B 6 YOR 



Fig. 33A—Photographs of the line emission spectrum from four different elements in 

the gaseous state. 


of sodium. Solutions of strontium or calcium chloride will show other 
strong spectrum lines in the red, green, and blue. 

While a continuous emission spectrum arises from hot solids, 
a line spectrum always arises from a gas at high temperatures. It is 
the gas flame of the carbon arc that gives rise to the line emission spec¬ 
trum, in the above experiment. 

33.2. Continuous Absorption Spectra. Continuous absorption 
spectra are usually produced by passing a continuous emission spectrum 
through matter in the solid or liquid state. Good demonstrations can 
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be performed by allowing white light to pass through colored glass. 
When the light is later dispersed by a prism the missing colors will in 
general cover a wide band of wave-lengths. The same experiment 
was described in Chapter 25 to demonstrate body color and color mixing. 
Photographs taken with red and blue glass are reproduced in Fig. 33C. 



Fig. 33B—Experimental arrangement used in demonstrating spectrum lines in emission. 

The first strip (a) is a reproduction of the continuous spectrum from 
a tungsten lamp. The second strip (b), taken with red glass in front 


of the spectrograph slit, shows all colors but red and orange missing. 
The third strip (c), taken with blue glass in front of the slit, shows 

Violet Blue Green Yellow Or Red. 
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Fig. 33C—Continuous absorption spectra produced by colored glass placed in a beam of 

white light. 

all colors but the blue and violet missing. Finally the strip (d), taken 
with didymium glass in front of the slit, shows a strong absorption of 
the yellow and a faint absorption of part of the green. Didymium 
glass is a pale purple glass developed for use in spectacles to be worn 
by acetylene and electric welders. The glass protects the eyes from 
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the very intense yellow light of sodium burning in the flame of the 
welding torch. 

All substances in the solid and liquid state absorb wide bands of 
some part of the complete spectrum. Clear glass, transparent crys¬ 
tals, etc., are no exception to this; they differ from opaque substances 
in that they do not absorb visible light. As already mentioned in 



Fig. 33D—Experimental arrangement for demonstrating the line absorption spectrum of 

sodium vapor. 


the last chapter, even glass and crystals are opaque to extreme ultra¬ 
violet light. 

33.3. Line Absorption Spectra. Line spectra in absorption are 
produced by sending continuous white light through a gas. Experi¬ 
mentally the gas or vapor is inserted in the path of the light as shown 



Fig. 33E—Absorption spectrum of sodium vapor. The principal series of sodium. 

(After Jenkins.) 


in Fig. 33 D. Light from a carbon arc, after passing as a parallel beam 
through a glass tube containing sodium vapor, is brought to a focus 
at the slit C. From there the light passes through a lens L 3 and a prism 
P to form a spectrum on the observing screen. 

Sodium is chosen as an example for demonstration purposes be¬ 
cause of its convenience. The vapor is produced by inserting a small 
amount of metallic sodium in a partially evacuated glass tube and 
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heating it with a small gas burner. As the metal vaporizes filling 
the tube with sodium vapor, a dark line will appear in the yellow 
region of the spectrum. 

If a photograph is taken of this absorption, and the photographic 
plate is long enough to extend into the ultraviolet, many absorption 
lines as shown in Fig. 33E, are detected. A systematic array of absorp¬ 
tion lines like this occur only with a few elements, principally with the 
alkali metals, lithium, sodium, potassium, rubidium, and caesium. All 
elements in the gaseous state, however, give rise to a number of absorp¬ 
tion lines, usually in the ultraviolet region of the spectrum. This is 
best demonstrated by the sun’s spectrum where continuous light from 
lower levels in the sun’s surface is absorbed by the cooler vapors of 
many elements above them. The result is that the sun’s spectrum 
(see Fig. 4lD) contains thousands of absorption lines. This subject 
will be treated in more detail in Chapter 41. 

33.4. Temperature Effect of Spectrum Lines. The effect of 
raising the temperature of a source of light is to bring out new spec¬ 
trum lines and cause others to disappear. This is illustrated by a 
small section of the spectrum of vanadium, element number 23, in 
Fig. 33F. The first three photographs were taken by heating small 



Fig. 33F—Ultraviolet spectrum of vanadium, (a) 2000° K, ( b ) 2300° K, (c) 
2600° K (from an arc between vanadium electrodes), (e) high voltage electric spark 
between vanadium metal electrodes. Original photographs taken by A. S. King. 


bits of vanadium metal in an electric furnace and photographing the 
light coming from the vapor just above the hot metal. The fourth 
photograph was made by placing a small piece of vanadium metal 
in the tip of the positive carbon of an arc, and the fifth by a high 
voltage electric spark jumping between two vanadium metal rods. 

Though the top spectrum taken at a temperature of 2000° K 
appears to be quite different from the lower one taken at a tempera- 





494 


The Quantum Theory and ^Atomic Structure [Tart Vlll 

ture at least twice as high, all of the lines arise from vanadium atoms 
and are characteristic of that element alone. 

It is a well-founded and general rule that as the temperature of a 
gas is increased the maximum intensity shifts toward shorter wave¬ 
lengths. At a low temperature, for example, the lines in the visible 
part of the spectrum of an element may be brightest, while at a 
higher temperature those in the ultraviolet become most intense. 

33.5. Simple and Complex Spectra. Each chemical element in 
the periodic table, when vaporized and raised to a high temperature, 
emits its own set of discrete wave-lengths which we observe as spectrum 



Fig. 33G— (a) Muldplet of ten spectrum lines from the element scandium. (After 
White.) (b) Series of spectrum lines from the element hydrogen. "The Balmer Series." 
(After Her zb erg.) 


lines characteristic of that element. The spectrum of a majority of 
the 92 chemical elements is rich in spectrum lines, whereas others, 
and they are few in number, contain relatively few lines. 

Vanadium and iron, for example, see Figs. 33A and 33F, contain 
hundreds of spectrum lines in the visible spectrum and many more 
in the ultraviolet and infrared. Hydrogen and sodium on the other 
hand, see Figs. 33E and 33G, contain relatively few. 

When an untrained observer examines a complex spectrum in an 
effort to discover regularities that might exist between some of or all 
of its lines he seldom finds an orderly arrangement of any kind. 
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Within the last two decades, however, the spectra of a majority 
of the elements, including iron and vanadium, have been arranged 
into groups of lines having very regular and systematic arrangements. 
An illustration of such regularities is indicated by the group of isolated 
lines in Fig. 33G(a). 

These ten lines, called a multiplet, belong to the complex spectrum 
of scandium, element number 21. The four center lines are so linked 
up with the three fainter lines on each side that each of the three 
intervals shown on the left side occur also on the right. The infer¬ 
ence to be drawn from this, as well as from hundreds of other similar 
regularities, is that there is something regular about the structure of 
the atom even though a rough glance at some of their complex spectra 
would lead one to think otherwise. 

In general, any element in the first two columns of the periodic 
table show fewer lines and simpler arrays in their spectra than do the 
elements in the remaining columns. The simplicity referred to is 
illustrated by the hydrogen spectrum in Fig. 33G(b), and by the 
sodium absorption spectrum in Fig. 33E. Such regular displays of 
lines as these are called series. 

A common property of all series is the approach of the lines to a 
certain limiting wave-length known as the series limit. In approach¬ 
ing a series limit the lines crowd closer and closer together so that 
there are theoretically an infinite number of lines before the limit is 
actually reached. 

33.6. Series in Line Spectra. It is not beyond the scope of this 
chapter to give a simple explanation of line emission spectra. Each 
spectrum line corresponds to a definite frequency emitted by the free 
atoms in the gas. Just as a tuning fork, when struck a blow with a 
hammer, is set into vibration with its fundamental frequency and 
sends out sound waves with the same frequency, so an atom, by 
analogy, when set into vibration by an electrical discharge emits waves 
with its natural frequency. 

Just as a violin string by a similar analogy, may be set vibrating 
with its fundamental frequency or any one of a set of overtone fre¬ 
quencies, so an atom like sodium or hydrogen may be thought of as 
vibrating with its fundamental frequency or any one of a set of higher 
frequencies resembling overtones. The analogy is a relatively good 
one but is not quite correct since the frequencies of the light waves 
are not harmonics. If they were harmonics the frequency of the sec- 





based upon the assumption that the first line H a is the fundamental 
frequency, so that the first overtone with twice the frequency comes at 
half the wave-length, and the second overtone with three times the 
frequency comes at one-third the wave-length, etc. 

The first successful attempt to obtain a formula which represents 
the hydrogen series was made by Balmer in 1885. Since that time 
these lines have become known as the Balmer series of hydrogen. 
Balmer’s formula is written 


1 = 109,678 (l-i) C3W 

where n is a whole number, 3, 4, 5, 6, . . . etc. If the number 3 is 
substituted for n in the above formula the wave-length X of the first 
line of the series is calculated. Likewise if the number 4 is substituted 
in its place the wave-length of the second line can be calculated, etc. 
When these calculations are carried out, the following results are 
obtained for the first four lines, 

H a X = 0.000065647 cm. red 

X = 0.000048'"'77 cm. blue-green 

H* X = 0.00CT 41 m. blue 

Hi X = C.OOf 41029 cm. violet 
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These wave-lengths as well as those calculated for other lines of 
the series agree exactly with the measured values. Balmer did not 
derive his formula from any theory but simply formulated it from the 
measured wave-length for each series line. 

The wave-lengths of the hydrogen-lines are usually given in ang¬ 
stroms in place of centimeters. Moving the decimal point eight places 
to the right, in each of the above values, gives 

H a X = 6564.7 A 
H, \ = 4862.7 A 

(330 

H T X = 4341.7 A 
H s X = 4102.9 A . . 



Lead. Fluoride (PbF) 



Antimony Fluoride (SbF) 



Fig. 331—Band spectra, (a) and ( b ) taken with a large prism spectrograph of the 
Littrow type, ( c ) taken in the second order from a 21 ft concave reflection grating. 
(After Jenkins.) 


33.7. Band Spectra. All of the line spectra described thus far are 
known to arise from single free atoms in a heated gas. Molecules of 
two or more atoms also give rise to spectrum lines grouped together 
into what are called bands. As shown by the reproductions in Fig. 331 
these bands have the appearance of flutings. 

Each fluting in the spectrum of a diatomic molecule is not a con¬ 
tinuous band but a set of regularly spaced lines. The third photo¬ 
graph in Fig. 331 is a very greatly enlarged picture of a single band 
taken in the second order of a 21 ft grating spectrograph of the type 
shown in Fig. 32H. 

The left-hand edge of the band is called the band head and the 
right-hand side the tail of the band. Note that one line near the band 
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head is missing. The mystery of this missing line is now well under¬ 
stood, for it is the starting point of the band in place of the band 
head, and is called the band origin. The theory of band spectra and 
the present day knowledge of how diatomic molecules emit so many 
frequencies will be taken up in Chapter 35. 

33.8. Relation between Emission and Absorption Spectra. 
When the line emission spectrum of an element is compared with the 
line absorption spectrum of the same element the lines are found to 
coincide exactly. This is illustrated by a small section of the complex 
spectrum of iron in Fig. 33J. The strips (a) and (c), above and 
below, show the emission lines from the hot flame of an iron arc, while 
the middle strip (b) shows the absorption lines resulting from the 
passage of a continuous emission spectrum through cooler iron vapor. 

To give a simple explanation of this we may picture the emission 
of light as due to the motions or vibrations of the electrons in the 
atoms of the source. These moving electric charges give rise to electro- 



Fig. 33J—Emission and absorption spectrum of iron. (After Anderson and Smith.) 

magnetic waves having the same frequencies as the electrons them¬ 
selves. In any source of light only a small percent of the atoms have 
their electrons vibrating at any given time. These few, which we 
refer to as vibrating atoms, are called excited atoms, while those not 
vibrating are called unexcited atoms. 

When yellow light from a sodium arc passes through sodium 
vapor, as in Fig. 3 3D, many individual atoms respond and become 
excited. In becoming excited the atoms have absorbed the incident 
light waves from the beam. This is like the resonance of two tuning 
forks demonstrated in Sec. 15.7. Only when the sound waves from 
the first fork have exactly the same frequency as the second fork does 
the second fork pick up the motions and vibrate. 

In the event that white light is sent through sodium vapor, only 
those light waves having frequencies equal to the natural frequencies 
of the atoms are absorbed. This is the explanation of the series of 
absorption lines in Fig. 33E. Again, when white light passes through 
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iron vapor, only those light waves having frequencies equal to the 
natural frequencies of iron atoms are absorbed. 

Although those atoms which are set into vibration by absorbing 
light from the beam emit the light again a small fraction of a second 
later, their chance of emitting it in some one direction is equally 
probable for all directions. Very little of this re-radiated light is there¬ 
fore given out in the forward direction, parallel with the incident light. 

33.9. The Discovery of Deuterium. The discovery of a hydrogen 
isotope of mass 2 was made by H. C. Urey, an American physicist, 
in 1932. R. T. Birge and D. H. Menzel, several months previous to this 
had suggested the existence of this hydrogen isotope as a possible 
means of explaining certain discrepancies in atomic weight determina¬ 
tions. Urey and Brickwedde set about the specific task of searching 
for such atoms to see if they really existed. 

After several unsuccessful attempts the rare atoms were first 
detected by a close examination of the spectrum lines from a hydrogen 
discharge tube (see Fig. 33G), particularly the strong red line H„ of 
the visible spectrum. After a very long exposure with a photographic 
plate this line was observed to have a very faint component line 
close by. The distance of this faint component was previously calcu¬ 
lated from the Bohr theory of hydrogen (see Chap. 35), and because 
the newly-found component in every photograph appeared exactly 
where it was calculated to be, there could be no doubt of the existence 
of hydrogen atoms of mass 2. The faintness of the component line 
to the regular H a line showed that in ordinary hydrogen gas only one 
out of every 4000 atoms is of the heavy kind. 

An effective means of concentrating the heavier hydrogen atoms 
into an almost pure state was first developed by G. N. Lewis. Hydro¬ 
gen gas containing atoms and molecules of the heavy kind only is now 
called deuterium, while a single atom is referred to as a deuteron. The 
chemical symbol for deuterium or a deuteron is iH 2 , or D. 

Heavy hydrogen which has combined with oxygen to form water 
molecules, H 2 20, is called heavy water. The reason for calling it this 
is that the latter weighs 11 percent more than ordinary water. The 
two kinds of molecules have masses of 18 and 20, respectively. 
H 2 O = 1 -f- 1 -j- 16, and H 2 20 == 2 —|— 2 -|— 16. Heavy water is clear 
and has almost the same physical properties as ordinary water. For 
the discovery of heavy hydrogen Urey was granted the Nobel Prize 
in chemistry for the year 1934. 
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QUESTIONS 

1. Name the four classes of spectra and give an example of each. Explain the 
nature of the source in each case. 

2. What effect does the temperature of a source have upon spectrum lines? 

3. Make a diagram representing each of the following types of spectra: (a) a 
complex spectrum, (b) a series, and (c) a band spectrum. 

PROBLEMS 

1. Calculate to four figures the wave-length of the fifth line of the Balmer 
series of hydrogen. 

2. Calculate to four figures the wave-length of the series limit of the Balmer 
series of hydrogen. 




Chapter 34 m The Photoelectric Effect 

The photoelectric effect was discovered by Heinrich Hertz in 1887 
when he observed that ultraviolet light, falling on the electrodes of a 
spark gap, caused a high voltage discharge to jump greater distances 
than when it was left in the dark. One year later Hallwachs made 
the important observation that ultraviolet light falling on a negatively 
charged body caused it to lose its charge, whereas a positively charged 
body was not affected. Ten years later J. J. Thomson and P. Lenard 
showed independently that the action of the light was to cause the 
emission of free negative charges from the metal surface. Although 



Fig. 34A—Experimental arrangement for demonstrating the photoelectric effect. When 
the glass plate is inserted the effect stops. 

these negative charges are no different than all other electrons it is 
customary to refer to them as photoelectrons. 

34.1. Photoele ctrons. The photoelectric effect in its simplest form 
is demonstrated in Fig. 34A. Light from a carbon arc is focused by 
means of a quartz lens onto a freshly polished plate of zinc metal. 
When the plate is charged negatively, and the light is turned on, the 
gold leaf of the attached electroscope slowly falls. It falls because 
the electrons, under the action of the light, leave the zinc plate at the 
illuminated spot P. When the plate is positively charged the gold leaf 
does not fall, showing that the plate retains its charge. The same 
result of no discharge is observed if the zinc plate is negatively charged 
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and a sheet of glass is inserted as shown in the figure. When the glass 
is removed the gold leaf again falls. Since common glass transmits 
visible and infrared light but not ultraviolet we conclude from the 
latter result that electrons are liberated only by ultraviolet light. This 
is also generally true for nearly all of the known metals. 

A few elements, namely the alkali metals, lithium, sodium, potas¬ 
sium, rubidium and caesium, are exceptions to this, for they will eject 
photoelectrons when visible light falls on them. For this reason the 
alkali metals are often used in the manufacture of photoelectric cells. 

34.2. The Photoelectric Cell. Photoelectric cells are usually 
made by depositing a thin layer of an alkali metal on the inner surface 

alkali 



Fig. 34B—Diagram of a photoelectric cell showing the light beam and electrical connec¬ 
tions necessary for its operation. 

of a small vacuum tube. See Fig. 34B. If the cell is to operate in 
ultraviolet light it is made of quartz, whereas if it is to be used in 
visible light it is made of common glass. The cell must be thoroughly 
evacuated as the oxygen content of the air will combine chemically with 
the active metal layer, contaminating its surface and making it insen¬ 
sitive to visible light. A small section of the cell is always left clear 
to serve as a window for the incoming light. Photoelectrons upon 
leaving the metal surface are attracted and collected by the positively 
charged electrode C. The negative charge on the metal film and the 
positive charge on the central collector electrode is maintained at a 
constant potential by the battery B. 
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A beam of light shining through the window of a photoelectric 
cell acts like a switch which completes an electric circuit. When the 
light strikes the metal P there is a flow of electrons to the collector C, 
thus causing a current to flow around the circuit. This current can be 
measured by means of an ammeter at A. If the intensity of the light 
increases the number of photoelectrons increases and the current there¬ 
fore rises. When the light is shut off the photoelectric action ceases 
and the current stops. If the metal film is positively charged the cell 



Fig. 34C— (a) Section of a motion picture film from MGM’s "Spawn of the North," 
showing the single variable density sound track . ( b) Enlarged section of sound track 

from (a), (r) Section of a unilateral variable area sound track . (d) Section of a 

bilateral variable area sound track. 

becomes inactive to light since electrons attempting to leave the plate 
are held back by electrostatic attraction. All of these factors are readily 
demonstrated by a simple electrical circuit arranged as shown in the 
figure. 

34.3. Practical Applications. Talking motion pictures, television, 
and burglar alarms are but three of the hundreds of practical applica¬ 
tions of the photoelectric cell. The simplest of these is the burglar 
alarm in which a beam of ultraviolet light (invisible to the eye) is 
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projected across the room into a photoelectric cell connected as shown 
in Fig. 34B. When an intruder walks through the beam, thus inter¬ 
rupting the light for an instant, the photoelectric current ceases momen¬ 
tarily. An electric relay in place of the ammeter at A in the circuit 
moves, causing another electric circuit to be completed and thereby 
ringing an electric bell. 

During the filming of talking motion pictures a "sound track” is 
produced photographically on the side of the master motion picture 



Fig. 34D—Cross-section of a motion picture projector with sound attachment. 

film. Such sound tracks are shown in Fig. 34C. In strip (a), 
which is just a sample of one of the several kinds of sound tracks, the 
sound vibrations on the stage are converted into electrical vibra¬ 
tions by the stage microphone and then carried over wires to the 
camera taking the pictures. There the electrical impulses are made to 
move one of the jaws of a narrow slit through which a beam of light 
passes to the edge of the film. Loud sounds open the slit wide with 
each vibration, allowing a large amount of light through. 

When the film is developed and positives made for distribution 
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the loud sounds show up as periodic bands with considerable contrast 
as at L in strip (b). The latter strip is an enlarged section of the 
single variable density sound track seen on the right in photograph (a). 
Weaker sounds produce bands with less contrast as at S. Strips (c) 
and (d) are enlarged sections of two other types of sound track used 
in other patented recording systems. 

When a sound film is projected on the screen in the theatre, see 
Fig. 34D, the film for the pictures themselves must of necessity move 
intermittently through the projection system P of the projection ma¬ 
chine. As the film moves downward each picture (frame) stops mo¬ 
mentarily in front of the condensing lenses L and then moves on for 



track. 

Fig. 34E—Detail of sound “pick-up” system of a motion picture projector showing the 
exciter lamp, sound track, and photoelectric cell. 

the next frame. While the film is moving, the light is cut off by a 
rotating shutter S, and while it is at rest the light passes through to the 
screen. Thus the continuous motion seen on the screen is the result 
of a number of still pictures projected one after the other in rapid 
succession. To make this motion seem smooth, and not jumpy, it is 
standard practice to project 24 frames each second. 

To produce the sound a small subsidiary beam of light, shown 
in detail in Fig. 34E, shines through the sound track at a point 25 
frames farther along on the film where the motion is no longer inter¬ 
mittent, but smooth. As the sound track moves through the focus 
line / of the subsidiary light at constant speed the transmitted light 
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falling on the photoelectric cell fluctuates exactly as the sound track 
interrupts it. The photoelectric cell then changes the fluctuating light 
beam into a fluctuating electric current with the same variations. When 
transmitted to the radio amplifier and loudspeaker the fluctuating cur¬ 
rent is changed into sound vibrations. Thus sound vibrations have 
been carried over a light beam from the photographic film to the 
photoelectric cell and then by means of a loud speaker system repro¬ 
duced as sound. 

34.4. The Velocity of Photoelectrons. The first measurements 
of the velocity of photoelectrons led to the very startling discovery 
that the velocity does not increase as the intensity of the light increases. 
Increasing the intensity of the light increases the number of photoelec¬ 
trons but not their velocity. This discovery as we shall see later has 
had far reaching implications in its result, for it has played an impor¬ 
tant role in the development of our modern concepts of light and 
atomic structure. 

Lenard’s experiments performed as far back as 1902 showed that 
to increase the velocity of photoelectrons one must increase the fre¬ 
quency of the light, that is, use shorter wave-lengths. The shorter the 
wave-length of the light used the higher are the velocities of the 
electrons. 

34.5. Einstein’s Photoelectric Equation. Following Planck’s 
idea, see Sec. 32.4, that light consists of tiny bundles of energy called 
photons or quanta, Einstein proposed an explanation of the photo¬ 
electric effect as early as 1905. His ideas are expressed by one simple 
relation, an algebraic equation, destined to become famous in the 
annals of physics. Two Nobel Prizes, one to Einstein in 1921 and 
one to Millikan in 1923, have been granted on this, the photoelectric 
equation, 

hv = W+\mv 2 . (34*) 

The first term hv represents the total energy content of a single 
quantum of light incident on a metal surface, as shown in Fig. 34F. 
The letter h is a constant called Planck’s constant of action which has 
the same value for all light waves regardless of the frequency v. At or 
beneath the surface of the metal this light quantum, better known as a 
photon, is completely absorbed and, in disappearing, imparts its total 
energy to a single electron. Part of this energy W is consumed in 
getting the electron free from the atoms and away from the metal 
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surface, and the remainder is used in giving the electron kinetic energy 
imp 2 , and therefore a velocity. For some metals like platinum the 
energy required to pull an electron away from the surface is large, 
whereas for other metals like the alkalis it is quite small. W is called 
the work function of the metal. 

34.6. Millikan’s Measurement of h. The letter h in Einstein's 
photoelectric equation is important because it is fundamental to the 
structure of all matter and therefore a universal constant. Having first 
been introduced by Planck in 1901, the name Planck’s constant has be¬ 
come firmly attached to this symbol h. The first experimental con¬ 
firmation of Einstein’s photoelectric equation came in 1912, when 
A. L. Hughes, and independently O. W. Richardson and K. T. Comp- 



Fig. 34F—A light quantum (photon), of energy hv, incident on a metal surface ejects an 
electron with a velocity v given by Einstein’s equation. 

ton, observed that the energy of photoelectrons increased proportion¬ 
ately with the frequency. The constant of proportionality they found 
to be approximately equal to a constant, Planck’s constant h. 

Subsequently Millikan carried out extensive experiments which 
established the photoelectric equation so accurately that his work is 
now considered to give one of the most trustworthy values for h. 

To do this is was necessary to measure the three factors v, W, and 
\mv 2 , and calculate h as the unknown quantity in Eq. (34*). A 
schematic diagram of part of Millikan’s apparatus is shown in Fig. 34G. 
Light from a source S and slit T is dispersed by means of a prism, and 
the spectrum is focused on a screen as shown. With a small aperture 
in this screen any desired frequency of light v could be admitted to 
the vacuum chamber through the window H. Photoelectrons from any 
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one of three alkali metals, Na, K, or Li, could be obtained at will by 
turning the wheel R into the required position. 

Previous experiments on the photoelectric effect had shown that 
good results could only be obtained when the metal surfaces were clean. 
By ingenious magnetic devices, operated from outside the vacuum 
chamber, Millikan was able to prepare uncontaminated metal surfaces 
in the vacuum chamber just prior to each set of measurements. By 
rotating R one of the metal blocks could be brought opposite the knife 
N and a thin shaving removed from the front surface. The fresh 



Fig. 34G—Diagram of apparatus used by Millikan in confirming Einstein’s photoelectric 

equation. 


surface was then rotated 180° into a position directly in line with the 
light entering the window. 

For each different frequency of light admitted to the chamber the 
velocity or energy of the photoelectrons had to be measured. This 
was accomplished by collecting the electrons in the cylinder C and 
measuring the accumulated charge by means of a sensitive electroscope 
or electrometer E. By applying a positive potential to the metal block 
through the wire A the electrons would arrive at C with lower speeds 
owing to the retarding action of the charge. The positive charge on the 
Na block, for example, attracts the fast ejected electrons, slowing them 
down. 

The velocity with which the electrons leave the metal can therefore 
be determined by measuring the positive potential V which is just great 
enough to prevent the electrons from reaching C. For this determina- 
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don a well-established equation from the theory of electricity and 
magnetism is used, namely, 

Ve = \mv\ (340 

Since e, the charge on the electron, is known from the "oil-drop’' 
experiment, and V can be measured by a voltmeter, the product of 
the two is a direct measure of the kinetic energy \mv 2 . 

Having made these measurements and calculated the energy for 
different frequencies of light Millikan could plot the results on a graph 
as shown by the dots in Fig. 34H. The point at which the straight 
line intersects the bottom lines determines the threshold frequency vo, 
the frequency for which each incident photon has just enough energy 
hvo to free an electron from the 
metal surface without any left over 
to give it a velocity v, or kinetic 
energy \mv 2 . This energy hv 0 is 
therefore equal to W, the work 
function, 

hv o = W, (340 

and Einstein’s photoelectric equa¬ 
tion, Eq. {34a) can be written 

hv = hv 0 + \rriv 1 . (34/) 

Since every quantity in this equa¬ 
tion except h is determined by experiment, h can be calculated. Millikan 
obtained for the value of this universal constant, 

h = 6.56 X 10“ 20 erg second. (340 

Since the frequency of visible light is about 6 X 1014 vibrations per 
second, the energy in a single photon or quantum of visible light is the 
product of these two numbers or 3.936 X 10“ 12 erg. In other words, 
it would take about 250,000,000,000 photons to do one erg of work. 

It should be pointed out in passing that the photon in ejecting an 
electron from a metal surface as in the photoelectric effect disappears 
completely, i.e., it is annihilated. This is exactly the reverse of the 
process of the production of x-rays, where a high speed electron upon 
hitting a metal target and being suddenly stopped creates and emits 
a photon of high frequency. 



Fig. 34H—Graph showing the energy of 
photoelectrons ejected by light of different 
frequencies. 
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34.7. The Photoelectric Threshold. The photoelectric threshold 
vo is defined as the frequency of light which falling on a surface is 
just able to liberate electrons without giving them any additional 
energy. The meaning of vo, as seen by Millikan’s experiments just 
described, is quite clear; it means that for frequencies lower than vo, 
electrons are not liberated, while for frequencies greater than vo they 
are ejected with a determined velocity. 

The photoelectric threshold for most metals lies in the ultraviolet 
where the frequencies are relatively high. For the alkali metals the 
threshold lies at lower frequencies in the visible spectrum. In other 
words, it takes photons of less energy to free electrons from the alkali 
metals than it does to free them from most other metals. 

34.8. The Mass of the Electron Increases with Speed. In the 
last few chapters we have seen how the electron makes its appearance 
in nearly every phenomenon in atomic physics. Electrons first ap¬ 
peared in Chapter 28 as cathode rays, then in Chapter 29 as the con¬ 
stituents of the atom; next they appeared in Chapter 31 as fi-rays 
ejected by naturally radioactive elements, and here in Chapter 34 they 
are encountered as photoelectrons. That we are dealing with the 
same particles having the same charge in all of these cases there can be 
little doubt. As to their having the same mass, however, there must 
be an explanation. 

Soon after the discovery of the electron by Thomson in 1898 the 
famous Dutch physicist H. A. Lorentz proposed an electron theory of 
matter in which he found it necessary to assume that the mass of an 
electron increases as its velocity increases, according to the following 
equation: 


m 0 



A few years later this same equation was again derived, this time 
by Einstein from his restricted theory of relativity. Although the equa¬ 
tion has been tested most thoroughly with high speed electrons it 
applies to all bodies large or small. The symbol tno stands for the 
mass of a body when at rest, m -for its mass when moving with a velocity 
v, and c for the velocity of light. 

In words, this equation says that as the velocity of an electron (or 
any other body) increases, its mass increases ever so gradually at first 
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and then more rapidly as the velocity approaches the velocity of light. 
Should the velocity of a body be equal to the velocity of light, v in the 
equation becomes equal to c, and the mass m becomes infinite. Since 
this is an impossibility we conclude that no material body, not even 
an electron, can travel with the speed of light. 

To experimentally test the above equation it is necessary to employ 
bodies moving with high speeds. For this purpose Bucherer, Neumann, 
and others performed the very elegant experiment of measuring the 
increased mass of high speed /3-rays from radioactive elements. Some 
|3-rays are known to be emitted with a velocity of 99 percent the velocity 
of light. The apparatus used in these experiments was quite similar to 
that used originally by J. J. Thomson for cathode rays, see Fig. 28F. 

For electrons ejected at very low speeds the mass was found to be 
the same as Thomson’s value 9 X 10 -28 gm, while for the highest 
speeds the mass was several times larger. When the experimentally 
determined masses were compared with the relativity formula, Eq. (34/) 
almost perfect agreement was found. The following values indicate 
the relative increase in mass for any material object when it moves 
with an extremely high velocity. 


velocity - , in percent .. . . 
c 

... 1% 

10% 

50% 

90% 

99% 

relative mass —. 

... 1.000 

1.005 

1.15 

2.3 

7.1 


f»0 


At one percent the velocity of light (1,860 mi/sec) the mass of a 
body is the same as when it is at rest to an accuracy of less than one 
tenth of one percent. At 50 percent the velocity of light, however, 
the mass has increased 15 percent, while at 99 percent the velocity of 
light it has jumped up to over seven times its rest mass. 


QUESTIONS 

1. Explain the phenomenon known as the photoelectric effect. 

2. Write down Einstein’s photoelectric equation and explain the meaning of 
each symbol in it. 

3. What is the photoelectric threshold? Explain. 

4. What is Planck’s constant h, and how is it associated with every light wave? 

5. What is a photon? What is a photoelectron? 

6. Does the mass of an electron always remain constant? Explain. 
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PROBLEMS 

1. If the photoelectric threshold of a given metal lies in the green of the 
visible spectrum, A = 5000 A, and violet light of wave-length 4000/1 falls 
on it, find (a) the kinetic energy of the photoelectrons ejected, (b) the 
velocity of the photoelectrons, and (c) the value of the work function. 

2. Find the relative increase in mass of an electron moving with (a) 75 percent 
the velocity of light, and (b) 999 percent the velocity of light. 



Chapter 35 ‘ The Structure of the Atom 

The continual search of the scientist for some knowledge of the 
ultimate particles into which all matter may be subdivided has led 
within the last fifty years to the discovery of the molecule, the atom, 
and the still smaller element of negative electricity, the electron. These 
discoveries are but the first steps toward solving the age old mystery 
of why all solids large or small hold together and do not fall apart. 
To go farther it has been the task of the physicist to determine the 
structure of individual atoms and the task of the chemist to deter¬ 
mine how these atomic structures combine to form molecules, and 
molecules combine to form solids. 

35.1. Rutherford’s Scattering Experiments. As early as 1903 
P. Lenard sent cathode rays through thin films of metal and measured 
their penetration and absorption in matter. He concluded from his 
experiments that the mass associated with solid matter is not dis¬ 
tributed uniformly throughout the body but is concentrated upon 
myriads of tiny isolated centers which he called dynamids. It was 
for these experiments that he was awarded the Nobel Prize in physics 
in 1905. 

During the following decade Sir Ernest Rutherford, and his col¬ 
laborators H. Geiger and E. Marsden, performed a series of ingenious 
experiments on the scattering of a-particles, the results of which 
implied that the positive charge and mass of every atom is confined 
to a particle smaller than 10~ 12 cm in diameter. Historically this 
marks the beginning of the idea of a nuclear atom proposed formally 
by Niels Bohr several years later. A schematic diagram of the scat¬ 
tering experiments is given in Fig. 3 5A. 

High speed a-particles from the radioactive element radon, con¬ 
fined to a narrow beam by a hole in a lead block L, were made to 
strike a very thin gold foil F. While most of the a-particles go 
straight through the foil as if there were nothing there, some of them 
collide with atoms of the foil and bounce off at some angle. The 
latter phenomenon is known as Rutherford scattering. 
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The observations and measurements made in the experiment con¬ 
sisted of counting the number of particles scattered off at different 
angles 8. This was done by the scintillation method of observation. 
Each a-partide striking the fluorescent screen S produces a tiny flash of 
light, called a scintillation, and is observed as such by the microscope 
M. With the microscope fixed in one position the number of scintilla¬ 
tions observed within a period of several minutes were counted, then 
the microscope was turned to another angle and the number again 
counted for an equal period of time. 

To the surprise of the observers they found far more a-particles 
scattered off at large angles than could be explained by any previ¬ 
ously conceived ideas of the structure of atoms. For every thousand 



© 
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Fig. 35A—Diagram illustrating the Rutherford, Geiger, and Marsden scattering experiment. 


particles scattered at an angle of 30°, for example, ten on the average 
were scattered out at right angles, 8 = 90°, and three were scattered 
almost straight backward, at an angle of 150°. Atomic collisions of 
this kind are not mechanical in the sense that two rubber balls collide 
and due to their elastic properties bounce apart; the forces atoms exert 
on each other at close approach are due to their electric charges. The 
a*particles with their double positive charge are repelled by the ever 
present positive charges in the atom and attracted by the negatively 
charged electrons. 

In the schematic diagram (b) of Fig. 3 5A, a-particles are shown 
passing through a foil three atomic layers thick. Although the nuclear 
atom was not known at the time the experiments were performed each 
atom is drawn in the figure with the positively charged nucleus at the 
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center and surrounded by a number of electrons. Since most of the film 
is free space the majority of the a-particles go through with little or no 
deflection as indicated by ray (1). Other a’s like (2) passing rela¬ 
tively close to an atom nucleus are deflected at an angle of a few de¬ 
grees. Occasionally, however, an almost head-on collision occurs as 
shown by (4) and the incoming a-particle is turned back toward the 
source. 

Repeated experiments with different films made of light and heavy 
elements like copper, silver, and gold showed that the relative number 
of the wide-angled deflections increases with atomic weight. From all 
of these results and numerous calculations Rutherford came to the 
following conclusions: (l) that all of the positive charge of an atom 
is confined to a particle smaller than 10~ 12 cm in diameter; (2) that 
practically all of the weight of an atom is confined to this same par¬ 
ticle; and (3) that the amount of positive charge in atomic units is 
approximately equal to half the atomic weight. 

As an a-particle approaches an atom, as represented by ray (6) 
in diagram (b), it is repelled by the heavy positively charged nucleus 
and deflected in such a way as to make it follow a curved path. The 
magnitude of the repulsive force is at all times given by Coulomb’s 
law, see Eq. (17<*). 



Whatever the force of repulsion may be at one distance r, it becomes 
four times as great at half the distance, nine times as great at one third 
the distance, sixteen times as great at one quarter the distance, etc. 
We see therefore that at very close range the mutual repulsion of the 
two particles on each other increases very rapidly and finally becomes 
so great that the lighter a-particle is turned away. The repelling force, 
still acting, gives the particle a push, causing it to recede with the 
same velocity as that with which it approached. The actual trajectory 
is in every case an hyperbolic orbit with the nucleus at the focus. 

Although an a-particle (at. wt. 4) is light compared with an atom 
of a metal like gold (at. wt. 197) it is 7000 times heavier than a single 
electron. For this reason the electrons surrounding the atomic nucleus 
are pushed to either side as the a-particle goes speeding through and 
they have little effect upon the shape of the trajectory. 

A graph representing the force of repulsion between an a-particle 
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and a positively charged nucleus is illustrated in Fig. 35B. Diagram 
(a) represents Coulomb’s law and shows the rapid increase in force as 
the distance decreases, while diagram (b) represents the rapid rise 
in the potential energy of the a-particle at the same distances away. 



Fig. 35B—Graphs representing the repulsion between a positively charged nucleus 
and an a-particle. (a) Coulomb’s law giving the repelling force F, and (b) potential 
curve giving the energy. 

The potential energy between electric charges is analogous to the 
potential energy of a body in mechanics, for just as we multiply the 
force F by the distance moved d to get potential energy in mechanics 
(see Sec. 6.2) so in electrostatics we multiply the force F by the dis- 



Fig. 35C—Mechanical model of an atomic nucleus for demonstrating Rutherford 

scattering. 


tance r between the charges to get the potential energy V. Multiply¬ 
ing Eq. (35 a) by r, gives 

Potential Energy V — 


The reason for giving this equation, and the potential energy curve 
in Fig. 35B, is that from it an interesting mechanical model for demon¬ 
strating Rutherford scattering can be derived. Such a model is illus¬ 
trated in Fig. 35C, where the circular peak at the right represents the 
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nucleus of an atom and has a form generated by rotating curve (b) 
of Fig. 35B, about its vertical axis at r — 0. 

Marbles, representing a-particles, roll down a chute and along a 
practically level plane where they approach the potential hill. Ap¬ 
proaching the hill at various angles the marbles roll up to a certain 
height and then off to one side or the other. The paths they follow, 
if watched from above, are hyperbolic in shape. Approaching the hill 
in a head-on collision the ball rolls up to a certain point, stops, then 
rolls back again. Thus the potential energy of the a-partide close'to 
the nucleus is analogous to the potential energy of a marble on the 
hillside, and the electrostatic force of repulsion is analogous to the 
component of the downward pull of gravity. In a later chapter this 
same model will be used to demonstrate the disintegration of atomic 
nuclei. 

35.2. Bohr’s Theory of the Hydrogen Atom. In 1913 Niels 
Bohr * proposed a theory of the hydrogen atom which marks the 
beginning of a new era in the history of physics. With his theory Bohr 
not only gave a satisfactory explanation of the Balmer series of hydro¬ 
gen (see Fig. 35G(b)) but a model for the structure of all other 
atoms as well. 

As a young physicist of 27, Bohr became intrigued by Rutherford’s 
scattering experiments and set about trying to construct in his own 
mind a model of the atom which would be consistent with Rutherford’s 
conclusions as stated in the preceding section. 

Since the atomic number of the lighter elements is approximately 
equal to half the atomic weight (see Table 291) Bohr postulated that 
the positive charge carried by every atom is numerically equal to the 
atomic number Z. Hydrogen therefore should have one positive 

* Niels Bohr (1885- ), Danish physicist, was born at Copenhagen, the 

son of Christian Bohr, professor of physiology at the University of Copenhagen. 
After taking his Ph.D. degree at Copenhagen in 1911 he studied for one year 
under J. J. Thomson at Cambridge, and one year under Ernest Rutherford at 
Manchester. Returning to Copenhagen in 1913, with the results of the 
Rutherford scattering experiments fresh in his mind, he worked out and pub¬ 
lished his now famous theory of the hydrogen atom. In 1920 Bohr was 
appointed head of the institute for theoretical physics at the University of 
Copenhagen. In 1921 he was awarded the Hughes Medal of the Royal Society 
ana in 1922 the Nobel Prize in physics. Today he is the most honored Danish 
scientist and the father of a fine family. In 1937 he proposed the waterdrop 
theory of the atomic nucleus, which, at the time this is being written, is meeting 
with considerable experimental confirmation. 
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charge, helium two positive charges, lithium three positive charges, 
beryllium four, etc. 

Since to be neutral every normal atom must contain one electron 
for every unit positive charge, a second postulate was made that the 
number of electrons retained by every natural atom is numerically equal 
to the atomic number Z. 

Starting with what should be the simplest of all atoms Bohr assumed 
that a hydrogen atom, Z — 1, consists of a nucleus with one positive 
charge -f- e, and a single electron of charge — e revolving around it 
in a circular orbit of radius r. See Fig. 35D. Because it is 1840 times 
heavier than the electron the nucleus could be assumed at rest. 


To keep the electron in its orbit and prevent it from spiraling in 
toward the nucleus, or away from it to escape, Bohr next assumed that 
the inward centripetal force E is equal to the inward electrostatic force E. 

_ From Eq. (id) the centripetal force is mv 2 /r, 

/ and from Eq. (35<r)> Coulomb's law, the elec- 

/ y - trostatic force is ee/r-. Equating the inward 

( m—e ?w c centripetal force to the inward electrostatic force 

\ J gives 


llectron orbit 
Fig. 35D—Orbital dia¬ 
gram of the hydrogen 
atom according to the 
Bohr theory. 


05*) 


atom according to the If the atom is to be stable this equality must 
Bohr theory. always hold true. 

At this point in the development Bohr introduced a quantum 
hypothesis similar to the one employed by Planck to explain the 
radiant heat from hot bodies (see Sec. 32.4) and later by Einstein to 
explain the photoelectric effect (see Sec. 34.5). The electron, he 
assumed, cannot move in any sized orbit, stable under the conditions 
of the above equation, but in just certain definite and discrete orbits. 
The sizes of these orbits are governed by Eq. (35£) and the rule that 
2tt times the angular momentum of the electron, mvr, is equal to an 
integer n times Planck’s constant h. 


lirmvr = nit. 


(350 


In this equation n is called the principal quantum number and, 
because it can take only whole number values 1, 2, 3, 4, etc., it fixes 
the sizes of the allowed orbits. To find the radius of these Bohr circular 
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orbits, Eq. (35c) is solved for v, then squared and substituted in Eq. 
(35&) to give, 


nW 

4ir 2 me 2 


0*0 


Putting into this equation the known value of the electronic charge e 
from Millikan’s oil-drop experiment, the electronic mass m from J. J. 
Thomson’s cathode ray experiment, and Planck’s constant h from 
Millikan’s photoelectric experiment, the orbits shown in Fig. 35 E are 
calculated. The innermost orbit has a radius r = 0.000,000,005 cm, 
or 0 . 5 A, and a diameter of 1 A. The second orbit is four times as 
large and the third is nine times, etc. See Fig. 35 E. 



0 S 10 Angstroms 

scale 

Fig. 35E—Scale diagram of the Bohr circular orbits of hydrogen. 


The velocity of the electron when it is in any one orbit can be 
determined from Eq. (35c). In the innermost orbit, n = 1 , the velocity 
v is V 137 th the velocity of light. In the second orbit the speed is only 
half as great and in the third only one third as great, etc. With such 
small orbits and such high velocities the number or revolutions per 
second becomes very high. In the second orbit the frequency comes 
out to be 10 16 revolutions per second. This by comparison with visible 
light is of the same order of magnitude. 

It should be noted that the one and only electron in each hydrogen 
atom can occupy only one orbit at any one time. If the electron 
changes its orbit it must move to one of the allowed orbits and never 
stop in between. 
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35.3. Bohr’s Electron-Jumps. Bohr’s final assumption regarding 
the hydrogen atom concerns the emission of light. Bohr postulated 
that light is not emitted by an electron when it is moving in one of its 
fixed orbits, but only when the electron jumps from one orbit to 
another, as illustrated in Fig. 35F. The frequency of this light, he said, 
is not determined by the frequency of revolution but by the difference 
in energy between the initial and final orbit. 

E' - E" = hv, (350 


where E' is the energy of the initial orbit, E" the energy of the final 
orbit, h is Planck’s constant, and v is the frequency of the light. 

To illustrate this let E\, £2, £3, £4, etc., represent the total energy 
of the electron when it is in the orbits n = 1, 2, 3, 4, etc., respectively. 
When for example the electron is in orbit n — 3 where its energy is 



K=3 


£3, and it jumps to orbit n — 2 
where the energy is £0 (see Fig. 
35F), the energy difference £3 — 
£2 is ejected from the atom in the 
form of a light wave of energy hv 
called a photon. Here then is the 
origin of light waves from within 
the atom. 


Fig. 35F—Schematic diagram of Bohr s The success of Bohr’s theory is 

° f not eo be attributed so much to 
the mechanical picture or model of 
the atom just proposed but rather to the development of an equation 
which agrees exactly with experimental observations. The agreement 
alluded to refers to the frequencies of the spectrum lines observed and 
measured in the Balmer series of hydrogen and Bohr’s theoretically 
calculated frequencies of the same lines. 

The energy of the electron in any one of the allowed circular orbits 
is fixed by the quantum conditions imposed by Eq. (35c), and found 
by Bohr to be 

En ~ !iW ’ 


The minus sign comes from the fact that the electron’s energy is 
greatest when it is in the largest of two orbits. By substituting Eq. (35/) 
in Eq. (35c) the frequency v of an emitted light wave becomes, 
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where n' represents the quantum number of the orbit from which the 
electron jumps and «" represents the quantum number of the orbit 
to which it jumps. 

When the known values of m, e, and h are substituted in the above 
equation it gives exactly the observed frequencies of the Balmer series 
of hydrogen. See Fig. 33G(b). Remembering that in any wave 
motion the velocity of waves equals the frequency times the wave¬ 
length, c — v\ the frequency v can be replaced by c/\ above, and 
there results, 



The evaluation of the factors in front of the parenthesis gives 
109678, the value in Balmer’s formula, Eq. (33 a). 



Fig. 35G—Diagram of the Bohr circular orbits of hydrogen showing the various electron- 
jumps giving rise to the emission of light waves of different frequency. 


Balmer’s complete formula is obtained by setting n" = 2, and 
n / — 3, 4, 5, etc., in Eq. (35 b). The first line of the series H a , at 
6564A, is produced by atoms in which the electron jumps from the 3rd 
to the 2nd orbit, the second line Hp, at 4863A by jumps from the 4th to 
the 2nd orbit, the third line H T , at '4342A, by jumps from the 5th 
to the 2nd orbit, etc. These transitions are illustrated schematically 
by arrows in Fig. 35G. 

35.4. Normal and Excited Atoms. When the single electron of 
an hydrogen atom is in the innermost orbit, » = 1, the atom is said to 
be in its normal state. As the name implies, this is the condition of 
most free hydrogen atoms in a gas under normal room temperature 
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and pressure. If an electrical discharge is sent through a vessel con¬ 
taining hydrogen gas, cathode rays ( electrons ) moving at high speed 
make frequent collisions with electrons, knocking some of them out 
of the atom completely and some of them into one of the outer allowed 
orbits, n = 2, 3, 4, etc. 

When the electron is completely removed from the atom, the atom 
is said to have been ionized; whereas, when it is forced into an outer 
orbit, the atom is said to be excited. Once in an excited state an atom 
will not remain that way long, for the electron, under the attraction of 
the nucleus, will jump to an inner orbit. By jumping to an inner orbit 
the electron loses all or part of the energy it had gained. 

When an electron is excited it does not necessarily return to the 
innermost orbit by a single jump but may return by several different 
jumps. Starting from the 4th orbit, for example, it may return: 



Lyman Series of Hqdroq en 

Fig. 35H—Photograph of the extreme ultraviolet series of hydrogen, predicted by Bohr’s 
theory and first observed by Lyman. 


(1) by three successive jumps from 4 to 3, then 3 to 2, and 2 to 1; (2) 
by two successive jumps from 4 to 2, and 2 to 1, or from 4 to 3, and 
3 to 1; or (3) by one jump from 4 to 1. It takes thousands of excited 
atoms performing the same jump of the electron to register an observ¬ 
able effect on the photographic plate or on the retina of the eye. 

35.5. Bohr’s Newly Predicted Series. Bohr’s orbital model of 
the hydrogen atom not only accounts for the Balmer series of hydrogen, 
but also predicts new series of lines many of which have been observed. 

By substituting n" = 1 and «' = 2, 3, 4, etc., in Eq. (35^) Bohr 
predicted a series of spectrum lines in the extreme ultraviolet region 
of the spectrum. These lines were first photographed by T. Lyman 
of Harvard University, and the wave-lengths were found to check 
exactly with Bohr’s predictions. This series, now called the Lyman 
series, which can only be photographed in a vacuum spectrograph, is 
reproduced in Fig. 35H. On the orbital picture of Fig. 35F the Lyman 
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series of lines arise from electron jumps from any outer orbit directly 
to the innermost orbit, the normal state. 

If in Eq. (35 h), n" is set equal to 3, and «' to 4, 5, 6, etc., the cal¬ 
culated frequencies predict spectrum lines in the infrared spectrum. 
These lines were looked for and observed, exactly as predicted, by 
F. Paschen, and the series is now known by his name. Another series 
of lines arising from electron-jumps ending on orbit n = 4, was pre¬ 
dicted and observed in the far infrared by Brackett. 

35.6. Bohr-Stoner Scheme of the Building Up of Atoms. Bohr 
and Stoner proposed an extension of the orbital model of hydrogen 
to include all 92 of the chemical elements. As shown by the examples 


-r 



neon sodium maqnesium mercury 

Z*lO Z=\t Z=!Z Z=80 

Fig. 351—Bohr-Stoner orbital models for the light and heavy atoms of the periodic table. 

in Fig. 351, each atom is composed of a positively charged nucleus 
with a number of electrons around it. 

Although the nucleus is a relatively small particle less than 10~ 12 
cm in diameter it contains almost the entire mass of the atom, a mass 
equal in atomic mass units to the atomic weight. The positive charge 
it carries is equal numerically to the atomic number, and it determines 
the number of electrons located in orbits outside. A helium atom, 
atomic number Z = 2, has two positive charges on the nucleus and 
two electrons outside. A lithium atom, atomic number Z = 3, con¬ 
tains three positive charges on the nucleus and three electrons outside. 
A mercury atom, atomic number 80, contains 80 positive charges on the 
nucleus and 80 electrons outside. 
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The orbits to which the electrons are confined are the Bohr orbits 
of hydrogen with » = 1, 2 , 3, etc., and are called electron shells. Go¬ 
ing from element to element in the atomic table, starting with hydro¬ 
gen, electrons are added one after the other, filling one shell and then 
another. A shell is filled only when it contains a number of electrons 
given by In-. To illustrate this, the first shell n = 1 is filled when it 

has 2 electrons, the second shell n — 2 when it has 8 electrons, the 

third shell «= 3 when it has 18 electrons, etc. 2 X l 2 = 2 , 
2 X 2 2 = 8 , 2 X 3 2 = 18, etc. 

Quantum number n = 1 n — 2 n = 3 n — 4 n — 5 n — 6 

No. of electrons 2 8 18 32 50 72 

Among the heavier elements there are several departures from the 
order in which the shells are filled. Although these departures are not 
important from the present standpoint their nature is illustrated by the 
mercury atom, Fig. 351. The four inner shells n = 1 , 2 , 3, and 4, are 
entirely filled with 2 , 8 , 18, and 32 electrons respectively, while the 5 th 
shell contains only 18 electrons and the 6 th shell 2 electrons. 

The reasons for such departures are now well understood and are 
indicative of the chemical behavior of the heavy elements. 

It is important to note that as the nuclear charge increases and 
additional electrons are added in outer shells, the inner shells, under 
the stronger attraction by the nucleus, shrink in size. The net result 
of this shrinkage is that the heaviest elements in the periodic table are 
not much larger in diameter than the lighter elements. The schematic 
diagrams in Fig. 351 are drawn approximately to the same scale. 

35.7. The Sodium Atom. Guided by the simple appearing series 
of spectrum lines known to arise from the alkali metals, lithium, 
sodium, potassium, rubidium, and caesium Bohr and Stoner proposed 
that the filling of each new shell of electrons starts with these elements. 
This means that each alkali atom has one electron outside all the others 
and in an orbit by itself. This is illustrated for sodium, atomic number 
Z = 11 , in Fig. 351, and again in Fig. 35J. 

In all normal sodium atoms the outer electron, called the valence 
electron, is located in orbit n — 3. When an electric discharge is sent 
through sodium vapor many of the atoms become excited and subse¬ 
quently emit light waves in a manner similar to the hydrogen atom 
illustrated in Figs. 35 E and 35 F. In each excited atom the valence 



525 


Chap. 35] The Structure of the Atom 

electron is in one of the outer virtual orbits n — 4 , 5 , 6, etc. Jumping 
back to the normal state n == 3 a photon of frequency v is emitted. 

The energy content of each photon is governed by the quantum 
theory expressed by Eq. (35e). A series of jumps from outer orbits 
all ending on the normal state n = 3 give rise to a series of spectrum 
lines as shown in Fig. 33 E. A jump from n = 4 to » = 3 gives rise 
to the first line of the series, a jump from n — 5 to n = 3 , the second 
line of the series, etc. 

The absorption of light by sodium atoms is the reverse process of 
emission. When a light wave or photon of just the correct frequency 
approaches a normal sodium atom it will be absorbed by the atom and 
the energy used to raise the 
outer electron from its normal 
orbit n = 3 to some outer orbit. 

This is a process of excitation 
of atoms by the absorption of 
light. In returning to the nor¬ 
mal state the electron may emit 
the light again. 

35.8. Ionized Atoms. 

When in an electrical discharge 
an atom containing several elec¬ 
trons loses one of its outer elec¬ 
trons, becoming ionized, one of 
the remaining electrons can be excited to an outer orbit and in jumping 
back to its normal state can emit a photon. Similarly, if an atom loses 
two electrons, that is, doubly ionized, one of the remaining outer elec¬ 
trons can be excited to an outer orbit and upon jumping back can emit 
a photon. 

The spectrum lines arising from ionized atoms were observed long 
before their origin was known and were called enhanced lines. En¬ 
hanced lines are characterized by their appearance at high tempera¬ 
tures only. These are lines of the type which, as shown at the bottom 
and left in Fig. 33 F, are intensified in the arc and spark spectrum. 
The lines at the right, which became weak in the arc and spark, are 
due to neutral atoms. 

35.9. The Spinning Electron. If the Balmer series of hydrogen 
or the principal series of sodium is photographed under high magnifi¬ 
cation and resolving power each spectrum line is found to be double. 
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Fig. 35J—Schematic diagram of a sodium atom 
showing the virtual orbits. 
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This fine structure, as it is called, is illustrated by the magnified pictures 
of the first line of both series reproduced in Fig. 35K. 

The reason for this doubling has been definitely associated with 
the spinning of the electron about an axis of its own. See Fig. 35L. 
An extension of Bohr’s quantum theory to the spinning electron stipu¬ 
lates that the axis of revolution S must be parallel to the axis of the 

; I x 

(a) § (b) § 5 


1.59 A 6 A 

Fig. 35K—Photographs of spectrum lines, very highly magnified, (a) Doublet fine 
structure of the red hydrogen line H a . ( b ) Doublet fine structure of the yfcllow sodium 
line, (c) Hyperfine structure of one of the blue lines in the spectrum of praseodymium. 
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orbit L, that is, perpendicular to the plane of the orbit. With this 
restriction there are two possibilities for the electrons behavior, it may 
either spin clockwise or counter-clockwise. If as the electron jumps 
from one orbit to the other it is spinning in the one direction the fre¬ 
quency of the emitted light will be slightly different from that emitted 
by a similar atom with its electron spinning in the opposite direction. 



Fig. 35L—Diagram of the hydrogen 
atom showing the spinning of both the 
electron and the nucleus. 


When each line of the sodium 
doublet, Fig. 35K(b), is examined un¬ 
der still higher magnification it is 
found to be double. This hyperfine 
structure is it is called is due to the 
spinning of the nucleus. Just as the 
orientation of the electron axis affects 
the frequency of the emitted light, so 
also does the orientation of the nuclear 


axis produce its effect. The effects differ in magnitude only, the nuclear 
spin usually producing the finest line-structure. 

In some elements the hyperfine structure of each spectrum line 
is a doublet while in others it may be more complicated. Fig. 35K(c) 
is a photograph of the hyperfine structure of a spectrum line in 
praseodymium, atomic number Z = 59. Fully one hundred lines in 
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the spectrum of this element have the same number of components and 
the same general appearance. 

An analogy between the solar system with its nine planets, and the 
structure of the fluorine atom with its nine electrons is illustrated in 
Fig 35M. Just as the spinning of 
each electron corresponds to the rota¬ 
tion of each planet around its polar 
axis so the spinning of the nucleus 
corresponds to the rotation of the 

sun about its axis. As illustrated by nan 



the numbers at the right in the figure, 
the diameter of the solar system is 
just about as many times larger than 
the height of the average man as the 
atom is smaller. 

35.10. The Origin of X-rays. 
X-rays, like visible light, originate 
from the jumping of an electron from 



The fluorine atom. 


Fig. 35M—Schematic diagram of the 
solar system and the fluorine atom, com¬ 
paring their diameters with the height of 
man. 


one orbit to another. When high speed electrons from the cathode of 


an x-ray tube strike the target they ionize many of the atoms comprising 


the surface layers of the metal. 


Due to their very high speeds (about one tenth the velocity of light) 



Fig. 35N—Schematic diagram illustrating (a) the ionization of an atom by a high¬ 
speed electron and (4) the subsequent jumping of an inner electron with the simultaneous 
emission of an x-ray. 


the electrons penetrate the atoms and remove an electron from the 
inner shells by collision. This is illustrated in Fig. 35N where an 
electron is knocked out of the /C-shell. The designations K, L, M, N, 
O, P, etc., for the various electron shells originated with the x-ray 
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spectroscopist and are identical with the quantum numbers n — 1,2, 3, 
4, 5, 6, etc. When an electron is missing in the innermost JC-shell a 
nearby electron from the next shell beyond jumps into the vacant 
space, simultaneously emitting a photon of energy hv. Such x-rays 
arising from millions of atoms produce the /C-lines shown in Fig. 30J. 

Since the L-shell now has one less electron an M electron can jump 
into the L-shell vacancy, with the consequent emission of another but 
different x-ray frequency. These are the L-lines in Fig. 30J. The 
jumping process continues until the outermost shell is reached, where 
an electron jumping in gives rise to visible light. Thus we see how 
it is possible for a single atom to emit x-rays of different wave-lengths. 

The continuous x-ray spectrum, illustrated by the shaded area under 

the curve in Fig. 30J, is due 
to another phenomenon often 
referred to as "Bremsstrah- 
len.” These radiations are 
due to the slowing down of 
high speed electrons as they 
pass close to the nuclei of the 
atoms within the target of the 
x-ray tube. The process is 
illustrated in Fig. 350. As 
the electron passes through 
the atom it is attracted by the 
positive charge of the nucleus 
and deflected in its path. 

During the deflection of the electron in the strong electric field of 
the nucleus a light wave of energy hv is emitted. Since the law of 
conservation of momentum must hold for such a collision the electron 
is deflected off to one side of the atom and the photon off to the other. 
Since the law of conservation of energy must hold, some of the energy 
of the incoming electron kmv 2 is given up to the newly created photon 
hv, and the remainder \mv' 2 is retained by the electron. Thus the 
electron is slowed down to a velocity v r by the encounter. The closer 
the electron comes to the nucleus the greater is its loss in velocity and 
energy and the greater is the frequency and energy of the radiated 
photon. By the conservation of energy 

\mv 2 — \mv' 2 — hv. 



Fig. 350—Diagram illustrating the production 
of a photon by a high speed electron as it passes 
through an atom close to the nucleus. “Brems- 
strahlen”. 


(350 
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The highest frequency that is possible is one in which the electron is 
completely stopped by the atom. In this special case 

\mv 2 = hv mttX . (35 j) 

It should be remarked in passing that there is no real difference 
between an x-ray and a y-ray; both are light waves of high frequency 
and are therefore the same thing. The only difference between them, 
if any, is that a y-ray often has a higher frequency and therefore a 
higher energy than an x-ray. The two terms are usually used to dis¬ 
tinguish between the methods by which they are produced. 

35.11. The Origin of Band Spectra. Like atoms, the electrons 
associated with molecules are also confined to shells. The innermost 
electrons are usually confined to one atom alone while the outer ones 
are shared with both. When an electrical discharge is sent through 
a gas containing diatomic molecules the outer electrons of some of the 








Fig. 35P—Schematic diagram of the vibration and rotation of a diatomic molecule. 


molecules are not only excited to outer orbits but the molecules as a 
whole are made to vibrate and rotate as illustrated in Fig. 35P. 

The frequency and amplitude of vibration and the frequency of 
rotation is restricted by the quantum theory in much the same way that 
the electrons are restricted to definite orbits in the Bohr atom. In 
other words, a molecule cannot vibrate or rotate with any frequency 
but with certain definite frequencies only. A change from one fre¬ 
quency of vibration to a lower frequency of vibration gives rise to the 
emission of a photon. If at the same time this occurs the rotational 
frequency of the molecule also changes, the frequency of the emitted 
photon will be changed by a small amount. 

Each band of a molecular spectrum, see Fig. 331, is due to one 
particular change in vibrational motion, while all of the lines of that 
band correspond to the different possible rotational changes. If the 
same set of rotational changes occur with a different vibrational change 
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a whole new band is the result. The emission of a set of bands is due 
to the excitation of millions of molecules, where in each one a single 
electron jumps from one definite orbit to another while the vibrational 
and rotational motions of the molecule change in any one of a large 
number of definite ways. 

A whole set of bands is therefore attributed to a certain electronic 
transition, a single band to a certain vibrational transition, and a 
single line in a band to a certain rotational transition. Such assign¬ 
ments as these are not guesswork but are based upon numerous experi¬ 
ments where observations of one kind are checked in every detail with 
the observations of another kind. 

QUESTIONS 

1. Briefly describe the Rutherford scattering experiments, and state what con¬ 
clusions were drawn from the results. 

2. Make a diagram of a hydrogen atom according to Bohr’s theory, and explain 
the conditions under which light is emitted. 

3. Make a diagram representing the virtual orbits of hydrogen and show what 
transitions give rise to (a) the Balmer series, (b) the Lyman series, (c) the 
Paschen series, and (d) the Brackett series. 

4. Make a diagram of a krypton atom, atomic number Z = 36, according to 
the Bohr-Stoner scheme. Show the proper number of electrons in each shell. 
Label the shells. 

5. What effect does the spinning of an electron and the spinning of the atomic 
nucleus have upon spectrum lines? 

6. Diagram a zinc atom, Z = 30, according to the Bohr-Stoner scheme. Explain, 
with the aid of the diagram, the origin of x-rays. 

7. What are "Bremsstrahlen” and how are they produced? 

8. Explain by means of diagrams the origin of a band spectrum. 

PROBLEMS 

1. Find the force in dynes exerted on an a-partide when it is only 1 X 10 “ 12 
cm from the nucleus of a manganese atom, Z = 25. 

2. Calculate the potential energy of an a-particle when it is only 1 X 10“ 12 
cm from the nucleus of a manganese atom, Z = 25. 

3. Calculate the radius of the 50 th Bohr circular orbit of a hydrogen atom. 
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Chapter 36 * Photon Collisions and 
Atomic Waves 


In the preceding chapters we have seen that light waves consist 
of small finite bundles of energy called quanta or photons, and that 
they too, like atomic particles, may be made to collide with atoms of 
one kind or another. This was the case both in the photoelectric 
effect, Chapter 34, and in the production of x-rays, Chapter 30. The 
first part of the present chapter deals with the corpuscular nature of 
light and the last part of the chapter deals with the wave nature of 
atomic particles. 

This last statement suggests a sort of "Dr. Jekyll and Mr. Hyde” 
existence for light waves as well as for atoms. Under some conditions 
light and atoms may both act as though they were waves, while under 
other conditions they may both act like small particles. 

36.1. The Photoelectric Effect with X-Rays. When a beam of 
x-rays is allowed to shine on the surface of a thin sheet of metal, like 
gold, several different phenomena may be observed to take place. 
Acting like waves the x-rays may be scattered at different angles to pro¬ 
duce a diffraction pattern, see Fig. 30 F, or acting like particles they 
may collide with atoms and eject electrons as in the photoelectric effect, 
see Chapter 34. 

Even though a beam of x-rays may contain waves all of the same 
frequency, all of the ejected photoelectrons do not acquire the same 
velocity but are divided into several well-defined groups. These dif¬ 
ferent groups are illustrated schematically by the lengths of the arrows 
in Fig. 36A. 

Careful measurements of the velocities of the photoelectrons, first 
made by Robinson and his collaborators in 1914, have shown that each 
velocity group is to be associated with the various shells of electrons 
within the atoms. The slowest electrons, all with the same velocity v K , 
are ejected from the K-shell, the next faster group with a velocity 
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v L from the L-shell, the next group with a velocity v u from the Al-shell, 
etc. 

The closer an electron is to the nucleus, see diagram (b), the 
greater is the attracting force and the greater is the force and energy 
necessary to liberate it from the atom. The velocity of the electrons 
in each group is given by Einstein’s photoelectric equation, 

hv = w+ *mv 2 (36 a) 

where W, the work junction, is the energy necessary to free an electron 
from any one of the different electron shells. See Sec. 34.5. 

While all of the incident x-ray photons have the same energy hv, 
more energy W will be used in liberating a K electron than there will 
be in liberating an L electron. This being the case, a photon liberating 



Fig. 36A— (a) Photoelectric effect produced with x-rays gives rise to electrons with 
several different velocities. ( b) Detail of an x-ray ejecting an L electron from a heavy 
atom. 


a K electron will have less energy left over for the electron than would 
another photon liberating an L electron from a similar atom. This 
experiment shows as well as one could wish that electrons exist in 
shells within the atom. 

It should be pointed out that the energy W, used up in ejecting 
a photoelectron, is not lost by the atom but is later given out again 
in the form of x-rays of various frequencies. In atoms where a K elec¬ 
tron has been ejected, an L electron may jump into the vacated fC-shell, 
with the simultaneous emission of a K x-ray. This may be followed 
immediately by an M electron jumping into the vacated L-shell and the 
emission of an L x-ray. See Sec. 30.6. 

36.2. The Compton Effect. While making a spectroscopic study 
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of scattered x-rays in 1923 A. H. Compton* discovered a new phenome¬ 
non now known as the Compton effect. After considerable controversy 
with other experimenters Compton proved quite conclusively that an 
x-ray may collide with an electron and bounce off with reduced energy 
in another direction. This is analogous to the collision between two 
billiard balls. 

Compton’s historic experiment is illustrated schematically in Fig. 
36 B. X-rays from a tube T were made to strike one face of a small 
carbon block and scatter out in various directions. With an x-ray 
spectrograph at one side of the block he measured the wave-length 



Fig. 36B—The Compton Effect. ( a) Schematic diagram of Compton’s experiment, and 
( b ) graphs of the x-ray spectrum lines observed with a Bragg crystal spectrograph. 


of the x-rays S scattered in a direction 0. These wave-lengths he then 
compared with those of the incident beam P. 

The comparisons are illustrated by graphs in diagram (b). The 
top curve (1) represents the wave-length X of the x-rays in the beam P, 
before striking the block. The other three curves (2), (3), and (4), 
represent the two wave-lengths, X and X', observed when the spectro¬ 
graph is located at the angles 6 = 45°,Q = 90°, and 0=135°, respec- 

* Arthur H. Compton (1892- ), American physicist, was born in 

Wooster, Ohio, on Sept. 10, 1892. He received the degree of Doctor of 
Philosophy at Princeton University in 1916, and became head of the de¬ 
partment of physics at Washington University in St. Louis, Mo., in 1920. 
In 1923 he discovered the change in wave-length of x-rays when scattered 
by carbon, the phenomenon now known as The Compton effect. In recog¬ 
nition of this important discovery he was awarded in 1927, jointly with 
C. T. R. Wilson, of England, the Nobel Prize in physics. 
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tively. These graphs show that some of the scattered x-rays have 
changed their wave-lengths while other have not. They further show 
the important result that as the angle increases the change in wave¬ 
length of the modified rays M increases. 

To explain the modified wave-lengths M Compton invoked the 
quantum theory of light and proposed that a single x-ray photon acting 
as a material particle may collide with an electron and recoil off as 
though it were a perfectly elastic sphere (Fig. 36C). Applying the law 
of conservation of energy to the collision, Compton assumed that the 
energy \mv 2 imparted to the recoiling electron must be supplied 
by the incident x-ray quantum hv. Having lost energy the x-ray 



Fig. 36C —Vector diagram for the collision between an x-ray photon and an electron. 

The Compton effect. 

moves off in some new direction with a lower frequency v' and energy 
hv'. Applying conservation of energy, 

hv = hv' + \mv 2 . ( 36 £) 

As with two perfectly elastic balls, Compton also applied the law 
of conservation of momentum and derived an equation from which 
he could calculate the change in wave-length X' of the scattered x-ray. 
These calculated changes were found to agree exactly with those 
observed by the experiment. For those x-rays that are scattered at an 
angle of 90°, the observed or calculated change in wave-length amounts 
to 0.243 angstrom and is the same for all x-ray wave-lengths. 

That a beam of light has the equivalent of a momentum mv, and 
can exert a pressure on a wall on which it falls, has long been known. 
According to the quantum theory the momentum of a single photon is 
given by the energy hv divided by the velocity of light c, 

momentum of a photon = —. 


(360 




Fig. 36D—Recoil electrons 
from x-rays passing through the 
air in a Wilson cloud chamber. 
The Compton effect. (After C . T. 
R. Wilson.) 


x-ray 

beam 



Compton’s experiment is considered a proof of this equation. The 
momentum of the x-ray before impact is hv/c, while its momentum 
after impact is hv' /c, and the momentum of the electron of mv. 

36.3. Recoil Electrons from X-Rays. The discovery and early 
observations of the Compton effect were confined to the change in 
wave-length of the scattered x-rays and not to the recoiling electrons 
predicted by theory. Compton’s success is to be attributed to the exact 
agreement he found between the wave-length shift calculated from his 
application of the quantum theory and the values measured by 
experiment. 

The first discoveries of the recoil electrons from the Compton 
effect were made by C. T. R. Wilson, and by Bothe and Becker. The 
existence of these collision products is readily shown by sending a beam 
of x-rays through a Wilson cloud chamber just prior to its expansion. 
The result is a photograph similar to the one reproduced in Fig. 36D. 
The irregular and random shapes of the tracks as well as the relatively 
few drops found along the path are characteristic of electrons as well 
as of /3-rays. 

The short "fish” tracks in Fig. 36D are due to the Compton effect 
and are called "Compton electrons,” while the longer tracks are due 
to the photoelectric effect and are called "photoelectrons.” A certain 
proportion of the collisions between x-ray photons and electrons result 
in the Compton effect, where only part of the photon’s energy is im¬ 
parted to the electron; while another portion results in the photoelectric 
effect, where the photon is annihilated and its entire energy is used to 
eject an electron. 

Tire quantum theory shows that the Compton effect occurs only 
with free electrons or with those only loosely attached to atoms, while 
the photoelectric effect occurs where the electron is more tightly bound 
to an atom. The necessity for these conditions is realized by pointing 
out that in the former case only a part of the photon’s energy is avail¬ 
able, and in the latter case the presence of the atom is necessary to take 
up part of the energy and aid in maintaining the laws of conserva¬ 
tion of energy and momentum. 
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36.4. De Broglie’s Electron-Waves. In 1924 De Broglie, a 
French theoretical physicist, derived an equation predicting that all 
atomic particles have associated with them waves of a definite wave¬ 
length. In other words, a beam of electrons or atoms should under the 
proper experimental conditions act like a train of light waves or a beam 
of photons. The wave-length of these waves, as predicted by De 
Broglie, depends upon the mass and velocity of the particles accord¬ 
ing to the following relation: 

X = “• (36<0 

mv 

This is known as De Broglie’s wave equation. For an electron mov¬ 
ing at high speed the denominator mv is large and the wave-length 
is small. In other words, the faster an electron moves the shorter is 
the wave-length associated with it. 

To acquire some concept of the relative wave-lengths of electrons 
moving with different velocities, several values have been computed 
from De Broglie’s equation and given in Table 361. The velocities 

Tablb 361. Wave-lengths Associated with Electrons Moving with Different 
Velocities According to De Broglie’s Wave Equation 


V /potential\ 

\ in volts / 

v /velocity in\ 
y miles/scc / 

v /velocity \ 

\ in % / 


1 

370 

0.20 

■ 

10 

1,100 

0.62 


100 

3,700 

1.98 

1.22 

1,000 

18,000 

6.26 

0.38 

10,000 

36,000* 

195* 

0.12 

100,000 

100,000* 

54.8* 

0.03 

1,000,000 

175,000* 

94.1* 

0.01 


* These values take into account the increase in mass of the electron due to 
the theory of relativity. 


are listed in miles per second in column 2 and in percent of the velocity 
of light in column 3. The potentials listed in column 1 are the voltages 
required by Eq. (28 h) to give an electron any one of the velocities 
listed in columns 2 and 3. It will be noted that the wave-lengths at the 
center of the last column are approximately of the same order of 
magnitude as x-rays, while those at the bottom correspond more 
closely to X-rays. 
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36.5. The Davisson-Germer Experiment. The first experimental 
proof of the wave nature of atomic particles was demonstrated in 1927 
by two American physicists, C. J. Davisson and his collaborator L. H. 
Germer. Their experiment is illustrated schematically in Fig. 36E. 
Electrons from a hot filament P are accelerated toward an anode P 
where upon passing through a system of pinholes they emerge as a 
narrow beam as indicated. This source acts as an "electron gun” from 



Fig. 36E—The Davisson-Germer experiment. Electrons striking the surface layers of 
a crystal are diffracted at different angles just as if they were waves with a very short 
wave-length. 

which electrons of any desired velocity may be obtained by applying 
the proper potential V. 

Upon striking one of the polished faces of a nickel crystal the elec¬ 
trons, acting like waves, are diffracted off in certain preferred direc¬ 
tions. These preferred directions are located by means of a detector 
in which the electrons are collected and their accumulated charge 
measured. The detector is mounted so that it may be turned to any 
angle 0 and the crystal is mounted so it may be turned about an axis 
parallel to the incident beam. 

With the electron beam incident perpendicular to the crystal surface 
shown in Fig. 36 E, the preferred direction of diffraction for 54-volt 
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electrons was found to be 50°. Under these conditions the surface 
rows of atoms parallel to AB act like the rulings of a diffraction grat¬ 
ing, producing the first order spectrum of 54-volt electrons at 0 = 50°. 
This is illustrated in a cross-section detail in Fig. 36F. The waves 
reflected from one row of atoms M must travel one whole wave-length 
farther than the waves from the adjacent row N. This is the same 
as the Bragg rule for the reflection of x-rays from crystals. Knowing 
the crystal form and interatomic distances from x-ray diffraction studies 
Davisson and Germer calculated the electron wave-length and found 
it to be 1.65A. This value can be verified by the student by drawing a 
right triangle to scale, making the hypothenuse 2.15 units long and the 



Fig. 36 F—Diagram of electron diffraction from the surface layer of a nickel crystal. The 
regular spacing of the atoms acts like a diffraction grating. 


angle PNM = 50°. The side PM will then measure 1.65 units in 
length. 

To compare this experimentally determined value of the wave¬ 
length with that predicted by theory, a simplified formula for X can be 
obtained by bringing together the electron velocity equation Ve = 
itnv 2 , and De Broglie’s wave equation X — h/mv. By substituting 
the known mass of the electron m and Planck’s constant h, the formula 
becomes, 12 2 

X== Vf’ C36 ° 


where, if V is expressed in volts, X will be given in angstroms. 

In the experiment above, the theoretical wave-length of the elec¬ 
trons should be 22 2 

X = = 1.66 angstroms, 

in good agreement with the value 1.65A measured by experiment. 
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36.6. Electron Diffraction Patterns. Experiments analogous to 
von Laue’s x-ray diffraction experiments, see Fig. 30F, were first per¬ 
formed in 1928 by the English physicist, G. P. Thomson, and inde¬ 
pendently by the Japanese physicist, Kikuchi. A schematic diagram of 
their experimental apparatus is given in Fig. 36G. Electrons of known 
velocity from an "electron gun” are projected at the front face of a thin 
metal film or crystal at C. A short distance farther on the diffracted 



Fig. 36G—Experimental arrangement for observing the diffraction of electron waves by 

thin films or crystals. 

electrons strike a photographic plate where they produce patterns of 
the type reproduced in Fig. 36H. 



Fig. 36H—Photographs of electron diffraction patterns demonstrating the wave nature 
of electrons. ( a) 36,000 volt electrons from a thin silver foil. ( After G. P. Thomson.) 
(h) 68,000 volt electrons from a thin mica crystal. ( After Kikuchi.) 

Kikuchi’s photograph (b) was made by projecting 68,000-volt elec¬ 
trons through a thin mica crystal. In this instance we have the exact 
analogue to the x-ray diffraction patterns of Friedrich, Knipping and 
von Laue (see Figs. 30F and 30G). The electrons in passing through 
the crystal are diffracted by the atom centers in such a way that the 
various crystal planes act like mirrors to reflect them the same as they 
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do with x-rays of an equivalent wave-length. Because high speed elec¬ 
trons had to be used to penetrate the crystal, the diffraction spots are 
closer together. The reason for this latter is that the equivalent 
electron wave-length, X = 0.047A, is about one fiftieth of the crystal 
spacing. 

Thomson’s photograph (a) was made with 36,000-volt electrons 
projected through a thin silver foil. Studies of metal foils with x-rays 
show that with proper treatment an entire foil is composed of thousands 
of tiny crystals oriented at random. Each crystal forms its own pat¬ 
tern of spots, some turned at one angle and some at another with equal 
probability. The result of thousands of identical spot patterns turned 
at all possible angles results in the rings shown. The result is the 
same as would be obtained by spinning a spot pattern of a single crystal, 
like phototgraph (b), about its central spot. Due to their discovery 
and to extensive studies of electron diffraction by crystals, C. J. Davis¬ 
son and G. P. Thomson were jointly granted the Nobel Prize in physics 
for 1937. 

36.7. Electron Waves within the Atom. The most recent devel¬ 
opment in the theory of atomic structure has shown that the Bohr 
picture of the atom with sharply defined electron orbits is not correct. 
The new theory does not discard the Bohr theory entirely but only 
modifies it to the extent that the electron does not behave as though 
it were a particle. The electron behaves as if it were made up of 
waves (sometimes called De Broglie waves ) of the type described in 
the previous sections. 

The new theory of the hydrogen atom was worked out indepen¬ 
dently by the two German theoretical physicists, W. Heisenberg and 
E. Schrodinger, in 1925 and was later modified and improved by the 
English theoretical physicist, P. Dirac, in 1928.* Schrodinger, making 
use of De Broglie’s idea of electron waves, pictures the single electron 
in the hydrogen atom as moving around the nucleus as a sort of wave 
packet. This wave packet, as it is called, is formed in somewhat the 
same way that standing waves are set up and maintained in sound 
waves. 

To set up these standing waves, according to Schrodinger, the length 
of the path of an electron around the hydrogen nucleus must be a whole 

* For their contributions to the new theory of atomic structure Heisenberg 
was granted the Nobel Prize in physics for the year 1932, while Schrodinger 
and Dirac were jointly granted the Prize one year later. 



543 


Chap. 36] 'Photon Collisions and Atomic Waves 

number of wave-lengths. Since the circumference of a circle is 2irr, 
and the De Broglie wave-length X = h/mv, the conditions to be satis¬ 
fied by the new theory are 

n — - lirr, (36/) 

where n — 1, 2, 3, etc. This is exactly the condition proposed by Bohr 
in his orbital theory presented in Eq. (35c), since, transposing the 
momentum to the other side of the equation gives lirmvr — nh. It is 
not surprising, therefore, that the new theory also gives exactly the 
Bohr equation, Eq. (35 h), for the wave-lengths, and frequencies, of 
the hydrogen spectrum. 

One method of representing the electron in the atom is to picture 
the electron wave as one having a considerable length so that it extends 
around the entire atom and overlaps itself to set up what are analogous 



to standing waves. These may be illustrated schematically as shown 
in Fig. 361. In the first figure there are two radial nodes, in the second 
four radial nodes and in the third six radial nodes and one spherical 
node. In this representation the electron is not thought of as a particle 
located at some point within the atom but as though its mass and 
charge were spread out symmetrically throughout the space immediately 
surrounding the nucleus of the atom. It is interesting to point out 
that while the Bohr circular orbits were confined to a plane, the wave 
model allows the electron distribution to be three-dimensional. 

Even though the new theory of the hydrogen atom is an improve¬ 
ment upon the older Bohr orbit theory and gives a more satisfactory 
explanation of all known phenomena, it is more difficult to form a 
mental picture of what an atom might look like. Indeed, the modem 
theoretical physicist goes so far as to say that the question "what does 
an atom look like?”, has no meaning, much less an answer. There are 
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others, however, who still maintain that only those things that can be 
pictured are the things that are understood and that all mental thought 
processes are made in terms of things we detect by sight or touch. For 
this reason an interpretation is often given to the theory and its resultant 
equations that the amplitude of the electron waves within an atom 
represents the distribution of the electronic charge and mass. At 
the nodes where the motion is practically zero there is little or no 
charge, while at the loops there is a maximum amount of charge. 

Photographs representing a few of the possible states of the single 
electron in hydrogen are shown in Fig. 36}. These are not pictures of 



Fig. 36J—Photographs illustrating the structure of the hydrogen atom. 

real atoms but are made to represent them. They are made by photo¬ 
graphing a specially designed mechanical top. Where the electronic 
charge density is large the figure is white, and where it is practically 
zero at the nodes it is dark. The three-dimensional distributions can be 
visualized by imagining each figure as rotating about a vertical axis, 
illustrated by the white line in the sixth figure. This particular figure 
in three dimensions would have a shape similar to a smoke-ring. 
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36.8. The New Atomic Picture. Although the Bohr atom has 
been replaced by the more satisfactory model of a nucleus surrounded 
by electron waves, it is still customary, for convenience only, to talk 
about electron shells and orbits. The reason for this is that there is a 
close analogy between the old and new models. "When the Bohr- 
Stoner scheme of the building-up of the elements is extended to the new 
theory of electron waves, the electrons are found to distribute their 
charge in such a way that something analogous to shells are formed. 

This is illustrated by the graph for a rubidium atom, atomic 



Fig. 36K—Diagrams comparing the new and the old theories of atomic structure, accord¬ 
ing to the wave-mechanics and the Bohr-Stoner model. 

number 37, in Fig. 36K. The shaded area above represents the dis¬ 
tribution of the charge of 37 electrons on the new theory, and the lower 
orbital model represents the electron shells on the old theory. The 
new model is represented by a graph because it is spherically sym¬ 
metrical in space, while the old model is represented by orbits because 
it is confined to one plane. Proceeding out from the nucleus it is seen 
that the charge rises to several maxima at distances corresponding 
closely to the discrete K, L, M, N, and O shells of the orbital model. 
In other words, the new atom also has a shell-like structure. 

If we locate the charge of any one electron among all the others, 
say an L electron, its maximum on the new theory model will come at 
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approximately the same distance out as an L electron on the orbit 
model, while some of its charge distribution will overlap the charge 
distribution of the neighboring K - and .M-shells. This is illustrated 
by the dotted lines near the bottom of the upper graph, each curve 
showing the charge distribution of a single K, L, M, and N electron. 

QUESTIONS 

1. Of what significance is the photoelectric effect when performed with x-rays? 
Briefly describe the observations and explain the results. 

2. What is the Compton effect? Briefly explain the phenomenon. 

3. What are De Broglie waves? Write down the De Broglie wave equation and 
explain what it means. 

4. What was the Davisson-Germer experiment? What was observed and what 
conclusions were drawn? 

5. In what way does the new theory of the atomic structure (a) resemble, and 
(b) differ from the older Bohr-Stoner model of electron orbits and electron 
shells? 

PROBLEMS 

1. Calculate the equivalent wave-length of an electron moving with one quarter 
the velocity of light. 

2. Calculate the wave-length of an electron moving with a velocity of 60 miles 
per hour. 

3. Calculate the wave-length of a helium atom moving with a velocity of 
36,000 mi/sec. 

4. Plot a graph of electron velocity vs. electron wave-length for the values given 
in the last two columns in Table 361. 

5. If a potential of 6100 volts is applied to an electron gun, what is the equiva¬ 
lent wave-length of the electrons ejected? 





Chapter 37 ' Cosmic Rays 

Karl K. Darrow has described the subject of cosmic rays "as 
unique in modern physics for the minuteness of the phenomena, the 
delicacy of the observations, the adventurous excursions of the ob¬ 
servers, the subtlety of the analysis, and the grandeur of the infer¬ 
ences." * It is impossible for anyone to say when and by whom cosmic 
rays were first studied. From the time of the discovery of radio¬ 
activity by Becquerel in (1898) and the discovery of radium by the 
Curies but a few months later the radioactive rays from the ground 
and air have been investigated by many scientists. Extending over a 
period of some twenty years these investigations have eventually led 
to the full realization that there are rays coming into the earth from 
outer space. 

37.1. Early Experiments. It has long been known that a charged 
electroscope, if left standing for some little time, will discharge re¬ 
gardless of how well the gold leaf is insulated. Realizing that the rays 
from radioactive materials can be stopped by a sufficient thickness of 
heavy matter, Rutherford and Cooke (in Canada, 1903) surrounded 
an electroscope with a thick wall of brick and found very little decrease 
in the rate of discharge. McLennan and his co-workers (also in Can¬ 
ada) lowered an electroscope into a lake hoping that the thick layer of 
water would screen off the rays. This experiment like the other failed. 
In 1910 Glockel, with an electroscope, rose nearly 3 miles in a balloon 
in order to get away from the ground radiation, but to his astonish¬ 
ment he found that the rate of discharge did not decrease but increased 
the higher he went. The same effect was observed by Hess (in Austria, 
1911) and Kolhorster (in Germany, 1914). Rising to heights as great 
as five and one half miles, both of these observers independently found 
that the intensity of these unknown rays became more intense the higher 
they went. Because in one of his scientific publications concerning 

* This quotation is from a monograph on cosmic rays by Karl K. Darrow, 
American pliysicist and contemporary writer of modem physics at the Bell 
Telephone Laboratories. 
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these results Hess suggested the possibility that some kind of pene¬ 
trating rays were entering the earth’s atmosphere from outer space, 
he is usually credited with the discovery of cosmic rays. For this rea¬ 
son he was granted the Nobel Prize in physics for the year 1936. 

37.2. Millikan and Bowen’s Discovery. Soon after the World 
War (1922), R. A. Millikan, with the help of I. S. Bowen, constructed 
several small self-recording string electroscopes. Making use of their 
war-time experiences with sounding balloons, they sent these electro¬ 
scopes high into the stratosphere by fastening each one to two sound¬ 
ing balloons. As shown in Fig. 37A the string electroscope E consists 
of two gold-covered quartz fibers insulated and mounted with their 



Fig. 37A—Diagrams of one of the sensitive electroscopes sent up into the strato¬ 
sphere by Millikan and Bowen to measure cosmic rays, (a) Schematic diagram, ( b) 
scale drawing of entire instrument only 6 inches high. 


ends together. When they are charged the fibers spread apart due 
to mutual repulsion, and as they discharge they slowly come together. 

Daylight, passing through a narrow vertical slit S in the instrument 
case, casts a shadow of the center section of the fibers on a rotating disk 
D containing a photographic film. As the film turns slowly and the 
fibers come together they leave a double trace as indicated in the 
diagram. On the same film a small oil manometer recorded the height 
of ascent and a small thermometer recorded the temperature. The 
film was driven by a watch W, the whole apparatus weighing only 
7 oz. On one of the best record flights only one of the balloons burst 
at a height of ten miles and the other brought the instruments safely 
to earth. Like the earlier results obtained by other experimenters, 
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Millikan and Bowen found the ionization to increase with increasing 
altitude. After extending the observations of previous workers to 
higher altitudes Millikan and Bowen became convinced, and announced 
their belief, that the rays were coming from interstellar space. 

37.3. The Penetration of Cosmic Rays. In order to determine 
the nature of the new rays Millikan and his co-workers, Otis, Cameron, 
and Bowen, in the fall of 1922, began an extensive study of the pene- 



Fig. 37B—Illustrating the lowering of self-recording electroscopes into deep snow-fed 
lakes to measure the absorption of cosmic rays by the water. 

trating power of cosmic rays. Since cosmic rays penetrate our atmos¬ 
phere of many miles of air, how far might they penetrate beyond ? 

Self-recording electroscopes were lowered to various depths in 
snow-fed lakes as illustrated schematically in Fig. 37B. Measure¬ 
ments taken at Arrowhead Lake in Southern California (at an elevation 
of 5100 ft) agreed approximately with those taken at Muir Lake near 
Mt. Whitney (at an elevation of 11,800 ft), provided one took into 
account the increased air path for the lower elevation. The extra 
mile and a quarter of air is equivalent in weight to 6 ft. of water. As 
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cosmic rays penetrate deeper and deeper below the surface of water 
their number decreases, until at a depth of 100 feet the intensity is 
reduced to about one ten thousandth of that at the surface. With very 
sensitive electroscopes cosmic radiation capable of penetrating 2000 ft 
of water has more recently been detected. This is a far greater pene¬ 
trating power than that possessed by any known x-rays, or y-rays from 
radioactivity. 

From the rate of decrease in cosmic ray intensity with depth Millikan 
concluded that the rays coming into the earth from outer space are 
high frequency light rays (gamma rays of high energy). Although this 
turns out to be incorrect, Millikan’s work attracted so much attention 
and was given so much publicity that many other workers entered this 
field of research and experimentation. 

ionized 



Fig. 37C—Diagram of a Geiger counter, quite commonly used to detect cosmic rays. 

^/a. The Geiger-Mueller Tube Counter. There are in general 
three methods of observing and measuring cosmic rays (a) with an 
electroscope, (b) with Geiger-Mueller tube counters, and (c) with a 
Wilson cloud chamber. The second of these devices has not yet been 
described. 

The Geiger-Mueller tube, named after its inventors, is one of the 
simplest electrical instruments ever designed, see Fig. 37C. It consists 
of an open-ended copper cylinder from one to five inches long fitted 
inside a thin-walled glass cylinder with a fine tungsten wire stretched 
along the middle. After the tube has been partially evacuated (a 
pressure of from 5 to 10 cm of mercury is convenient) a potential of 
about 1000 volts is applied, the positive to the center wire and the 
negative to the cylinder. 
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S i 


When a single cosmic ray or high speed particle from a radioactive 
source goes through a Geiger-Mueller tube, ions are created by the 
freeing of electrons from air molecules. These freed electrons are 
attracted by the positively charged wire and move toward it, acquiring 
within a very short distance a high velocity of their own. Due to this 
velocity they, too, can ionize other atoms, thus freeing more electrons. 
This multiplication of charges repeats itself in rapid succession, pro¬ 
ducing within a very short interval of time an avalanche of electrons 
toward the central wire. This sudden surge of charge is equivalent 
to the flow of a small current impulse along the electrical circuit. When 
this current has been intensified by an amplifier it may be made to 
operate an electric switch, a radio loud speaker, or any kind of an 
electrical device. 

Quite frequently the impulses 
of a Geiger-Mueller tube are 
made to operate a small counting 
device. Each cosmic ray passing 
through the tube is therefore 
counted automatically. The num- .j. 
ber of counts received per second ( • ! 
depends upon the size of the ' ' 

counter tube. An average-sized 
tube one inch in diameter and 
several inches long, at sea level, Fig 37D—Diagram of two Geiger counters. 

gives from 50 to 100 counts per te i e scope. 
minute. 

37.5. Directional Effects. To observe the direction of the greatest 
cosmic ray intensity a cosmic ray telescope is used. Such a telescope is 
made by connecting two or more Geiger-Mueller tubes in coincidence, 
and mounting them on a common support some distance apart. Tubes 
in coincidence are so connected electrically that a current will flow in 
the accompanying electric circuit only when both tubes discharge at 
the same time. When the tubes are set above the other as shown in 
Fig. 37D(a) a single cosmic ray on going through both cylinders will 
cause a current to flow and a count to be made. If, however, a ray goes 
through one and not the other no count is recorded. Experiments at 
sea level show that when the telescope is mounted in the horizontal 
position (b) few counts are made, whereas mounted in a vertical 
direction many more counts are recorded. The interpretation to be 
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made, therefore, is that cosmic rays come principally from overhead. 

As a verification of the telescope method a Wilson cloud chamber 
is frequently inserted between two Geiger counter tubes as shown 
in Fig. 37E and a photograph of each cosmic ray is taken. Thousands 
of such photographs are made automatically by having a single cosmic 

ray take its own picture. This is ac¬ 
complished by allowing the sudden 
electric current from the counter 
tubes, produced by a ray in transit, 
to open and close a camera shutter, 
to cause the cloud chamber to ex¬ 
pand, and to flash a light, illuminat¬ 
ing the fog track that forms. 

In the reproduction of Fig. 37E, 
either one of the two cosmic rays 
would have tripped the electrical de¬ 
vices and taken the picture. It should 
be noted that both rays passed right 
through a one half inch lead plate 
without being deviated. Cloud cham¬ 
ber pictures are not photographs of 
cosmic rays but of the path traversed 
by the rays. 

37.6. The Latitude Effect. Early 
in the study of cosmic ray intensities, 
a controversy arose between R. A. 
+ \ Counter Millikan and A. H. Compton. The 

Fig. 37 E — Wilson cloud chamber measurements made by Millikan and 

photograph of two cosmic ray tracks. , . m . wor |, ers indicated that the 
Mounted between two Geiger tubes con- nis CO-WOrKers indicated tnat tne 

nected in coincidence the cosmic rays are number of COSmic rays arriving at 

“ “ k * their own picture * (Af,er the earth’s surface was the same all 

over the earth. Realizing that if 

cosmic rays were charged particles they would be deflected by the earth’s 

magnetic field, and would therefore not be uniformly distributed over 

the earth, Millikan proposed that the primary cosmic rays entering the 

earth’s atmosphere were high frequency light waves, i.e., photons or 

y-rays. Measurements taken by Compton and his co-workers, on the 

other hand, indicated that the number is not the same, proving, as will 

be shown later, that the primary rays are charged particles. 
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The controversy was settled by Clay, Compton, and others, how¬ 
ever, when measurements were made nearer the equator. Clay and 
his associates, who first observed the latitude effect in 1927, made con¬ 
tinuous measurements from on board a ship plying between Amsterdam 
in the Northern Hemisphere and Batavia in the Southern Hemisphere. 
They obtained a curve similar to that shown in Fig. 37F. The reason 
Millikan did not discover the latitude effect was not because his measure¬ 


ments were wrong. On the contrary they were quite correct, for 
curiously enough the cosmic ray intensity at the latitude of Pasadena 
is the same as it is at other points north of there, and Millikan had 
made no reliable determinations near enough to the equator to have 
observed the decrease. The controversy turned out therefore to be one 
of interpretation of experimental results. Most investigators now 
believe that practically all cos- ^ 

mic rays entering the earth’s N g jj> S 

atmosphere are p o s i t i v e 1 y g; |- /r -x - 

charged particles. The reason dp [ Jr • 

for this will be given later. g ! j 

37.7. The Altitude Ef- ."s ! ! | 

feet. Recent results of balloon i ! I 

l » l | . 

flights into the stratosphere go" 45 ° o° 45 » 90 ° 

have shown that the intensity magnetic latitude 

of cosmic rays increases Up to Fig - 37F—Graph of the intensity of cosmic rays 

, . c c .1 , at various latitudes of the earth's surface. 

a height of from twelve to 

fifteen miles and then decreases again. In 1935 Stevens and Anderson,* 
for example, rose to a height of nearly fourteen miles carrying with 
them, among other scientific instruments, Geiger-Mueller tube counters. 
With these instruments they measured the cosmic ray intensity at various 
altitudes on both their ascent and descent. 


magnetic latitude 

Fig. 37F—Graph of the intensity of cosmic rays 
at various latitudes of the earth's surface. 


The compiled experimental results of various observers taken at 
different elevations are illustrated by the curves in Fig. 37G. Near 
the city of Omaha, at a latitude of 51° N, the maximum is found at a 
height of 15 miles where an intensity 170 times as great as that at 
sea level has been measured. From that altitude to the highest points 
that observations have been made, about 17 miles, there is a gradual 
decrease in total intensity. 


* Capt. A. W. Stevens and O. A. Anderson, National Geographic Magazine, 
Vol. LXIX, p. 693, 1936. 
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The four different curves in the figure show, from altitude measure¬ 
ments made by observers all over the world, that in nearing the mag¬ 
netic equator the cosmic ray intensity decreases at high altitudes as 
well as at sea level. 

37.8. Primaries and Secondaries. Experiments show that prac¬ 
tically all cosmic rays entering our atmosphere are composed of posi¬ 
tively charged particles. These are called primary cosmic rays. A 
primary particle on entering the atmosphere may soon collide with an 
atom, thus giving up some of its energy to knock some part of the 
atom, perhaps an electron, forward. These two high speed particles in 



Fig. 37G—The intensity of cosmic rays increases with altitude up to a height of twelve 
to fifteen miles and then decreases. 


turn collide with other atoms to produce other rays. All of these, with 
the exception of the primary particle, are called secondary cosmic rays. 
One of the most common processes which happens during the collision 
of a high speed particle with an atom, however, is the creation of a 
high frequency, high energy light wave, called a y -ray or photon. The 
process of this creation is the same as the production of the continuous 
x-rays or Bremsstrahlen in an x-ray tube, see Figs. 30J and 350. 
Gamma rays, too, are the result of the incoming cosmic ray primaries, 
and so are included under the head of secondary cosmic rays. At a 
height of some 15 miles about ten to fifteen times as many secondary 
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rays exist as have entered the atmosphere as primaries. At this level, 
where over nine tenths of the earth’s atmosphere still lies below, as 
many rays are observed moving in a horizontal direction as in the 
vertical. From the picture presented in Fig. 37H it becomes quite clear 
why the primaries are indistinguishable from the far greater number 
of secondaries. 



Fig. 37H—Schematic illustration of secondary cosmic rays produced from primaries 
entering the earth’s atmosphere. 

At lower altitudes the total intensity decreases since many of the 
secondaries produced above are stopped by collision. In other words, 
so much energy is lost by successive collisions that the energy is grad¬ 
ually absorbed as heat motion by the air molecules. By the time sea 
level is reached the remaining rays consist principally of a few high 
speed secondaries and primaries. Even at sea level some of these have 
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enough energy left to penetrate several hundred, and even several thou- 
sand feet of earth and water. 

It is now quite certain that cosmic ray primaries of various energies 
enter the earth’s atmosphere from all directions and that fifty percent of 
Z m can penetrate not more than one tenth of the way through the 
atmosphere before being completely stopped. Since primaries and 
secondaries are indistinguishable the term cosmic rays is applied to berth 
It should be borne in mind that between collisions of the type indicated 
in Fie 37H each cosmic ray particle is continually being s owe own 
Is it’’plows through” thousands of air molecules, knocking electrons 
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Fig. 371_Illustrating the effect the earth’s magnetic field has upon primary cosmic rays. 

free to produce ions. These are the ions on which fogdrops form, 

revealing the path in a cloud chamber. 

Although v-rays also lose energy by collisions with atoms to pr - 
duce Compton electrons, the y-rays themselves do not leave visible 
tracks in a Wilson cloud chamber. The reason for this is that collisions 
are few and far between and the resulting fogdrops are too far apart. 

37 9 Effect of the Earth’s Magnetic Field. The decrease in 
cosmic my intensity at the earth’s magnetic equator, ** Fig. 37F » 
now explained as being due to the earth s magnetic field. This ^ il¬ 
lustrated in Fig. 371. All charged particles crossing the earth s m g 
netic field are bent in their path by a force which is perpendicular to 
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the direction of the field. The result is that some rays entering the 
earth’s field are deflected back into free space without ever reaching 
the earth’s surface. At the magnetic equator where the magnetic lines 
of force are more nearly perpendicular to the incoming particles the 
deflecting force is a maximum. The curved paths shown in the diagram 
are not confined to the plane of the page. Only those of high energy 
which enter nearly straight down have much chance of ever reaching 
the earth’s surface. 

At the Magnetic Poles, particles coming straight down run nearly 
parallel to the field and experience no deflecting force. These have 
a better chance of getting through to the earth’s surface. The fact that 
the latitude effect increases at very high altitudes shows that the primary 
cosmic rays are charged particles and not photons. The reason for 
believing this is that light waves are not deflected by a magnetic field. 
If the primary cosmic rays were photons the intensity would be uni¬ 
form all over the earth, and the latitude curve of Fig. 37F would be a 
straight horizontal line from the North to the South Pole. The flat 
part of the latitude curve in Fig. 37F is explained as being due to the 
predominating influence of atmospheric absorption. 

37.1CL/T)iscovery of the Positron. The positron, or positive 
electron, was discovered by Anderson in 1932 by photographing the 
tracks of cosmic rays in a Wilson cloud chamber. Under the influence 
of a strong magnetic field applied perpendicular to the face of the 
cloud chamber, positively charged particles should bend to the right 
and negatively charged particles should bend to the left. In order to be 
certain that those bent one way were not all coming from above and 
those bent the other way were particles of the same kind and charge 
coming from below Anderson inserted a block of lead in the chamber 
to slow down the particles. Under these conditions photographs 
similar to the one shown in (a) of Fig. 37J were obtained. Here 
Anderson could be quite certain, from the curvature of the track on 
each side of the lead, that the particle entered from the side shown 
above, for in passing through the lead plate it could only have been 
slowed down and not speeded up. Knowing the direction of motion, 
the direction of the field, and the direction of bending, Anderson con¬ 
cluded that such a particle had a positive charge. Comparing the 
track with well-known electron tracks and alpha particle tracks, he 
concluded that the new particle had about the same mass as the elec¬ 
tron. Later experiments continued to give more positive proof of the 
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existence of a positive electron. Now very strong beams of positrons 
can be produced in the laboratory. 

It should be pointed out here that near sea level most cosmic rays 
come from above, while a few come from other angles and the hori¬ 
zontal and some even from below*. 

37.11. Creation of Electron Pairs. Soon after Anderson’s dis¬ 
covery of the positron the theoretical physicists, chiefly R. Oppenheimer, 



Fig. 37J—Wilson cloud chamber photographs of pair production. A y-ray coming 
dose to the nucleus of an atom produces a pair of electrons, one positive and one 
negative, (a) Discovery of a positron. ( After Anderson.) ( b) Three pairs of electrons 
produced by yrays. (After Anderson.) (c) Pair produced in air by y-rays. (After Lauritson 
and Fowler.) (d) Pair produced in air by y-i&ys from Thorium C". (After Simons and 
Zuber.) 


attempted to calculate the conditions under which a positron might 
exist in nature. An extension of the quantum theory of the electron, 
proposed earlier by P. Dirac, led to the prediction that if a high energy 
photon, i.e., a high frequency y-ray, were to come close enough to the 
nucleus of an atom, the electric field of the nucleus would be strong 
enough to annihilate the y-ray and create in its place a pair of particles, 
an electron and a positron. These two particles, the theory predicts, 
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should have the same mass, and equal but opposite charges. A 
schematic diagram of pair production is given in Fig. 37K. 

Blackett, Anderson, and others looking for such pairs in a cloud 
chamber soon found them exactly as predicted, y-rays, from a radio¬ 
active element like Thorium C", in passing through matter were 
observed to produce pairs of electrons. Three photographs of such 
incidents are shown in Fig. 37J. In (b) three different pairs are seen 
emerging from the points marked X on the lower side of a lead plate, 
and in (c) and (d) a pair is seen having been 
produced apparently in mid-air. As usual 
the y-rays that produced these pairs do not 
show up in the cloud chamber. 

When an electron pair is created, con¬ 
servation of energy and momentum require 
the two particles to move almost straight for¬ 
ward. Without a magnetic field applied to 
the cloud chamber the particles travel side 
by side in almost parallel paths, but with a 
magnetic field the positron bends to one side 
and the electron to the other. 

The reason positrons were not discovered 
earlier in the history of physics is that they 
, do not exist long in the free state. As soon 


nuc, 



electron -f I + positron. 


Fig. 37K— Schematic diagram 
as a positron meets with an electron, the two o{ P air production. A high 

, . energy y-ray passing close to 

are annihilated to produce a y-ray. Among nudeus of an atom is m . 
secondary cosmic rays created in the earth’s nihilated and in its place a pair 
atmosphere, see Fig. 37H, the processes of minu s are created, 
pair production, annihilation, and Brems- 

strahlen, seem to predominate and along with other kinds of col¬ 
lisions continue until the original energy is all transformed into 
heat. 

37.12. The East-West Effect. At sea level and in magnetic lati¬ 
tudes 45-90 degrees the maximum cosmic ray intensity is from the 
zenith, i.e., straight overhead. At and near the magnetic equator and 
at high altitudes, however, this is not the case. Here with a cosmic ray 
telescope (see Fig. 37D) leaned slightly westward from the veritcal 
position a greater count is obtained than when leaned slightly eastward. 
Knowing the direction of the earth’s magnetic field one therefore 
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concludes that the primary cosmic rays entering the earth’s atmosphere 
are positively charged particles. 

37.13. Cosmic Ray Showers. Out of hundreds and hundreds of 
cloud chamber photographs of cosmic rays the experimenter is occa- 



Fig. 37L—Wilson cloud chamber photographs of cosmic ray showers. (The first six 
photographs are reproduced through the courtesy of R. B. Brode and the last three through 
the courtesy of C D. Anderson and the Physical Review.) 


sionally rewarded with a picture of a cosmic ray shower. Instead of 
one or two tracks in the picture in this instance one finds anywhere 
from half a dozen or more to several hundred. As shown by the 
photographs in Fig. 37L most of the tracks of a shower seem to come 
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from one localized region usually within a solid piece of matter like a 
lead plate or the wall of the cloud chamber. 

An extensive study of showers by both the experimental and 
theoretical physicists has led to the conclusion that each shower is 
produced by a single high energy cosmic ray. A charged particle or 
y-ray of very high energy upon entering a solid block of matter where 
atoms are packed very close together carry out the multiple collision 
process illustrated in Fig. 37H. Here within a short distance of one 
or two centimeters of lead enough atoms are encountered to yield many 
secondaries. These secondaries emerging from the lower face of the 
metal result in the observed photographs. In a thin sheet of metal, 
relatively small showers are usually found, whereas with a thick metal 
block showers of many tracks are occasionally photographed. The 
first five photographs in Fig. 37L were taken without a magnetic field 
and the tracks are all straight, while the others were taken with a 
magnetic field. The bending of some tracks to the right and some to 
the left indicates about equal numbers of both positrons and electrons. 

In photograph (a) a single high speed particle is seen to enter the 
lead plate from above and to produce some twenty or more secondary 
particles, each with enough energy to get through and into the air space 
below. In (b) two small showers of particles enter the top surface of 
the lead plate, while a single larger shower emerges from the bottom. 
Apparently one or two of the particles at the center of the one shower 
above have the necessarily high energy to produce the lower shower, 
while the others of lower energy are stopped by the lead. Note par¬ 
ticularly the fanning out of the rays below. In (c) a small shower of 
very high energy particles enters the chamber from above, having 
been produced far above the cloud chamber in a shower producing 
process, probably by a single particle of extremely high energy. As 
some of these secondaries pass through the lead each produces a shower 
of its own. 

In photograph (g) where a magnetic field is applied to the cloud 
chamber three pairs of tracks are visible. In (h) it may be seen that 
roughly half of the particles are negative and the other half are positive. 
Photograph (i) is the result of a shower of low energy y-rays passing 
through the chamber. The y-rays do not show directly but indirectly 
by their production of low speed Compton electrons. (See Fig. 36C.) 
The recoil electrons under the influence of a magnetic field move in 
the arc of a circle. The larger the circle the higher is the velocity. 
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It has been estimated from astronomical measurements of radiant 
energy in free space and in the nebulae that the total energy in free 
space, existing in the form of cosmic rays, is many times greater than 
the energy existing in all other forms combined. Being as near the 
sun as we are here on the earth the major part of the radiant energy 
arriving at the earth’s surface is in the form of light and heat waves. 
While the cosmic ray energy is negligibly small by comparison it must 
be mentioned as a source of energy. 

Recent studies of cloud chamber pictures of cosmic ray tracks have 
indicated the possible existence of charged particles having a mass of 
one to three hundred times the weight of an electron. A track of such 
a cosmic ray particle is shown in Fig. 37L(f). Since they are several 
times lighter than the proton it is now a question of some importance as 
to just where these new particles, now called mesotrons, fit into atomic 
structure. Most recent observations indicate that they, like the posi¬ 
trons, have a very limited existence wherever matter is concentrated. 
The short but wide track just above the lead plate to the left in Fig. 37E 
is probably an a-particle recoiling from some radioactive atom which 
disintegrated at the time the cloud chamber expanded. 

From the curvatures of fog tracks in a magnetic field the kinetic 
energy of individual cosmic ray particles can be calculated. Measure¬ 
ments show that some particles have energies of one billion volts or 
more. Recent studies of cosmic ray showers indicate even higher 
energies; frequently as much as 10 14 volts (one hundred million million 
volts) enter the earth’s atmosphere with a single particle and by multi¬ 
ple collisions produce showers of hundreds of particles over a radius of 
ten feet or more. Where these tremendous energies come from no 
one knows. Several theories, however, have been proposed. One is 
that the earth is negatively charged and attracts positively charged 
particles to it; another is that matter is annihilated in some of the 
well known novae (stars which have suddenly flared up as a tremendous 
explosion). The questions and unsolved mysteries which still exist 
concerning cosmic rays will some day be answered. 
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QUESTIONS 

1. Who was granted the Nobel Prize in physics for the discovery of cosmic 
rays? What did he observe? 

2. Diagram a Geiger-Mueller tube counter and explain how it functions. 

3. How is a cosmic ray telescope made? Diagram. 

4. What is the latitude effect with cosmic rays? How is it explained? 

5. How does the intensity of cosmic rays vary with altitude up to a height 
of 14 miles? How is this explained? 

6. What is the difference between primary and secondary cosmic rays? 

7. Who discovered the positron? How was it discovered? 

8. What is meant by pair production? Explain. 

9. What are cosmic ray showers? How are they produced? 

10. What is believed to be the nature of (a) primary cosmic rays, and (b) sec¬ 
ondary cosmic rays? 



Chapter 38 * Atomic Collisions and 
Nuclear Disintegrations 

The discovery of the disintegration and transmutation of stable 
elements by controlled experiments is attributed to the great experimen¬ 
tal genius, Sir Ernest Rutherford. Outsiders might say the discovery 
was an accident, but to those who knew him well it was the result of a 
long series of well-planned experiments. True, he did not predict 
the phenomenon and then discover it, but his long experience with 
radioactivity and his keen insight enabled him to recognize the mean¬ 
ing and importance of the phenomenon when it was first observed. 
Due credit must also be given to the admirable work of his collaborators 



Fig. 38A—Rutherford’s apparatus used in observing atomic collisions between a-particles 
from radium and the atoms of a gas like hydrogen, helium, nitrogen, oxygen, etc. 

and to experimenters in other laboratories who have since carried the 
work much further. 

38.1. Elastic Collisions Between Atoms. Collisions between 
free atomic particles were first studied by Rutherford with apparatus 
as shown in Fig. 38A. A long glass tube containing a small sample 
of radioactive material R was first thoroughly evacuated by means of a 
vacuum pump and then filled with a gas of known constitution. Alpha 
particles from the radioactive source were then permitted to travel 
through the gas to the other end of the tube where, upon passing 
through a thin aluminum foil to a fluorescent screen S, they could be 
observed as scintillations in the field of view of a microscope M. This 
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is exactly the arrangement used by Rutherford in measuring the range 
of a-particles from different radioactive elements, see Sec. 31.9. 

With air in the tube T and radium C f as a source of a-particles, 
scintillations could be observed with the screen as far back as 
7 cm. With hydrogen in the tube it was found that the distance 
d could be greatly increased. Inserting thicker and thicker aluminum 
foils between F and S in front of the flourescent screen, the range "of 
the particles was calculated to be equivalent to 28 cm of air. The con¬ 
clusion Rutherford drew from this result was that an a-particle occa¬ 
sionally collides with a hydrogen atom, much the same as a large 
ball collides with a lighter one, imparting to it a greater velocity 
and hence a greater penetrating power. Of the many recoil hydrogen 
atoms from collisions with a-particles, some of them have undergone 
"head-on” collisions and go shooting off in a forward direction with 
speeds over half again (more accurately 1.6 times) as fast as the 
a-particle. 



Fig. 38 B—Wilson cloud chamber photographs of collisions between an a-particle and 
(a) an hydrogen atom, (£) a helium atom, and (f) an oxygen atom. (After Rutherford, 

Chadwick, and Ellis.) 


The enormous increase in range is due principally to a higher 
velocity. Each hydrogen nucleus, called a proton, is stripped of its 
orbital electron, and with but a single positive charge, produces fewer 
ions per centimeter path than an a-particle with its double positive 
charge. Curiously enough, protons or a-particles having the same 
velocity would have about the same range. The reason for this is that 
while an a-particle has double the charge of a proton and produces 
more ions per centimeter of its path, tending to slow it down more 
rapidly, it also has four times the mass and therefore four times the 
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energy. Later, in Fig. 38H, we will see that for protons and a-partides 
with the same kinetic energy, the protons have about ten times the 
greater range. 

A more convincing study of s.uch atomic collisions can be made with 
a Wilson cloud chamber. Out of thousands of cloud chamber photo¬ 
graphs of the ion tracks made by a-particles from radioactive elements 
one occasionally observes forked tracks of the type reproduced in 
Fig. 38B. When each of these pictures was taken the cloud chamber 
contained different gases. For photograph (a) the cloud chamber 
contained hydrogen, for (b) it contained helium, and for (c) it con- 




Fig. 38 C—Diagrams of collisions between a-particles and atoms of different mass. 

tained oxygen. Schematic diagrams of these same collisions are illus¬ 
trated in Fig. 38C. Note in (b) that the angle between the two recoil¬ 
ing particles is 90°, a right angle. 

Most elastic collisions between atoms are not "head-on” collisions 
but ones in which the incident particle strikes each other a glancing 
blow. When an a-particle having a mass of 4 units collides with an 
hydrogen atom of 1 unit, the a-particle is deviated only a little from 
its path, while the hydrogen atom nearly always recoils off at quite a 
large angle. This is in agreement with the laws of conservation of 
energy and momentum applied to two perfectly elastic spheres. 

When an a-particle collides with a helium atom both particles have 
the same mass of 4 units each, and the two nearly always glance off at 
right angles to each other. Such is not the case at, or near, a "head-on” 
collision. The laws of mechanics show that for a "head-on” collision 
between perfectly elastic spheres of equal mass, one moving and one at 
rest, the incident particle is stopped by the collision and the second body 
goes on in the forward direction with all of the velocity. 

When an a-particle collides with an oxygen atom having a mass of 
16 units, the oxygen atom recoils to one side with a relatively low 
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velocity and the a-particle glances off to the other side with a high or 
low velocity depending upon the angle of recoil. The oxygen atom 
with its greater mass and charge ionizes more particles per centimeter 
path and therefore leaves a heavier track. 

It should be pointed out that atomic collisions involving such high 
velocities take place between the heavy nuclei of the atoms and are 
little affected by the light orbital electrons. If a nucleus is hit hard by 
a collision it will be partially or wholly denuded of its electrons. 
When it comes to rest it will soon pick up enough electrons to make 
it a neutral atom again. 

38.2. The Discovery of Nuclear Disintegration. Upon repeat¬ 
ing the range experiments illustrated in Fig. 38 A, with a heavy gas in 
the tube T, Rutherford in 1919 made a new and startling discovery. 
When nitrogen gas (atomic weight 14) was admitted to the tube 



Fig. 38D—Illustrating the disintegration of a nitrogen nucleus by a high-speed a-particle. 

scintillations could be observed at a distance of 40 cm or more from 
the source. No such long-range particles had ever been observed 
before. What were these long-range particles? They could not be 
electrons or y-rays, for these are not capable of producing visible scin¬ 
tillations. Rutherford allowed the new rays to pass through a magnetic 
field and from their deflection discovered that they had the mass and 
charge of protons. In other words, the long-range particles were 
hydrogen nuclei. 

Rutherford was not long in coming forward with the correct ex¬ 
planation of the phenomenon. An a-particle, near the beginning of 
its range where its velocity is high, may make a "head-on” collision 
with a nitrogen nucleus and be captured. This capture is then followed 
immediately by a disintegration in which a proton is ejected with high 
speed. The process is illustrated in Fig. 38 D, and the transformation 
can be represented by the following simple reaction. 

a He 4 + 7 N 14 -» ( 9 F 18 ) -» 8 0 17 + iH 1 


( 384 ) 
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When the a-particle with a charge of -j— 2 , and mass 4, collides 
with the nitrogen nucleus with a charge of —|—7 and mass 14, they form 
a single particle with a charge of -f-9 and mass 18. Since an atom 
with a nuclear charge of -|-9 would be expected to have all the chemi¬ 
cal properties of fluorine, atomic number 9 , the newly-formed nucleus 
is labeled 9 F 18 . 

An examination of the table of isotopes, however (see Table I in the 
Appendix), shows that no such isotope exists in nature. The reason 
becomes apparent when it is realized that such a combination of 
particles is not stable. A fluorine nucleus of mass 18 is unstable and 
disintegrates by discharging a proton, a particle with a charge of -f-l 
and a mass of 1 . This leaves behind a residual nucleus with a charge 
of -|-8 and a mass of 17. Under atomic number 8 in the same 
Table I, an oxygen isotope of mass 17 is seen to have been found in 
nature. 

Thus the above disintegration process started with two stable 
nuclei, helium and nitrogen, and out of them was created two new 
stable nuclei, oxygen and hydrogen . This is called a transmutation of 
elements. Because the intermediate step indicates but a momentary 
existence of a fluorine nucleus, 9F 18 , this step is often omitted from any 
discussion of the above process and the disintegration reaction simply 

Wntten 2 He 4 + 7 N 14 -> 8 0 17 + jH 1 . (38*) 

Thus for the first time in the history of science man has realized, 
by controlled experiments, the transmutation of an element from one 
kind to another. Thus too, have the dreams of the Alchemists finally 
been answered; the turning of a base metal into gold is now a reality. 

A similar disintegration occurs when a-particles from radium are 
shot through fluorine gas. Long-range protons are observed much the 
same as in hydrogen. 

2 He 4 + 9 F 18 - i 0 Ne 22 + 1 R 1 . (38c) 

The known constitutents of this disintegration are the first, second, 
and last elements in this reaction, whereas it is the fourth element which 
is predicted as the result of balancing the reaction. Knowing the 
charge and mass of helium, fluorine, and hydrogen, one finds that the 
charge and mass of the residual atom must be 10 and 22 , respec¬ 
tively. Referring to Table I in the Appendix, and atomic number 10 , 
die isotope neon 22 is identified as a known stable atom. 
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Such transformation reactions are like equations and must balance: 
first, the total amount of charge must remain the same, and second, 
the mass numbers must balance. The first of these is accomplished 
by having the sum of the subscripts on one side of the reaction equal 
to the sum of the subscripts on the other side, and the second by having 
the sum of the superscripts the same on both sides. In every known 
atom the subscript, representing the nuclear charge, is the sole factor 
determining the chemical element to which the atom belongs. 

38.3. Chadwick’s Discovery of the Neutron. The discovery of 
the neutron is another example not only of the scientific method but 
of how the mutual collaboration of a number of physicists, working 
for the good of all and making known their methods and results may 
make it possible for someone else to make a new and important dis¬ 
covery. 

In 1932 Bothe and Becker of the German University of Giessen 
bombarded a plate of beryllium metal with a-particles and found that 
a very penetrating kind of rays was given off as a result. Thinking 
that this was another example of disintegration of the type discovered 
by Rutherford, they attempted to identify the penetrating rays as 
protons or other charged particles. Using Geiger tubes as counters 
they measured the penetrating power and from the results concluded 
that the radiation must be composed of high frequency y-rays. This 
experiment, they believed, demonstrated a new kind of transmutation. 
They proposed therefore that an a-particle, colliding with a beryllium 
nucleus, is permanently captured and that shortly afterward the sur¬ 
plus energy is radiated in the form of a y-ray. The transmutation 
which they believed was taking place should be written, 

2 Hc 4 + 4 Be 9 —> gC 13 + 7 -ray. (Incorrect.) (38d) 

Although the y-rays turned out to be real, Bothe and Becker did 
not detect another kind of radiation which is also present and which 
makes this reaction equation, as it stands above, incorrect. 

J. Fredrick Joliot and Irene Curie (daughter of the famous Pierre 
and Marie) repeating these experiments showed that when the pene¬ 
trating radiation was made to pass through a block of paraffin, as 
shown in Fig. 38E, protons with a range of 26 cm in air emerge from 
the opposite side. They, too, assumed the penetrating radiation from 
the beryllium to be y-rays, and they postulated further that upon passing 
through the paraffin the y-rays produce protons by the process of the 
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Compton effect (see Sec. 36.2). Paraffin contains large quantities of 
hydrogen. 

Not satisfied with their conclusions Chadwick repeated the experi¬ 
ments and carefully measured the range of the protons emerging from 
the paraffin block. He then replaced the paraffin by a small chamber 
containing nitrogen gas and measured the range of the nitrogen atoms 
that were energized by the a-particles. A few simple calculations 
then convinced Chadwick that there was something wrong with the 
y-ray explanation of the previous experiments. For one thing, y-rays 
of the same energy could not possibly give both the observed ranges, 
and for another thing, a y-ray capable of explaining the range as a 
Compton recoil would have an unbelievably high frequency and 
energy. 

Chadwick then found, after further calculations, that agreement 
with all experiments could be had if the unknown rays were composed 



Silver plait detector 

Fig. 38 E—The experiment by which Chadwick discovered the neutron. The penetrating 

rays are neutrons and y-rays. 

of particles having the mass of a proton, i.e., a mass of one unit. Since 
the rays did not show tracks in a Wilson cloud chamber he assumed 
they had no charge. Thus the idea of the existence of a new particle, 
now called the neutron, was born. The disintegration taking place 
within the beryllium metal was therefore described by Chadwick as 
follows (see Fig. 38F): 

2 He 4 + 4 ®e 9 6 C 12 + o» l . (380 

The a-particle, 2 He 4 , makes a collision and unites with a beryllium 
nucleus, 4 Be 9 , causing a disintegration; whereupon a neutron, o» l , is 
expelled with high velocity. The residual particle with a charge of 
-j-6 and mass of 12 units is a stable carbon nucleus such as found 
in nature. 

The penetrating rays from the beryllium block in Fig. 38E are 
mostly neutrons which, in bombarding the paraffin block, collide elas- 
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tically with hydrogen atoms, knocking them out on the other side. 
An elastic "head-on” collision between two particles of the same weight, 
like a neutron and proton, finds the entire velocity of one transferred 
to the other; the neutron is stopped and the proton goes on. The 
protons, having a positive charge, can be observed by their tracks in 
a Wilson cloud chamber, while neutrons cannot. 

The reason fast neutrons have such a high penetrating power is 
that they are not slowed down by ionizing atoms as they pass close by 
them. A proton, electron, or a-particle has a charge and can ionize 
atoms by attracting or repelling electrons from a distance, but a neu¬ 
tron without a charge cannot do this. It must make a direct collision 
with another particle to be slowed down or stopped. 

For his discovery of the neutron Chadwick was awarded the Nobel 
Prize in physics for the year 1935. Neutrons can now be produced 



before capture disintegration 


Fig. 38F—Discovery of the neutron. Showing an a-particle captured by a beryllium nucleus 
and the subsequent disintegration giving a high-speed neutron. 

in such intense beams that they are often used in place of x-rays 
wherever radiations of high penetrating power are desired. It is 
interesting to point out that the y-rays detected by Bothe and Becker 
are also given out as a result of the above disintegration. The surplus 
energy available in the transmutation is partly used to create a y-ray 
and the remainder is used to eject a neutron. A further explanation of 
this equation will be given in Sec. 38.7. 

38.4. The Nucleus Contains Neutrons and Protons. Since the 
time of Chadwick’s discovery of the neutron as an elementary particle 
our ideas concerning the nucleus of the atom have had to be modified. 
We now believe that the nucleus contains but two kinds of particles, 
neutrons and protons. Each neutron has a mass of one unit and no 
charge, while each proton has a mass of one unit and a positive charge 
of one unit. This differs from the older idea that the nucleus contains 
protons equal in number to the atomic weight, and enough electrons 
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to neutralize the surplus charge in excess of the amount specified by the 
atomic number. 

Since only the proton has a charge, any given nucleus of atomic 
number Z and mass number M is now believed to have Z protons and 
M-Z neutrons, and that in a neutral atom the number of protons is 
equal to the number of orbital electrons. The nuclear particles of a 
few of the elements of the periodic table are given in Table 381, as 
examples. 


Tablb 381 . Showing the Number of Neutrons and Protons in the Nuclei of a 

Few Elements 


Atom 

Protons 

Neutrons 

Atom 

Protons 

Neutrons 

iH> 

1 

0 

tf 11 

5 

6 

iH 2 

1 

1 

7 n 13 

7 

6 

,He 4 

2 

2 

8 o 16 

8 

8 

»Li* 

3 

3 

nNa 2S 

11 

12 

*Li 7 

3 

4 

2 #Cu M 

29 

36 

4 Bc* 

4 

5 

8 oHg 200 

80 

120 

.Be 10 

4 

6 

82 U 238 

92 

146 


Schematic diagrams of the nucleus of five different atoms are given 
in Fig. 38G. Although the exact arrangement of the particles within 
the nucleus is not known, our present knowledge, although meager, 
makes it possible to say something about their motions and behavior. 



proton. deuteron oc-par tide lithium oxygen 

Z-I Z‘l Z°2 Z-3 Z‘8 

M m J M*2 M‘7 M*16 

Fig. 38G—Diagrams showing the number of neutrons and protons in the nuclei of 

certain atoms. 

It seems fairly certain that the protons and neutrons may be thought of 
as moving about within the nuclear boundary in much the same way 
that gas molecules move about in an enclosed vessel. This is the prin¬ 
cipal subject matter of Chapter 40. There such questions as what holds 
the nucleus together will be considered. 
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38.5. Mass is a Form of Energy. Einstein, in working out the 
theory of relativity, arrived at a number of simple equations concerning 
the nature of the physical world. One of these equations, having to 
do with the increase in mass of a moving object, was presented in 
Sec. 34.8. It is pertinent at this point to consider another of these equa¬ 
tions, since its proof can be demonstrated by, and is needed to explain, 
atomic disintegration experiments. The relation referred to is known 
as Einstein’s mass-energy equation. In its simplest form this equation 
is written, 

E = me 2 , (38/) 

where m is the mass, c is the velocity of light, and E is the energy 
equivalence of the mass. 

This relation would predict that mass can be turned into energy, 
or energy into mass. In other words, mass is a form of energy, for if 
a quantity of mass m could be annihilated a definite amount of energy E 
would be available in some other form. To illustrate this, suppose that 
a one gram mass could be completely annihilated and the liberated 
energy given to another body in the form of kinetic energy. 

E = 1 X 3 X 10 10 X 3 X 10 10 = 9 X 10 20 ergs. (38g) 

In foot pounds of energy this is equivalent to 7 X 10 13 ft lb, or 
enough energy to propel the largest battleship around the world. 

The annihilation of mass then is a source of undreamed of energy, 
but unfortunately no one has yet discovered an efficient method of 
liberating it. Disintegration is one means, however, whereby mass 
can be annihilated or created more or less at the will of the experi¬ 
menter. 

If an atom, a part of an atom, or an electron is annihilated, the 
energy may either be transformed into kinetic energy and given to 
another atomic particle in the form of a velocity or it may appear as 
a y-ray of specified frequency v and energy hv. The phenomenon of 
pair production described in the last chapter on cosmic rays is an 
example of the latter transformation where a y-ray is annihilated to 
produce a positron and an electron, or a positron and an electron com¬ 
ing together are annihilated to make a y-ray. To find the equivalence 
between mass energy, y-ray energy, and kinetic energy all of the 
following quantities are equated to each other. 

E — me 2 = hv — Ve = \mv 2 . (38/&) 
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It is customary among physicists to express each of these energies 
in terms of V in volts. Thus one speaks of a million volt y-ray, a three 
million volt positron, or a 12.5 million volt proton, etc. This ter¬ 
minology is used for convenience only, and is the value of V in the 
above equation which, with the electronic charge substituted for e, gives 
the energy of the y-ray photon, or the moving atomic particle. 

To give several examples, suppose that an electron were to be 
annihilated and we wished to express the liberated energy in volts. 
To calculate V we make use of the equality between the second and 
fourth terms of Eq. (38^), that is 

me 2 = Ve. (38 1 ) 

Substituting the known mass of the electron for m, the known velocity 
of light for c, and the known charge on the electron for e, we obtain a 
voltage of 500,000. (Using the value e = 4.8 X 10“ 10 esu, the value 
of V must be multiplied by 300 to give volts.) 

Annihilation energy of 1 electron =0.5 MEV. (38/) 

This means that if the energy liberated by the annihilation of an 
electron could be given to another electron in the form of kinetic 
energy, that electron would have a velocity equivalent to half a million 
volts. In other words, it would have the same velocity and energy 
as an electron which has been accelerated by a potential of 500,000 volts 
in a tube of the kind shown in Fig. 28J. 

If the theory of pair production is correct then the annihilation of a 
positron and an electron would liberate an energy of one million elec¬ 
tron volts. When experiments are performed to test this, y-rays with 
an energy of half a million electron volts are detected. In other 
words, the annihilation of each pair of particles does not produce a 
single y-ray with an energy of 1 MEV but two y-rays, each with an 
energy of *4 MEV. 

To calculate the frequency of such a y-ray we make use of the 
second and third terms in Eq. (38A), that 

me 2 = hv (38A) 

from which we find v = 1.2 X 10 20 vib/sec. Such a frequency is 
200,000 times that of visible green light and the wave-length about 
two hundredths of an angstrom unit. As a proof of Eq. (38£), 
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experiments show that y-rays of twice this frequency, or higher, will 
produce electron pairs by collision, see Fig. 37 J, whereas those of lower 
frequency will not. 

As a third and last example we may calculate the energy liberated 
by the annihilation of one atomic mass unit , that is, the energy equiv¬ 
alent to one sixteenth the mass of an ordinary oxygen atom. Substitut¬ 
ing the known values of m, c, and e, in Eq. ( 38 /) the following is 
obtained. 

Annihilation energy of 1 mass unit = 931 MEV, (38/) 

or approximately one billion electron volts. 

This is a useful number to memorize, for it is frequently used in 
the following chapter. 

38.6. Atomic Masses are not Whole Numbers. When an 
a-particle collides with the nucleus of an atom and produces a dis¬ 
integration as shown in Fig. 38 D, the total energy before collision 
must be equal to the total energy after collision. To verify this all 
forms of energy involved in the process must be included; namely, 
( 1 ) the kinetic energy of all particles, ( 2 ) the energy of a y-ray if 
one is involved, and ( 3 ) the mass-energy. The latter is necessary since 
disintegration experiments show that the total mass of the two collid¬ 
ing particles is not in general equal to the total mass after disintegra¬ 
tion. To test this change it is necessary that we know the exact masses 
of all atoms individually. 

Recent mass spectrographic measurements by Aston, Bainbridge, 
and others (see Chap. 29) show that the masses of atoms are not 
exactly whole number values as previously suspected and given in 
Table I of the Appendix. A list of the most recent mass determinations 
of some of the lighter elements of the periodic table are given in 
Table 3811. These values are all based upon the oxygen isotope 16 as 
having a mass of exactly 16 . 0000 . 

38.7. Conservation of Energy in Nuclear Disintegrations. To 
illustrate the law of conservation of energy as it applies to nuclear 
disintegrations consider Rurtherford’s first experiment, shown in Figs. 
38A and 38D, where a-partides from radium C' passing through 
nitrogen gas make collisions with and disintegrate nitrogen nuclei. 
The total energy of any two particles before impact will be the sum 
of the masses of the two nuclei, 2 He 4 -|- 7 N 14 , plus their kinetic energy 
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Table 3811. Tabus of Atomic Weights for Isotopes of the Light Elements 


Nucleus 

Atomic 

Weight 

Nucleus 

Atomic 

Weight 

Nucleus 

Atomic 

Weight 

on 1 

1.0090 

jN 8 

13.0100 

wMg 27 

26.9921 

iH 1 

1.0081 

7 N m 

14.0075 

uAl 26 

25.9929 

iH* 

2.0147 

7 n 15 

15.0049 

uAl 27 

26.9899 

iH* 

3.0170 

7 n 16 

16.0110 

uAl 28 

27.9903 

sHe* 

3.0171 

8 o 16 

15.0078 

13 AP 

28.9904 

jHe 4 

4.0039 

gO 16 

16.0000 

i 4 Si 27 

26.9931 

iHe 5 

5.0137 

gO 17 

17.0045 

i 4 Si 28 

27.9866 

jHc* 

6.0208 

8 o 18 

18.0037 

i 4 Si 29 

28.9866 

*Li* 

6.0169 

9 F 17 

17.0076 

i 4 Si 30 

29.9832 

*Li 7 

7.0182 

gF 18 

18.0056 

i 4 Si 31 

30.9862 

»Li* 

8.0251 

9 F 19 

19.0045 

1 6 P 30 

29.9882 

4 Be 8 

8.0079 

,F 20 

20.0060 

uP 31 

30.9843 

4 Bc» 

9.0150 

ioNc 20 

19.9988 

uP 32 

31.9841 

4 Bc 10 

10.0167 

ioNe 21 

20.9997 

i«S 32 

31.9823 

*B l ° 

10.0163 

ioNe 22 

21.9986 

i«S 34 

33.9780 

gB 11 

11.0129 

nNa 22 

22.0002 

17CI 34 

33.9810 

*B 12 

12.0192 

nNa 23 

22.9961 

17CI 35 

34.9803 

«c» 

11.0153 

u Na 24 

23.9974 

17CI 37 

36.9779 

«c > 2 

12.0040 

igMg 24 

23.9924 

17CI 38 

37.9810 

•c 19 

13.0076 

igMg 26 

24.9938 

igA 38 

37.9740 

eC M 

14.0077 

nMg 28 

25.9898 

igA 49 

39.9750 


Ei. The total energy after impact will be the sum of the masses of the 
two nuclei, 8 0 17 and 1 H 1 , plus their kinetic energy £ 2 , or, 

2 He 4 + 7 N 14 + Ei = 8 0 17 + 1 H 1 + E 2 . (38 m) 


It is customary to express the energies E\ and E 2 in mass units or in 
million electron volts, MEV. Now the kinetic energy before impact 
is confined to the a-particle from radium C', which has been meas¬ 
ured and found to be equivalent to 7.7 MEV. Dividing this value by 
931, from Eq. (38/), gives the equivalent of 0.0083 mass unit. Add¬ 
ing mass-energy for both sides of Eq. (38 m), we must obtain the same 

t0ta1 ' 2 He 4 = 4.0040 8 0 17 = 17.0045 


7 N 14 = 

Ei - 


14.0075 

0.0083 


1 H 1 = 
E 2 = 


Total 18.0198 


1.0081 

? 

18.0198 


(38«) 


Simple addition and subtraction shows that to give the proper sum 
for the right-hand column, E 2 must be equal to 0.0072 mass unit. 
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Multiplying by 931 gives, this time, 6.7 MEV as the energy liberated. 
This is the liberated energy utilized in the "explosion” which drives 
the proton and oxygen nuclei apart. 

In general, when an atomic nucleus disintegrates by splitting up 
into two particles, the annihilation energy is divided between them. 
Experiments show that this division takes place according to the 
ordinary laws of mechanics, that the kinetic energies of the two particles 
are approximately inversely proportional to their respective masses. 

0 5 to cm 15 id 



Fig. 38H—Graphs giving the range of protons and a-partides for different initial energies 

in million electron volts. 

When in the above example the available energy is divided between 
an oxygen nucleus of mass 17 and a proton of mass 1, the sO 17 nucleus 
acquires an energy of 0.4 MEV, and the proton an energy of 6.3 MEV. 
A proton with this kinetic energy and velocity has a range of 51 cm 
in air. Recent repetitions of Rutherford’s experiment give measured 
ranges of 48 cm and an energy of 6 MEV, in good agreement with the 
calculation. 

Graphs showing the ranges of protons and a-particles for different 
energies are drawn in Fig. 38H. These two curves are extremely useful 
in disintegration work, for knowing the range of a particle its initial 
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energy becomes known, or knowing the initial energy the range becomes 
known. It is interesting to note that for the same energy a proton has 
ten times the range of an a- particle . 

As a second example in energy balance consider the disintegration 
experiment by which Chadwick discoyered the neutron, see Fig. 38E. 
Including the kinetic energy, Eq. (38e) becomes 

2 He 4 + 4 Be 9 + £1 = 6 C 12 + o* 1 + E 2 . (38*) 

With polonium as a source of projectiles, the bombarding a-particles, 
with a range of 3.8 cm in air, have an energy Ex of 5.3 MEV. Dividing 
by 931 the equivalent mass for Ei -j- 0.0057. Adding mass-energy for 
both sides gives 


2 He 4 = 4.0040 
4 Be 9 = 9.0150 
Ex = 0,0057 
Sum 13.0247 


,C 12 = 12.0040 

o n l = 1.0090 

E 2 = ? 

13.0247 


From these sums we find £2 = 0.0117 mass unit or, multiplying 
by 931,10.8 MEV. 

Repetitions of Chadwick’s original disintegration experiment by 
numerous physicists have since shown that this surplus energy is some¬ 
times used partly to create a y-ray and the remainder given to the re¬ 
coiling neutron and carbon nucleus, and at other times it is all given 
to the recoiling nuclei without the emission of a y-ray. Let us calculate 
for this latter case the energy acquired by the neutron. Dividing 10.8 
MEV between two particles of mass 12 and 1, we divide 10.8 by 13 
and find 0.8 MEV for the recoil carbon nucleus and the remainder of 
10 MEV for the neutron. 

Accurate measurements of the most energetic neutrons from beryl¬ 
lium, bombarded by polonium a-particles, gives nearly 11 MEV, a 
value in good agreement with 10 MEV as calculated. The neutron 
energy is measured experimentally by passing a beam of neutrons 
through paraffin, as shown in Fig. 38E, and measuring the maximum 
range of the protons recoiling in the forward direction. For "head- 
on” collisions the neutrons are stopped and the protons go forward 
with exactly the same energy and velocity. 

Thus by these recent disintegration experiments we discover not 
only that Einstein’s equation expressing mass as a form of energy is 
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correct, but that some types of atomic nuclei represent vast concentra¬ 
tions of latent energy. In the next two chapters we will see that some 
nuclei can each be regarded as a veritable volcano, awaiting only some 
small impulse to bring about a violent eruption. 

QUESTIONS 

1. What was the experiment performed by Rutherford when he discovered the 
disintegration of atomic nuclei? 

2. Diagram and explain the experiment by which Chadwick discovered the 
neutron. 

3. Make a table of the following atoms giving the number of protons and 
neutrons in each nucleus: 6 C 12 , s 0 17 , 10 Ne22, 12 Mg25, 13 AJ29, 14 Si27, 
1S P31, 17 C138, 18 A38, and 18 A40. 

4. Complete the following disintegration reactions: 

2 He 4 + n Na 23 -* ? + 1 H 1 
2 He 4 + 10 Ne 20 ? + 1 H I 

5. Complete the following disintegration reactions: 

2 He 4 + 9 F 19 -» ? + iH' 

2 He 4 + u Si 28 -+ ? + 1 H' 

2 He 4 + 13 A1 27 ~> 15 P 30 + ? 

PROBLEMS 

1. Calculate the mass equivalent to an energy of (a) 5 MEV, (b) 17 MEV, 
(c) 25 MEV, (d) 1.7 MEV, and (e) 1000 MEV. 

2 . If the following mass could be annihilated, how much energy, in million 
electron volts, is created? (a) 0.0010 mass unit, and (b) 0.0293 mass 
unit. 

3. From the known masses of the atoms in the reactions of question 4 above, 
find the energy liberated by each disintegration. Assume the incident energy 
of the a-particle to be 7 MEV. (For nuclear masses see Table 3811.) 

4. From the known masses of the atoms in the reactions of question 5 above, 
find the energy liberated by each disintegration. Assume the incident 
energy of the a-particle to be 7 MEV. For nuclear masses see Table 3811.) 

5. From the graphs plotted in Fig. 38H, write down the ranges of the follow¬ 
ing particles: (a) 5 MEV a-particles, (b) 13 MEV a-particles, (c) 10 MEV 
protons, (d) 5 MEV protons, and (e) 2 MEV a-particles. 

6. If the following mass is annihilated by a nuclear disintegration and fhe 
entire energy is given to a proton, find its range in air at normal atmospheric 
pressure: (a) 0.0125 mass unit, and (b) 0.0024 mass unit. 
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7. If the following mass is annihilated by a nuclear disintegration and the 
entire energy is given to an a-partide, find its range in air at normal 
atmospheric pressure, (a) 0.0142 mass unit, and (b) 0.0051 mass unit. 

8. If an oxygen nucleus of mass 16 were to disintegrate into a carbon nucleus 
of mass 12 and a helium nucleus of mass 4, with the liberation of 1.6 AIEV 
energy, how much of this energy would each particle acquire? 



Chapter 39 * Disintegration and Induced 
Radioactivity 


39.1. The Cockcroft-Walton Experiment. Believing that the 
disintegration of atomic nuclei might be accomplished by using other 
than a-particles as projectiles Rutherford instigated in 1930 the con¬ 
struction of a high voltage direct current generator at the Cavendish 
laboratory. The purpose of this million volt source of potential was to 
accelerate hydrogen nuclei, protons, to high speeds and then cause 
them to strike known substances. In this way he hoped to produce new 
and various kinds of disintegrations. 



Fig. 39A—Schematic diagram of the Cockcroft-Walton experiment. Lithium is disin¬ 
tegrated by 150,000-volt protons. 


Becoming impatient with the relatively slow progress of the project, 
however, Rutherford suggested to Cockcroft and Walton that lower 
voltages be tried in the meantime to see if by chance disintegrations 
might occur. In 1932 Cockcroft and Walton announced that they had 
successfully disintegrated lithium atoms with protons accelerated by 
relatively low voltages. Their apparatus is schematically represented 
in Fig. 39A. 

Electrons from a hot filament F, shooting through hydrogen gas 
in the region of A, ionize many hydrogen atoms. These protons with 
their positive charge are then accelerated toward the other end of the 
tube by a potential V of 150,000 volts. Upon passing through the 
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opening C and a window W, they emerge from the acceleration cham¬ 
ber as a narrow beam of protons. 

This tube, acting as a "proton gun,” is aimed at a target consisting 
of lithium metal. Cockcroft and Walton observed and measured 
a-partides emanating from the metal with a range of 8 cm, an energy 
equivalent to 8.5 MEV. Considering the relatively low energy of the 
bombarding protons of only 0.15 MEV, this is a tremendous release 
in atomic energy. The transmutation taking place here is written as 
follows: 

iH 1 + 3 Li 7 + Ei = 2 He 4 + 2 He 4 + E 2 . (39*) 


This reaction, illustrated in Fig. 39 B, shows a proton, iH 1 , of 
energy £i = 0.15 MEV, entering a lithium nucleus, 3 Li 7 , to form a 

helium. 






unstable 

beryllium 




6.5 ME V 


■ , r . 

| 9.5 MEV 

helium 


Fig. 39B—Disintegration of a lithium nucleus by a proton of 0.15 MEV energy. 
The Cockcroft-Walton experiment. 


new but unstable beryllium nucleus, 4 Be 8 . Being unstable this com¬ 
pact structure of eight particles splits up into two a-particles which are 
driven apart with great violence. Since the measured energy of each 
a-particle is equivalent to 8.5 MEV, each disintegration involves the 
liberation of 17.0 MEV energy. The source of energy is to be found 
in the annihilation of a part of the total atomic mass. 

The loss in mass can be calculated from the table of atomic weights, 
given on page 576. Listing the involved masses in two columns, and 
adding, 
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1 H 1 = 1.0081 

„Li 7 = 7.0182 2 Hc 4 = 4.0039 

Ei = 0.0002 2 He 4 = 4.0039 

8.0265 8.0078 

Ei is the mass equivalent to the energy of the incident proton and 
is obtained by dividing 0.15 MEV by 931, see Eq. (38/). The differ¬ 
ence' between the two sums, 8.0265 — 8.0078 = 0.0187 mass unit, 
represents the loss in mass by the disintegration. When multiplied 
by 931, this gives 17.4 MEV as the liberated energy, a value in good 
agreement with the experimentally determined value of 17.0 MEV. 

It might be thought that such a disintegration as the one described 
above could be used as a source of energy but as yet it has not been 
feasible to do so. While each nuclear collision and disintegration 
liberates at least one hundred times as much energy as that supplied 
to the proton it takes many particles to make a few collisions. In other 
words, only a small percentage of the proton bullets hit the tiny 
nuclear targets as they pass through matter. Most of them are slowed 
down by electron collisions and the ionization of atoms. To a proton 
bullet the lithium nuclei as targets in the lithium metal present an area 
millions of times smaller than the space between them. 

39.2. The Lawrence Cyclotron. At the time Cockcroft and 
Walton were performing their first disintegration experiments, E. O. 
Lawrence,* an American physicist, was developing a new type of 
atomic accelerator which soon attracted the attention of the leading 
physicists the world over. So successful was this "atomic machine gun” 

* Ernest O. Lawrence (1901- ), American experimental physicist. De¬ 

riving his early education in South Dakota, Lawrence obtained the A.B. degree 
at the University of South Dakota in 1922, the master’s degree at Minnesota in 
1923, and the Ph.D. at Yale University in 1925. After two years as National 
Research Fellow he became, at the early age of 26, Assistant Professor of 
Physics at Yale University. The following year he was appointed Associate 
Professor of Physics at the University of California, and in 1930 was made 
full Professor. Having built up the Radiation Laboratory at the same institu¬ 
tion he became its Director in 1936. Receiver of honorary degrees, medals, and 
prizes from various universities, Lawrence was the invited American speaker at 
the Solvay Congress in Belgium in 1933. In 1937 he was awarded the Comstock 
Prize of the National Academy of Sciences, the Cresson Medal of the Franklin 
Institute, and the Hughes Medal of the Royal Society of London. Lawrence 
is a member of the National Academy of Sciences and is noted principally for 
his invention and development of the cyclotron and its application to the pro¬ 
duction of induced radioactivity. It is for these discoveries that he was granted 
the Nobel Prize in 1939. 
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in producing high speed atomic projectiles for disintegration experi¬ 
ments that a new and larger cyclotron was soon constructed and put into 
operation. Now a cyclotron of considerable size occupies a most 
prominent position in nearly all of the leading physics laboratories of 
the world. 

The largest cyclotron yet completed and put into operation is 
located at the University of California, and weighs over two hundred 
tons. This giant machine is capable of producing intense beams of 
protons or deuterons having an energy of 25 million electron volts. 
The purpose of these high speed particles is to subject various known 



to alUrnatinf 

current poles of 

electromagnet 



beam of 
protons 
deuterons 
or cn-particle3 

Fig. 39C—Diagram of the principle elements of the Lawrence cyclotron. 


materials to their bombardment and thus produce disintegrations and 
transmutations of all kinds of atoms. 

Although the operation of a large cyclotron requires an elaborate 
outlay of apparatus and equipment the principles upon which it operates 
are quite simple. The very heart of the instrument, as shown in Fig. 
39C, consists of two short, hollow half cylinders Dj and D 2 , mounted 
inside of a vacuum chamber C between the poles of a powerful electro¬ 
magnet, and connected on the outside to the two terminals of a high 
frequency alternating current generator. It is interesting to point out 
that this generator is really a short wave radio transmitter giving energy 
to the D’s instead of to the antenna. When a trace of hydrogen gas is 
admitted to the evacuated chamber the hot wire filament P ionizes 
some of the hydrogen atoms, producing the protons to be used as atomic 
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bullets. At one particular instant when D\ is charged positively and 
Dz is charged negatively a proton in the neighborhood of F will be 
accelerated toward D 2 . Moving through the strong magnetic field of 
the huge magnet this positively charged particle traverses a circular 
path as shown in the diagram. If after making a half turn the poten¬ 
tial on the D's is reversed so that D\ becomes negatively charged and D 2 
positively charged the proton will be attracted by Di and repelled by D 2 , 
causing it to increase its speed. With added speed it therefore moves 
in the arc of a larger circle as shown. After this second half turn the 



Fig* 39D—Assembly diagram showing the cyclotron D’s and their mounting supports, the 
deflecting plate, and the electrical supply connections. 


potential again reverses, making D 1 positive and D 2 negative, and 
again the proton speeds up. Thus as the potential reverses periodically 
the proton travels faster and faster, moving in ever expanding circles, 
until when it reaches the outer edge it passes through a narrow open 
window W. 

Upon leaving W all protons must pass close to a negatively charged 
plate P where, by attraction, their paths are straightened out and they 
become a beam of projectiles. Whatever substance is to be bombarded 
is then placed in this beam and the disintegrated fragments are studied 
by means of various detecting devices. 
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Perhaps the most interesting and fundamental principle that makes 
the cyclotron work at all is the fact that the time required for a charged 
particle to make half a turn within the D’s is the same for all speeds. 
The faster a particle travels the larger is the circle it must traverse, thus 
keeping the time constant. Hence with a constant frequency of the 
alternating current supply, some particles may be just starting to move 
while others farther out may be moving with high speeds. The result 
is a more or less continuous stream of protons emerging from the win¬ 
dow W. 

If the alternating current voltage applied to the D’s of the cyclotron 
is 200,000 volts, then with each half turn a particle obtains an added 
velocity equivalent to 200,000 volts. If a proton makes fifty complete 
revolutions before leaving the chamber at W it will have acquired a 
velocity equivalent to 200,000 times 50 times 2, or 20,000,000 volts. 
Here, then, is a beam of 20 MEV protons acquired by the application 
of a potential only one hundredth as great. 

When hydrogen in the evacuated chamber is replaced by deuterium 
a beam of high energy deuterons is obtained. Having twice the mass 
but the same charge as protons these particles, for most purposes, are 
found to be more suitable as atomic projectiles. If helium gas is used in 
place of deuterium, many of the atoms become doubly ionized in the 
cyclotron, and because of this emerge from the cyclotron window with 
an energy double that of deuterons and protons. By increasing or 
decreasing the frequency of the potential applied to the D’s and prop¬ 
erly adjusting the magnetic field, various energies of protons, deu¬ 
terons, or a-particles of I MEV and up become available. 

Fig. 39D is a perspective drawing of the D-supports used in the 
220-ton cyclotron at the University of California, a photograph of 
which is reproduced in Fig. 39E. The two large pipes in the .upper 
right-hand side of the photograph inclose the conductors connecting 
the high-powered electrical oscillator housed in the large square box 
above with the telescopic-shaped tubes housing the D-supports below. 
The copper wire forming the two field winding coils, used to energize 
the iron poles of the magnet, are enclosed in the two large circular 
containers below and to the left. The vacuum chamber enclosing the 
D’s is seen in place between these two magnetic poles and field wind¬ 
ings. The frontispiece of this book is a color photograph of a 16 
million volt beam of deuterons emerging from the central vacuum 
chamber and on the farther side of the magnet. 
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39.3. Proton and Deuteron Disintegrations. When high energy 
protons or deuterons are used to bombard different known elements 
various disintegration products are formed. An experimental arrange¬ 
ment in which the cyclotron acts as the source of projectiles is shown in 
Fig. 39F. To determine what kinds of disintegrations are taking place 
within the substance under bombardment the penetrating rays emerg¬ 
ing from the other side must first be identified by the use of suitable 
detectors. 

Numerous experiments have shown that the disintegration products 
to be looked for may be protons, a-particles, neutrons, y-rays, or even 
electrons and positrons. For some of these penetrating rays one kind 
of detector may be more suitable than another. The Geiger counter, 


high energy 



Fig. 39F—Experimental arrangement generally used for bombarding known substances 
with high-speed deuterons from the cyclotron, and detecting the disintegration products 
with an ionization chamber. 

for example (see Sec. 37.4), is particularly useful in detecting y-rays 
and electrons, while the Wilson cloud chamber and ionization chamber 
are useful in detecting protons, a-particles, or neutrons. 

The detector shown at the right in Fig. 39F represents a so-called 
"shallow ionization chamber.” This device consists of a small copper 
box filled with air or some other suitable gas. When a proton or 
a-partide passes through the thin metal foil window at the front of the 
box it produces numerous ions inside. The positive ions are attracted 
toward a negatively charged plate at the center, and there start a minute 
electrical impulse along a wire to a radio tube amplifier. The amplifier 
in turn can be made to operate a high speed counting device, or to 
activate a loud-speaker from which each impulse can be heard and 
counted. By inserting thin foils one after the other between the target 
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and detector the nature and energy of the incoming particle can be 
determined. 

When a Wilson cloud chamber is used to identify disintegration 
products, charged particles can be identified by the density of their fog 
tracks and their energy can be determined by the curvature of the 
tracks when a magnetic field is applied. This is later illustrated in Fig. 
39L for positrons. Once the nature of the emerging rays from a bom¬ 
barded target is known the recoil product of the disintegration also 
becomes known by writing down a reaction equation. Six examples 
of such reaction equations are given by the following: 

xH 1 + 9 F 19 — 8 0 10 + 2 He 4 Q = 8.1 MEV (39*) 

xH 1 + 6 B u -> 6 C 12 + 7 -ray Q, = 15-8 MEV (39c) 

xH 2 + 7 N 14 -* 6 C 12 + 2 He 4 Q = 13.4 MEV (39/) 

xH 2 + sO 16 - 7 N 14 + 2 Hc 4 <2 = 3.1 MEV (390 

xH 2 + 3 Li 6 -> 3 Li 7 + xH 1 Q = 4.9 MEV (39/) 

xH 2 + 4 Be 9 -> 5 B 10 + 0 « 1 Q = 4.1 MEV (39g) 

It is customary to omit the mass energy of the bombarding particle 
from the left-hand side of all reaction equations and to designate the 
total energy liberated by the disintegration as shown at the right above. 
The values of Q given above therefore represent the experimentally 
determined values of the energy over and above that supplied by the 
incident projectile. 

Consider the fifth reaction which might be taken to represent an 
experiment in which a beam of deuterons from the cyclotron bom¬ 
bards a target of lithium metal. From the other side of the target a 
stream of high energy protons would be detected. If they are sent 
through a Wilson cloud chamber in a magnetic field, for example, 
their tracks could be identified as proton tracks and their energy de¬ 
termined by the curvature or length of the tracks to be 4.8 MEV. 
When the accurate weights of the four nuclei involved are taken into 
account there is a loss of 0.0053 mass unit. Multiplying by 931 this is 
equivalent to 4.9 MEV energy, a value in good agreement with ob¬ 
servations. 

As a second example consider Eq. (39g) above in which deuterons, 
bombarding beryllium metal, produce high speed neutrons and re¬ 
coiling boron nuclei. This particular disintegration is important ex¬ 
perimentally because it is used as a means of obtaining intense beams 
of neutrons for use as projectiles in other disintegrations. The nuclear 
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changes are illustrated schematically in Fig. 39G. The available 
energy from the loss in mass alone is equivalent to 4.1 MEV; so that 
if deuterons with an energy of 7 MEV are used to bombard the beryl¬ 
lium target the available energy becomes about 11 MEV, 1 MEV going 



boron 


Fig. 39G—Deuteron disintegration of a beryllium nucleus to produce high-speed neutrons. 

to the recoil boron nucleus and approximately 10 MEV to the neutron. 

39.4. Multiple Disintegrations. A careful study of certain 
disintegration experiments shows that some of the unstable nuclei 
created by the capture of a proton or deuteron by a stable nucleus split 



Fig. 39H—Diagram of the disintegration of a boron nucleus of mass 11 by a proton 

to produce three a-particles. 


up into more than two stable nuclei. Examples of this arise when 
boron is bombarded by protons and when nitrogen is bombarded by 
deuterons. In the case of boron, see Fig. 39H, the proton is first cap¬ 
tured by a 6 B“ nucleus to form an unstable carbon nucleus, 
eC 12 . This composite structure disintegrates by the expulsion of an 
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a-particle with several million volts energy, leaving behind a beryllium 
nucleus, 4 Be 8 . 

1 H 1 + 6 B u -> 4 Be 8 + 2 He 4 -» 2 He 4 + 2 Hc 4 + 2 Hc 4 . (39 h) 

This nuclear combination is still unstable and splits apart into two 
more a-particles. When the phenomenon was first observed it was 
thought that all three a-particles came apart simultaneously, but further 
observations showed that first one and then two were ejected. The 
total energy liberated has been measured to be about 11 MEV and 
checks almost exactly with the value obtained from the loss in mass. 

A second multiple disintegration in which nitrogen is bombarded 
by deuterons is illustrated by the following reaction: 

iH 2 + 7 N 14 -> 2 He 4 + 2 He 4 + 2 He 4 + 2 Hc 4 . (39*') 

This, too, is not a simultaneous explosion process but one in which 
one a-partide is first ejected, then a second, and finally two together. 
Curiously enough, a deuteron with an energy of only 0.2 MEV will 
produce this disintegration, while 6 MEV are released by it to be 
divided between the four a-particles. 

It is interesting to note that the parent nucleus created by the 
capture of a deuteron by nitrogen is oxygen sO 16 . The reason this 
nucleus is not stable like ordinary oxygen is that it contains a mass in 
excess of stable oxygen 16, of 0.0222 mass unit. In other words, to 
become stable the nucleus must get rid of this amount of mass. In 
some cases a nucleus may do this by emitting a y-ray; but oxygen for 
some reason cannot do this. To become stable therefore it breaks up 
into four a*particles. 

A multiple disintegration of another type is observed when ordinary 
lithium is bombarded by deuterons: 

iH 2 + 3 Li 7 - 2 He 4 + 2 He 4 + o** 1 . (39» 

In this instance it appears that the parent nuclear body formed by 
the capture of a deuteron by a lithium nucleus first ejects a neutron to 
leave 4 Be 8 and this in turn flies apart as two separate a-particles. While 
a deuteron with an energy of only 0.15 MEV energy will bring about 
this disintegration, one hundred times as much energy, 15 MEV, is 
liberated. 

39.S. Branch Disintegrations. It so happens that when certain 
atoms are bombarded with high speed particles two or more dis- 
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integration processes may subsequently take place. As an illustration 
of this phenomenon of branch disintegration consider the proton bom¬ 
bardment of beryllium in which the following two types of disintegra¬ 
tion have been identified: 


1 H 1 + 4 Bc 9 - 3 Li 8 + 2 He 4 Q = 2.3 MEV\ Aon 

!H x + 4 Be 9 S B 10 + 7 -ray Q = 6 MEV j J 


When a proton is captured by a beryllium nucleus to form an 
unstable boron nucleus, 5B 10 , there are two ways in which it may split 
up. The instability of the boron in the first place is due to the presence 
of too much mass. Such an atom is said to be in an excited state, for by 
the emission of a y-ray it gives up its surplus energy and becomes a 
stable 6B 10 nucleus, or by splitting up into two particles it gives up 
its surplus in the form of kinetic energy to become 2 He 4 and 3 Li 6 , two 
stable nuclei. 

Another branch reaction is the result of bombarding lithium with 
deuterons: 


1 H 2 + 3 Li 6 2 He 4 + 2 He 4 1 
1 H 2 + 3 Li 8 -> 3 Li 7 + 1 H 1 j 


(39/) 


Once a deuteron has been captured by a 3 Li 6 nucleus the resultant 
4 Be 8 nucleus is unstable and disintegrates in either one of the two ways 
indicated. Those nuclei splitting up into two a-partides liberate far 
more energy than those splitting up into a proton and a lithium 
nucleus. In both cases, however, the measured energies from experi¬ 
ment are in excellent agreement with the values calculated from the 
mass differences. This latter calculation is left as a problem for the 
reader. 

y 39.6. Discovery of Induced Radioactivity. Although F. Joliot 
and I. Curie Joliot* narrowly missed the discovery of the neutron 
and the positron, they made a great discovery in 1934. This was the 
discovery of induced radioactivity for which they were jointly granted 
the Nobel Prize in chemistry in 1935. 

* Irene Curie, daughter of the most famous woman physicist, is the wife 
of Frederick Joliot. With justified pride in the now famous name of Curie, 
she and the physicists of the world hyphenate the name and call them Mme 
Curie-Joliot and M. J. F. Joliot, or for short the Curie-Joliots. It is not so 
strange a coincidence that induced radioactivity was discovered by these 
observers since for years they had worked with radioactive substances in the 
famous laboratory of the late Mme Marie Curie at the Radium Institute in Paris. 
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For years the Curie-Joliots, as they are now often called, had been 
exposing various substances to the a-rays from naturally radioactive 
elements and had been studying the various disintegrations that took 
place. In the specific instance referred to above they bombarded 
aluminum with a-particles from polonium and measured the energies 
of the ejected neutrons by the recoiling pf protons from paraffin. See 
Fig. 391. They observed quite by accident that even after the polonium 
source was taken away the detector continued to respond to some kind 
of penetrating radiation. Upon investigating the nature of these rays 
they found positively charged electrons coming from the aluminum. 

oc -particles neutrons protons 



after 

bombardment 

Fig. 391—Experimental arrangement used by the Curie-Joliots when they discovered 

induced radioactivity. 

Repeating the experiments to make certain of the results, they came 
to the conclusion that under the bombardment of a-partides the 
aluminum had become radioactive in its own right. What was hap¬ 
pening has since been verified; a-particles striking aluminum nuclei 
are captured, and the resulting nuclei disintegrate with the violent 
ejection of neutrons. 

2 He 4 + 13 AF - [ 1S P 30 ] + o» l . (39*) 

The newly created recoil particles, with a charge of -j-15 and mass 
30 have been identified as phosphorus nuclei which are not stable but 
radioactive. Spontaneously disintegrating, these radioactive phosphorus 
nuclei [isP 30 ] shoot out positrons, leaving behind them stable silicon 
atoms of charge —j—14 and mass 30. 

[15P 30 ] -* wSi 30 + K°. 


(39») 
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The half-life of this activity, which measures the rate of decay of 
the phosphorus into silicon (for the meaning of half-life see Sec. 31.8), 
is only 2.5 minutes. 

Though the mass of the electron is not zero it is so small compared 
with unit mass (the mass of one electron, it will be remembered, is 
l/1840th of one mass unit) that e is written with a zero superscript. 
According to this notation a positron is written \e° and an elec¬ 
tron _ \e °. 

Because the phosphorus does not all disintegrate immediately it has 
been possible to identify the activity as coming from the newly created 
phosphorus atoms in the following way. A piece of aluminum metal, 
immediately after being bombarded, is dissolved in hydrochloric acid 


(a.) 



during 

bombardment 


(b) 


electrons 
and 
If-rays 



bombardment 


Fig. 39J—Experimental arrangement used by Lawrence in discovering radioactive sodium. 


together with some ordinary inactive phosphorus and a standard chemi¬ 
cal separation of phosphorus and aluminum is carried out. After the 
separation has been made and each part tested the radioactivity is 
found to be present with the phosphorus residue and not with the 
aluminum. 

39.7. The Discovery of Radioactive Sodium. Immediately after 
the discovery of induced radioactivity by the Curie-Joliots, Lawrence 
bombarded sodium with 2 MEV deuterons from the cyclotron and 
found that it too, like aluminum, became radioactive. See Fig. 39J. 
Upon testing for the nature of the rays given off during bombardment 
Lawrence found protons with an energy of about 7 MEV. When the 
sodium target was removed from the deuteron beam as shown in 
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diagram (b) and then tested for activity it was found to be emitting 
both electrons and y-rays. The bombarding reaction, therefore, is 

xH 2 + u Na 23 -+ [nNa 24 ] + ,H 1 (39*) 

followed by the radioactive decay of the unstable sodium nuclei, 

[nNa 24 ] - 12 Mg 24 + _k° + y-ray (39/0 

The first stage of the disintegration process is shown at the left in 
Fig. 39K, and the radioactive decay is shown at the right. 

The residual nucleus [uNa 24 ] of the first disintegration is called 
radio-sodium. Having a charge of —j— 11 and mass of 24 it must be 
an isotope of sodium not found in nature. Since measurements of the 
activity of radio-sodium gives a half-life of only 15 hours it is clear 



Fig. 39K—Diagrams illustrating the production and disintegration of radio-sodium. 

why such atoms are not found in nature. If they were formed some 
time in the ages past, they would have all disintegrated by this time. 

Since the time of its discovery radio-sodium has found numerous 
and important applications in many branches of science. It has, for 
example, been used as a means of tracing certain organic and inorganic 
chemicals passing through the human body, through plants, and through 
chemical experiments of one kind or another. To give a simple exam¬ 
ple, one can show, by drinking water containing radio-sodium in the 
form of common table salt (NaCl), that within two minutes some of 
it has entered the blood stream and has been distributed to all parts 
of the body. The presence of the salt in the finger tips or the toes 
can be demonstrated by detecting the electrons and y-rays from the 
sodi um with a Geiger counter. Similar experiments can be performed 




Fig. 39 L — 
Photograph of 
the Wilson cloud 
chamber tracks 
of oositrons 
ejected by radio 
nitrogen, 7 N 13 . 


with trees and plants to see how rapidly their roots take up certain 
plant foods and distribute them to the leaves and branches. 

Up to the present time over two hundred different kinds of radio¬ 
active atoms have been produced in the laboratory. Two examples 
in addition to those already given are illustrated by the following 
reactions: 

1 H 2 + 16 P 31 -> [usP 32 ] + xH 1 , [ 16 P 32 ] -> i 6 Si 32 + _x<° (39 q) 
1 H 2 + 6 C 12 - [ 7 N 13 ] + ok 1 , [7N 13 ] -> 6 C 13 + ,<°. (39r) 

The first of these reactions forms radioactive phosphorus [ 15 P 32 ] 
which is electron active with a half-life of 15 days. At the present time 
radio-phosphorus 32, because of its chemical properties and its com¬ 
paratively long half-life, is being used in a number of medical researches 
as a possible cure for certain diseases, as well as for tracing the migra¬ 
tion of phosphorus through the body of plants and animals. 

A cloud chamber photograph of the positrons emitted by radio¬ 
active nitrogen [ 7 N 13 ] is reproduced in Fig. 39 L. The magnetic field 
bends all the rays in the same direction, indicating all are positive 
charges. The low density fogdrops forming the tracks indicate par¬ 
ticles with the mass of an electron. 

39.8. Neutron Projectiles Produce Disintegrations. The first 
disintegrations produced by high speed neutrons as atomic projectiles 
were announced in 1932 by the English physicist, Feather. Immediately 
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following Chadwick’s discovery of these neutral particles, Feather 
allowed neutrons from beryllium (see Fig. 38E) to enter a Wilson 
cloud chamber containing pure nitrogen gas. Numerous expansions 
of the chamber and the simultaneous clicks of a camera shutter gave 
many photographs of the ion tracks left by recoiling nitrogen atoms. 

Although most of the photographs indicated elastic collisions be¬ 
tween nitrogen atoms and neutrons an occasional photograph showed 
a forked track, indicating a disintegration of a nitrogen nucleus. 

0 «'+ 7 N 14 -» 6 C 14 + lH i. (390 

Three photographs of several such disintegrations are reproduced 
in Fig. 39M. Although hundreds of neutrons enter the cloud chamber 



Fig. 39 M—Cloud track photographs of neutron disintegrations of nitrogen, ((a) After 
Feather, (b) after Kurie and Kamen, (< ) after Rasetti.) 


every second they do not ionize atoms as charged particles do, and 
hence leave no tracks. When a head-on nuclear collision occurs, how¬ 
ever, the disintegrated nuclei, possessing as they do high speeds and 
positive charges, leave a trail of ions behind them. The fork in (a) 
shows a proton track of considerable length originating at the same 
point as the more dense, short-ranged track of the recoiling carbon 
nucleus. 

The second photograph (b) is an extremely rare picture showing 
three separate nitrogen disintegrations. The center disintegration 
occurred slightly before the others and the fog tracks have had time 
to spread out and appear as heavy tracks. The third photograph, like 
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the first, shows a long thin track of the proton and a short heavy track 
of a heavier nitrogen recoil nucleus. 

The strongest sources of neutrons are now produced by inserting 
a thin plate of beryllium metal in the intense beam of deuterons coming 
from the cyclotron as shown in Fig. 39N. The disintegration process, 
giving rise to the neutrons, is the reaction Eq. (39 g ). 

Into such a beam of chargeless particles numerous substances of 
known chemical constitution have been inserted and the disintegration 
products studied with suitable detectors. To illustrate by an example, 
suppose that a thin sheet of aluminum is inserted into the beam of 
neutrons as shown in the figure. In this particular instance a-particles 

neutrons o^-parUcles 



Fig. 39 N—Experimental arrangement for producing intense beams of neutrons by 
bombarding beryllium with deuterons. The neutrons are then used as projectiles for 
further disintegrations as illustrated here for aluminum. 

are observed emerging from the aluminum, thus enabling one to write 
down the following neutron reaction, 

o" 1 + 13 A1 27 -> [„Na 24 ] + 2 He 4 . (39/) 

Thus radioactive sodium, produced originally by the deuteron bom¬ 
bardment of ordinary sodium, is here produced by a different reaction. 
As proof of the result the bombarded aluminum target is found to be 
j3-ray and y-ray active with a half-life of 15 hours, see Eq. (39 p). 
There are at least two other known disintegration processes by which 
radio-sodium is produced, one by the neutron bombardment of silicon, 
and the other by the a-particle bombardment of magnesium. 

This is but one example of the many known radioactive elements 
that can be manufactured in four different ways. As a matter of fact, 
it now appears that with sufficiently energetic atomic bullets it should 
be possible to produce any atomic nuclei, stable or unstable, by some 
disintegration process. 
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Examples of other neutron disintegrations are illustrated by the 
following reactions, 


0 + 9 F 19 — 7 N 16 + 2 He 4 

(39«) 

0 * 1 + i 0 Ne 20 -* 8 0 17 + 2 He 4 

(390 

o* 1 + 20 Ca 42 -» [ 19 K 42 ] + jH 1 1 

(39*0 

[ 19 K 42 ] -» 20 Ca 42 + _i*» j 

on 1 + 6 2 Te 126 -> [ 52 Te 127 ] 1 

(39*) 

[ 52 Te 127 ] - 63 I 127 + _!•»} 


The Eq. (39 tv) represents a typical case of the capture of a neutron 
to form a radioactive isotope [ 19 K 42 } which by the ejection of an 
electron reverts back to the original stable element 2 oCa 42 . Many such 
reactions are known, particularly among the heavier elements in the 
first half of the periodic table. 

The last equation represents a common type of disintegration in 
which the capture of neutron produces a radioactive isotope of the 
same element. In this particular example the newly created tellurium 
isotope [s 2 Te 127 ] is / 3 -ray active and has a half-life of 10 hours. 

Not all disintegration processes liberate more energy than that 
required to produce them. This is illustrated by the following example. 

o # 1 + eC 12 - *Be 9 + 2 He 4 Q =- 5.6 MEV (39.?) 

To carry out this disintegration the bombarding neutrons must have 
an energy of 5.6 MEV or greater. The sum of the masses produced 
are greater by this amount than those which went to make them. This 
is an example of what is called a fast neutron reaction. It is interesting 
to point out that Eq. (39y) is just the converse of the reaction by which 
neutrons were discovered (see Sec. 38.3 and Eq. (38e) ). 

39.9. Slow Neutron Disintegrations. The fact that neutrons, 
slowed down to very low speeds, have the ability to disintegrate certain 
atoms was first discovered and investigated by the Italian physicist, 
Enrico Fermi, and his collaborators. A neutron approaching the 
nucleus of an atom does not experience a repulsive force, as does a 
proton, deuteron, or a-particle, and consequently its chances of pene¬ 
tration into, and of being captured by, a nucleus is relatively large. It 
is for this reason that slowly moving neutrons are able to bring about 
disintegrations that slowly moving charged particles cannot. 
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The customary method"?# producing slow neutrons is to surround a 
source of fast neufrons, see Fig. 39N, with paraffin or some other 
material containing large quantities of hydrogen. As neutrons pass 
through the material, elastic collisions with hydrogen nuclei continually 
slow them down until at a distance of several centimeters from the 
source most of them have lost all of their original energy. What little 
energy they do have is picked up by regular thermal collisions with 
other atoms. Their resultant motions become quite the same as the 
random motions of atoms or molecules in a gas. 

By surrounding the paraffin with a thin sheet of the substance to 
be disintegrated the disintegration products can be detected emerging 
from outer walls. When surrounded by boron, for example, a-partides 
are emitted, the reaction being, 

o* 1 + 6 B 10 -» 3 Li 7 + 2 He 4 . (390 

If the slow neutrons are allowed to enter a Wilson cloud chamber 
containing boron trichloride gas, disintegration products can be ob¬ 
served directly as shown for fast neutrons in Fig. 39M. The energy 
liberated in this case, however, is not very large and when it is divided 
between two highly ionizing particles like helium and lithium only 
short tracks are seen. Measurements of the lengths of such tracks and 
the angles between them, which will of course be 180°, make it possible 
to confirm the above reaction equation where the sums of the masses 
indicate the liberation of 2.8 MEV. For his experimental discoveries 
of disintegration, induced by slow-neutrons, Fermi was granted the 
Nobel Prize in physics for 1938. 
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QUESTIONS 

1 . When deuterons are allowed to bombard nitrogen, 7 N 14 , protons of con¬ 
siderable energy are observed being ejected. Write down the disintegration 
equation. 
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2. When a proton bombards a beryllium atom of mass 9 it causes a disintegra¬ 
tion, resulting in the ejection of an a-particle. Write the equation for the 
reaction. 

3. When ordinary oxygen, mass 16, is bombarded by deuterons, protons and 
^-particles are observed as disintegration products. Assuming these are 
branch disintegrations, see Sec. 39.5, write down the two reaction equations. 

4. When neutrons are used to bombard ordinary nitrogen, 7 Ni4, protons are 
given off. Write the disintegration equation. 

5. When neutrons are allowed to pass through ordinary oxygen, 8 Oi6, 
a-particles are given off. Write the disintegration equation. 

PROBLEMS 

1. If the deuterons in Eq. (39*) have an energy of 8 MEV, find the energy 
liberated in the disintegration. 

2. From the sums of the masses in Eq. (39/) find the total energy liberated by 
the disintegration. Divided equally between all disintegration products, 
what energy does each particle receive? 

3. From the masses of the atoms in Eq. (39/) calculate the energies of the 
disintegration products, assuming the initial deuteron energy was 2MEV. 

4. Find the frequency of the y-ray emitted by the reaction given in Eq. (39r)- 
Find the wave-length. 

5. When slow neutrons are used to bombard ordinary nitrogen, 7 Ni4, low 
energy protons are given off. Write the disintegration equation and caloi' 
late the energy liberated. 



Chapter 40 * Inside the Atomic Nucleus 


In the preceding chapters on atomic disintegration, transmutation, 
and radioactivity, we have seen how the nucleus of the atom is a 
veritable storehouse of energy awaiting, in some instances, only the 
touch of another atomic particle to set the energy free. By our yet 
crude but controlled experiments we believe we have observed, coming 
out of exploded nuclei, the things we have come to know as protons, 
neutrons, a-particles, electrons, positrons, and even y-rays. The prin¬ 
cipal concern of the theoretical physicists of today is to correlate these 
phenomena, observed by the experimental physicist, into as simple a 
model of the atomic nucleus as seems possible. It is the purpose of 

this chapter to present their most recent pro¬ 
posed theories of the structure of the nucleus 
in terms of simple mechanical principles 
with which we are more or less familiar. 

40.1. What Holds the Nucleus To¬ 
gether? Although the disintegrations of 
different nuclei give rise to some half dozen 
different kinds of particle or units of energy, 
it now seems quite probable that we need 
assume only two kinds of particles existing 
within the nucleus, neutrons and protons. If this is correct our 
task becomes the difficult one of explaining not only the dis¬ 
integration mechanism of an unstable nucleus but the binding 
forces which hold a stable nucleus together. An answer to the 
latter question will serve as a starting point for the following 
presentations. 

According to the neutron-proton theory of the atomic nucleus, see 
Fig. 40A, the deuteron nucleus contains but one neutron and one 
proton. Let us compare therefore the mass of one free proton and 
one free neutron with their mass when combined as a deuteron (for 
masses see Table 3811). 


deuteron ec- particle 


®~© 


jH* 2 He 

Fig. 40A—Schematic diagram 
of the nucleus for (a) a deu¬ 
terium atom, and ( b ) a helium 
atom. 
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neutron mass, 0 — 1.0090 
proton mass, iH 1 = 1.0081 
oN 1 + 1 R 1 = 2.0171 
deuteron mass, t H 2 — 2.0147 

The difference in mass of 0.0024 unit is not due to inaccurate measure¬ 
ments of mass but is a real difference to be accounted for as the 
annihilation energy which binds the two particles together. When a 
neutron and proton come together to form a deuteron a small part of 
their mass, namely, 0.0024 unit (equivalent to 2.2 MEV energy), 
is radiated from the newly formed nucleus. At close approach, in 
other words, the two particles attract each other so strongly that once 
together it takes the equivalent of a little over two million volts energy 
to knock them apart. This has been confirmed by a nuclear photo¬ 
electric effect, an experiment in which y-rays of 2.2 MEV energy or 
greater are found to break up deuterium nuclei into their constituent 
parts, while y-rays of lower energy have no effect. Why neutrons and 
protons attract each other when very close together we do not know; 
that they do, however, seems incontrovertible. 

Consider as a second example the attractive forces between the 
four particles of a helium nucleus, that is, the two neutrons and two 
protons contained in an a-particle as shown in Fig. 40A. By combining 
the masses of the various free particles on 1 , iH 1 , iH 2 and iH 3 , in 
various ways and comparing them with the mass of the helium nucleus 
we obtain the following, 

xH 1 + xH 3 = 4.0251 iH 2 + iH 2 = 4.0294 Ion 1 + 21 H 1 = 4.0342 

2 He 4 = 4.0039 2 He 4 = 4.0039 2 He 4 = 4.0039 

Diff. 0.0212 Diff. 0.0255 Diff. 0.0303 

Energy 20 MEV Energy 24 MEV Energy 28 MEV 

The first mass difference shows that to pull one proton, 1 H 1 , 
out of a helium nucleus requires the tremendous energy of 20 MEV. 
The second and third mass differences show that to split the a-particle 
into two deuterons requires 24 MEV, while to separate all four particles 
a total energy of 28 MEV must be supplied. These large forces are to 
be explained as due to the binding forces of the several particles and 
to their close proximity to each other. As shown by the arrows in the 
diagram, the removal of a proton requires the breaking of three bonds, 
while the removal, as a unit, of a deuteron requires the breaking of 
four bonds. 
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To find the average binding force of a single proton or a single 
neutron to the nucleus of a heavier atom we need only compare the 
masses of two heavy nuclei differing from each other by only one 
proton or one neutron. Among the heavier atoms in Table 3811 on page 
(576), it will be seen that consecutive nuclei differ from each other, 
on the average, by one mass unit. Therefore to remove a proton or 
neutron from the average nucleus we must supply enough energy to 
increase the mass from 1.0000 to 1.0081 for a proton, or 1.0090 for a 
neutron. That means we must supply an energy equivalent to about 
8 MEV. 



Fig. 40B— (a) Graph representing the force between an a-particle and a positively 
charged nucleus at various distances apart. ( b ) Graph of the potential energy for the 
same two particles. 


We need not be alarmed that these tremendous forces of attraction 
between protons and neutrons exist, for without them the universe 
would fall apart. That they do not obey our previous ideas of the 
repulsion of like charges need not bother us either, for not until the 
atomic nucleus was investigated have we ever had an opportunity to 
test Coulomb’s law for such small charges so close together. We must 
be satisfied therefore by saying Coulomb’s law applies only to charges 
spaced farther apart. 

40.2. The Nuclear Potential Barrier. Early in the development 
of ideas concerning nuclear disintegration the Russian theoretical 
physicist Gamow proposed a model by which one might represent the 
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atomic nucleus. This model is based upon the forces acting between 
two positive charges and is an extension of the nuclear model de¬ 
scribed in Sec. 35.1, and illustrated in Figs. 35B and 35C. 

Picture again for a moment a proton or a-particle with its positive 
charge approaching a positively charged nucleus. As the two charges 
come closer and closer together they repel each other with greater and 
greater forces as given by Coulomb’s law. Graphically the increasing 
repulsion is represented by the dotted curve in diagram (a) of Fig. 40B. 
This repulsion cannot continue to increase all the way to zero separa¬ 
tion, however, for as the two charges come very close together we know, 
from what has been said in the preceding section about the attraction 
between neutrons and protons in the nucleus, that there must be an 



Fig. 40C—A graphical model of the atomic nucleus as proposed by Gamow. The potential 
barrier of a nucleus to an approaching positive charge is analogous to the crater of a volcano. 

attraction. Gamow proposed therefore that at close approach there is 
a departure from Coulomb’s law and the curve turns over and drops 
almost straight down as shown by the solid curve in the diagram. All 
points of this curve lying above the horizontal axis correspond to 
repulsion, while those lying below correspond to attraction. 

If each value of the force F in diagram (a) is multiplied by the 
corresponding distance r, the result is a potential curve like that shown 
in diagram (b). Such a curve represents what is called the potential 
barrier of the nucleus. The highest point of the barrier is frequently 
called the edge of the nucleus which for heavy atoms in the periodic 
table occurs at, and gives a nuclear radius of, about 1 X 10~ 12 cm. 
For lighter nuclei the radius is several times smaller. 

For want of a mechanical model of the nucleus we can pattern 
a surface having the form of the crater of a volcano similar to the 
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surface obtained by rotating diagram (b) around the vertical axis. 
See Fig. 40C. By such an analogy the electrical potential energy V 
between the two positively charged particles is analogous to the poten¬ 
tial energy of a ball at any point on the crater model, and the electro¬ 
static force of repulsion is analogous to the force exerted by gravity. 

If now a small marble, representing a proton or a-particle, ap¬ 
proaches the nuclear barrier it will roll up the hill as shown in the 
diagram. Experiencing a rapidly increasing force down the hill, the 
ball may be turned back, or off to one side, and we have elastic scatter¬ 
ing of the kind observed by Rutherford. If the initial velocity is high 
enough, however, the ball may go over the top of the barrier and drop 
down inside, representing a capture. What happens inside the nucleus 
and the disintegration that follows is the subject of the following sec¬ 
tions of this chapter. 

40.3. Bohr’s Nuclear Model. In 1937 Niels Bohr, the famous 
Danish physicist, made another outstanding contribution to modern 
physics when he improved Gamow’s model of the nucleus by extending 
what is sometimes called the water drop model of the nucleus. Bohr, 
and his collaborator Kalkar, imagines the many particles in a heavy 
nucleus as moving about within a spherical inclosure with motions 
analogous to the molecules in a drop of water. The surface of the 
spherical enclosure, which is the top of the potential barrier as repre¬ 
sented in Fig. 40C, is analogous to the surface tension which holds a 
small waterdrop to its spherical form. 

Just as the rapid motion of the molecules in water is a measure of 
the temperature so Bohr speaks of the rapid motion of the neutrons 
and protons within the spherical boundary of the nucleus as a sort of 
pseudo-temperature. To explain disintegration, the analogy is drawn 
that the ejection of a particle from the nucleus is like the evaporation 
of a water molecule from a drop of water. See Sec. 12.8. Since a 
rise in temperature brings about a more rapid evaporation of water, 
so an increase in the motions within the nucleus give rise to a higher 
probability of disintegration. 

In a stable nucleus, the particles within are moving about with 
very little kinetic energy, and are in the analogous state of a relatively 
low temperature. When a high speed particle from outside penetrates 
through the potential barrier it is accelerated toward the center of the 
nucleus and acquires a very high kinetic energy before it collides with 
one or more of the particles inside. Soon the energy becomes divided 
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between the many particles and the nucleus takes on a higher tempera¬ 
ture state. 

Now as the particles move about inside there is a certain probability 
or chance that within a given interval of time some one particle will be 
hit by several particles, giving it a sufficiently high velocity in an 
outward direction to permit an escape through the potential barrier. 
The more rapid the internal motions, that is, the higher the tempera¬ 
ture, the greater is this chance of escape. 

A direct disintegration may be described in this way: if upon enter¬ 
ing the nucleus a high speed particle like a proton adds sufficient energy 
to give the nucleus a high temperature, another particle like a neutron 
or a-particle may be ejected immediately. Since such an ejected particle 
has to be supplied with a certain minimum energy to get free, the re¬ 
maining particles will be slowed down, and the nucleus will have a 
lower temperature. 

The occasional ejection of an a-partide, a combination of two 
protons and two neutrons, from a nucleus is to be attributed to its mass. 
To see how this comes about we observe that upon dividing the atomic 
weight of any given atom (like 9F 19 = 19.0045) by the number of 
particles (19) in the nucleus the result is practically equal to 1 (in this 
example, 1.0002). In other words, the average weight of a single 
proton or neutron in the nucleus can be considered as exactly equal 
to unity. If therefore a neutron, or a proton, is to escape from the 
nucleus it must acquire sufficient energy to give it an added mass of 
0.0090 or 0.0081 unit, respectively. For two protons and two neu¬ 
trons to escape as a single a-particle, however, a total energy of only 
0.0039 unit is required. This energy plus that necessary to get through 
the barrier must be supplied by the particles within. Since the extra 
mass energy for an a-particle is small such a composite group may 
have a high probability of getting through the nuclear barrier. The 
fact that deuterons, with their larger extra mass requirement of 0.0147 
unit, are seldom observed as disintegration products is further con¬ 
firmation of this explanation. Since a-particles are ejected it seems 
quite probable that some of the neutrons and protons within stable as 
well as unstable nuclei tend to group themselves into a-partides. 

Potential barrier models of stable and unstable nuclei are shown 
in Fig. 40D. For a stable atom the particles are moving slowly about 
at the bottom of the volcano pit as in diagram (a). When a proton 
or a-particle from outside comes over the barrier and drops down inside 
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regaining its original speed, it collides with other particles and sets 
them into a more rapid state of motion. If one of the particles near 
the outside is hit hard enough it may acquire a sufficient energy to 



Fig. 4QD—Diagrams representing stable and unstable atomic nuclei. 

escape through the barrier. This is the analogue of disintegration and 
radioactivity. 

40.4. Nuclear Demonstration Models. A demonstration model 





Fig. 40E—Mechanical model of a nucleus for demonstrating the capture of a high-speed 
proton, deuteron, or a-particle, prior to disintegration. 


illustrating the capture of a high speed proton or a-particle by a nucleus, 
priot^to disintegration, is shown in Fig. 40E. Marbles rolled down the 
incline represent the speeding up of atomic projectiles by an accelerator 


nuclear 



Fig. 40F—Mechanical model of a nucleus for demonstrating (a) the increased kinetic 
energy of nuclear particles after a capture, and (b) the chance probability of radioactive 
decay or disintegration by the ejection of a particle. 


like the cyclotron. Approaching the potential barrier a marble may 
roll part way up and then be deflected off to one side, illustrating an 
elastic collision without capture; or it may roll up the side and drop 
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into the crater opening at the top, representing a capture prior to dis¬ 
integration. 

A demonstration of what happens inside the nucleus is illustrated 
by another model as shown in Fig. 40F. In this case the vertical scale 
of the barrier has, of necessity, been reduced, i.e., been flattened out. 
When a marble is rolled down the incline and into the group of mar¬ 
bles at the center of the barrier there may be several collisions before 
another particle usually goes bouncing out on the other side. This 
corresponds to a direct disintegration where one particle like a proton 
goes in and a neutron comes out. 

If a single particle does not emerge, most of the particles inside take 
on random motions, colliding with each other much the same as do the 
molecules or atoms in a gas or liquid. To prevent friction from stop¬ 
ping them (there is no friction in an atom) the marbles are continually 
agitated by a small pin protruding through from underneath the barrier. 
This pin is mounted slightly off center at the end of the shaft of a small 
electric motor. If the motor is left running for some time a single 
marble will eventually be hit by several particles moving in the same 
direction and will recoil with sufficient speed to carry it over the barrier 
and out. At the same instant the speed of the motor should be de¬ 
creased to slow down the motions inside. This corresponds to a dis¬ 
integration or radioactive decay, which takes place according to the 
laws of chance, and to the resultant drop in temperature of the nucleus. 

The faster the motor runs, the greater is the internal agitation and 
chance of ejection, and the shorter is the so-called half-life of the 
element. 

40.5. Nuclear Model for Neutron Disintegrations. When a 
neutron approaches a nucleus prior to a disintegration it does not 
encounter a potential barrier of the type already described for protons 
and a-particles. A neutron has no charge so that at large distances 
it is not repelled by the positively charged nucleus. It may therefore 
approach a nucleus with very little speed of its own and be captured 
when it comes too close. At very close range a strong attractive force 
sets in, drawing the two together. 

To an approaching neutron the nucleus acts as though it were a 
pit into which the particle will fall. This is illustrated by the flat po¬ 
tential curve in Fig. 40G. The marble rolling along the horizontal 
plane toward the pit represents the influence of the nucleus upon the 
rvsutron’s motion, while the marble rolling up the hill (dotted line) 
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represents the influence of the same nucleus upon the motion of a 
proton. 

Disintegration experiments with neutrons as projectiles show that 
the breadth of the pit, that is, the effective diameter of the nucleus for 
capture, is extremely large for some atoms and small for others. 
Furthermore, the diameters of some nuclei seem to vary with speed of 
the neutrons in such a way that they are very large for very low speeds 
and small for higher speeds. A slowly moving neutron may upon 
passing close by a nucleus be captured, while if it is moving at high 
speed it will pass by. Because of this selectivity slow neutrons bring 
about prolific disintegrations of certain elements while fast neutrons 
do not. 

40.6. The Origin of Gamma Rays. It is often observed that the 
emission of a-particles from a nucleus is accompanied by y-rays. The 



Fig. 40G—A graphical model of the nucleus as it is presented to an approaching neutron 

or proton. 

appearance of these high frequency light waves, or photons, is now 
known to occur after the primary process of a-disintegration and to 
represent a settling down of the excited residual nucleus to its normal 
state. The internal nuclear process giving rise to y-rays has an ex¬ 
planation similar to that of the emission of visible light by the electrons 
in the outer structure of the atom. 

The protons and neutrons within the nucleus are probably not mov¬ 
ing about with quite the freedom pictured above but are very likely 
confined in their motions to shells analogous to the electron structure 
in the outer part of the atom. 

When a projectile from the outside passes through the potential 
barrier and into the nucleus it may supply the system with more than 
enough energy to emit an a-particle. If this is the case and an 
a-partide is ejected, one or more of the remaining particles may acquire 
a certain amount of energy and be held momentarily in an outer nuclear 
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orbit. Then upon jumping into an orbit or shell nearer the center the 
energy is given up and radiated as a y*ray. The energy hv of this y-ray 
is equal to the difference in energy between the two energy states. 

In some cases the capture of a particle from the outside is followed 
by the emission of a y-ray with all of the available energy, while in 
others it is divided between say an a-partide and a y-ray as described 
above. 

40.7. The Origin of Beta Rays. For years the emission of elec¬ 
trons from radioactive elements has been a puzzle and a challenge to 
the best minds in physical science. Though many theories have been 
proposed none appears to be entirely acceptable. From experimental 
evidence one thing seems quite certain and that is that the appearance 
of a high speed electron is the result of some violent disruption of the 
nucleus. Among all of the heavy radioactive elements, natural or in¬ 
duced, electrons but no positrons are observed as a product of dis¬ 
integration, while from the induced radioactivity of the lighter elements 
both positrons and electrons are found. 

On numerous occasions it has been suggested that the neutron is a 
composite particle made up of one proton and one electron. The fact 
that the mass of a free neutron (1.0090) is slightly greater than the 
mass of a free proton (1.0081) and that the charge is zero would tend 
to confirm this. A j3-ray might therefore be explained as the result of 
a disintegration in which one of the neutrons in the nucleus splits apart 
with a violent ejection of its electron, the remaining particle, a proton, 
remaining with the nucleus to increase its charge by unity. 

theory similar to this was early proposed to explain positron 
emission.' According to this hypothesis it is the proton which is a com¬ 
posite particle, being made up of a positron and a neutron. 

Since the difference in mass between the neutron and proton ob¬ 
viously makes one of these hypotheses wrong it is assumed that both 
are incorrect. The difficulty is explained away by recalling that the 
average mass of neutrons and protons within the nucleus is unity and 
assuming that so confined both particles have the same mass and differ 
only in their charge. To explain electron or positron emission by a 
radioactive nucleus the electron has been assumed to be created at the 
expense of one half million volts of energy. Once a sufficient amount 
of energy is acquired by a certain type of nucleus a neutron simply acts 
as an agent capable of (1) changing about £ MEV energy into a 
particle having the mass of an electron, and (2) of creating a negative 
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charge for the electron dnd Itself absorbing an equal positive charge to 
become a proton. Similarly in the nucleus of another type of atom a 
proton may act as an agent capable of changing energy into a positron 
and itself becoming, by the absorption of the complementary negative 
charge, a neutron. 

While in many ways this theory seems to be quite plausible, in view 
of all the known experimental observations, it violates the law of con¬ 
servation of angular momentum. Although a detailed explanation of 
the difficulty is out of place here one phase of it will be briefly ex¬ 
plained. According to experimental observations, as well as the 
predictions of the quantum theory, every elementary particle, electron, 

1 h 

positron, neutron, and proton, has an angular momentum of - X —, 

2. 2.7T 


where h in Planck’s constant. When, therefore, one of these particles, 
by a disintegration, is ejected away from a nucleus with a definite 
amount of angular momentum, the angular momentum of the re¬ 
maining nucleus should change by the same amount, i.e., by one half 
a unit of angular momentum. 

Experimental observations confirm this for proton or neutron emis¬ 
sion, but not for electron emission. The angular momentum of a 
nucleus before and after electron emission is found to have remained 
the same or to have changed by a ivbole number of units, 1, 2, 3, etc. 

To surmount this difficulty the theoretical physicists have proposed 
the existence of the neutrino (small neutron), a chargeless particle 
with a mass much smaller than that of an electron. The existence of 
these tiny hypothetical neutrinos has been assumed in order that they 
may take up the extra angular momentum necessary for positron or 
electron emission. 

When an electron, or positron, with its spin angular momentum of 

1 h 

- X — is ejected from a nucleus, a neutrino, with the same amount of 

2 2 t 

spin and little or no mass, is ejected simultaneously. Because neutrinos 
have, as yet, escaped detection the above theory is still looked upon 
with some scepticism. We therefore leave this particular phase of 
radioactivity by saying it is still one of the many unsolved mysteries 
of nature. 

40.8. A New Discovery. In 1937 Fermi, Segre, and their col¬ 
laborators subjected uranium to the bombardment of neutrons and 
from the radioactivity produced believed they had succeeded, for the 
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first time, in producing a series of new elements, 93 , 94,^6, etc., beyond 
uranium 92 . The reason for their belief was J|Jiat the uranium after 
bombardment gave off electrons with a number of different half-lifes. 
Attributing these different half-lifes to the successive disintegrations of 
the same atoms, a single nucleus should emit several electrons one after 
the other. With each emission the nuclear charge would increase by 
unity, thus producing an atom of higher and higher atomic number. 

Although similar observations were later made by the Curie- 
Joliots, all observers had misinterpreted the phenomenon until 1939 
when Hahn made a new and important discovery. After bombarding 
uranium with neutrons Hahn and his collaborators carefully performed 
a series of chemical separations of the uranium sample to determine 
the element to which the newly produced radioactivity belonged. To 
their amazement they found the radioactive atoms to be identical 
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Fig. 40H—Diagram illustrating the fission of a uranium nucleus into two almost equal pans. 


chemically to a number of different elements, nearly all of which are 
near the center of the periodic table. In other words, a uranium nucleus 
after the capture of a single neutron seemed to be splitting apart into 
two nearly equal fragments as illustrated in Fig. 40H. 

In the few weeks that followed this discovery many observers in 
different laboratories the world over not only confirmed the results 
but extended the observations by studying in detail the products of the 
disintegrations. To explain the phenomenon in simple words consider 
the details of the process illustrated in Fig. 40H. An original uranium 
nucleus, 92 U 135 , with its 92 protons and 143 neutrons is shown at the 
left as it captures a slow moving neutron. 

In the center diagram (b) the newly formed nucleus is unstable 
and starts to separate into two nearly equal parts. This separation 
process is called fission. In coming apart the uranium nucleus, behav- 
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Fig. 401 — Wilson 
cloud chamber photo¬ 
graphs of the "fission” 
of a uranium nucleus. 
(After Corson.) 


ing like the analogous waterdrop, splashes out small drops, this time 
neutrons not needed by the two fragment nuclei. So great is the energy 
liberated by this explosion of the nucleus that each of the two heavy 
nuclei fly apart with terrific speeds. To conserve momentum they 
must of necessity fly apart in opposite directions. That they do so has 
been confirmed by many Wilson cloud chamber photographs, one of 
which is reproduced in Fig. 401. This particular picture is a stereo¬ 
scopic photograph of the same pair of tracks (two pictures taken at 
slightly different angles). The cloud chamber contained three thin 
foils coated with uranium. The fission of one uranium nucleus in the 
lower film shows two tracks of the same density, formed in opposite 
directions. 

Not all of the uranium nuclei divide into tin and molybdenum as 
shown in diagram 40H(c) but into any one of a number of pairs of 
fragments corresponding to elements near the center of the periodic 
table. The experimental evidence seems to favor pairs of slightly 
unequal mass, accompanied by from one to five or more neutrons as 
shown in diagram (c). The two fragments with nearly equal positive 
charges (-(-50 and -}- 42 in the figure) are in general not stable 
nuclei, for they still contain an excess of neutrons. (For the stable 
isotopes of these elements see Table I in the Appendix.) 

To become stable each nucleus starts a series of /3-ray emissions 
as indicated in Fig. 40J, finally ending up with a stable nucleus. Start¬ 
ing at the left in the diagram with the unstable tin nucleus of charge 
-|- 50 and mass 127 the successive emission of three electrons raises 
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the nuclear charge by three unit steps ending with* a stable iodine 
nucleus 63I 127 . The other fragment, 42Mo 104 f in Fig. 40H(c), carries 
out a similar series of /3-ray emissions ending up with 44R.U 104 . Each of 
these is a series of the type which Fermi and his collaborators had dis¬ 
covered but incorrectly explained as starting with uranium 92U 238 . 

As proof that the above series are produced by fission, previously 
bombarded uranium has been chemically analyzed for elements near 
the center of the periodic table. After each chemical separation is 
performed a test of the /3-ray activity is made by a measurement of the 
half-life. A comparison of this measured half-life with the values 
already known for the same element from other disintegration experi¬ 
ments has made it possible to identify some of the radioactive nuclei 
produced. Such tests, for example, have been made for antimony and 
tellurium by Abelson, and the two half-lifes of 80 hours and 10 hours 



Fig. 40J —Disintegration series starting with unstable tin; one of the fragments of the 

fission of a uranium nucleus. 

have been identified with 6 iSb 127 , and 52Te 127 , respectively. See Eq. 
(39x) and its explanation in the last chapter. 

Although it is not known for certainty which of the three uranium 
isotopes, 234, 235, 238, are responsible for the phenomenon of fission, 
it appears from theoretical considerations that uranium 235 is the most 
likely nucleus which, by taking on an extra neutron, divides. 

The recent fission of thorium by neutrons and the observation of 
/3-ray series similar to those of uranium tends to confirm the possibility 
proposed by Bohr several years before that with sufficiently energetic 
particles large fragments might be broken off from the nucleus of 
most any one of the heavier elements. 

Since slow neutrons, colliding with uranium atoms, cause them to 
virtually explode with the liberation of additional neutrons and con¬ 
siderable energy, uranium may turn out to be an available source of 
untold energy. Should uranium atoms of weight 235 be responsible 
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for the observations just described, it seems reasonable to suspect that 
a small piece of uranium metal, composed entirely of these atoms alone, 
should act like a bomb and explode with far greater violence than any 
known explosive. Here then may be a source of energy that will make 
the rocket ship a reality. 

QUESTIONS 

1. Since in electrostatics we find that like charges repel each other, why is it 
that a nucleus containing many protons does not fly apart? Explain. 

2. Draw a graph representing the nucleus of an atom, (a) when a proton 
approaches as in a collision, and (b) when a neutron approaches as in a 
collision. 

3 . Briefly describe the water dr op model of the nucleus. 

4 . What in the nucleus is analogous to temperature? 

5. In terms of the simple Bohr model of the nucleus explain how a proton 
may be captured and a neutron ejected. 

6. Why is it that an «-particle, which is composed of four unit particles, is 
sometimes ejected by a nucleus in preference to a particle like a proton 
or neutron? 

7. Describe briefly the process of fission as it is observed with uranium. Make 
diagrams. 

8. Give another name for each of the following: (a) proton, (b) deuteron, 
(c) a-particle, (d) photon, (e) positron, (f) y-ray, (g) x-ray, and (h) a 
photoelectron. 

9. Write down a symbol used to represent each of the entities in Question 8. 



Part X 
Astrophysics 




Chapter 41 " The Sun 

From the time Galileo made the first telescope, man has been 
so fascinated by the wonders of the heavens that hundreds of scientists 
the world over have devoted their entire lives to a study of the stars. 
The famous Dutch astronomer De Sitter, when asked the question why 
he spent his life studying so impractical a subject as astronomy, made 
the reply: "Astronomy is the most interesting of all subjects because 
it is not hampered by practical applications.” 

It is not the intent of this and the following chapter to treat the 
entire subject of astronomy but rather to present a brief account of 
some of the more prominent physical characteristics of our own sun and 
the distant stars, as determined by those scientific principles commonly 
classified as physics. This is the subject generally called astrophysics. 

Astrophysics treats of the physical characteristics of the heavenly 
bodies, their brightness and spectroscopic peculiarities, their tempera¬ 
tures, and radiant energy, as well as the nature of their surfaces, at¬ 
mospheres, and interiors. 

41.1. Solar Radiation. To us here on the surface of the earth 
the sun is the most important of all the heavenly bodies. It is natural 
therefore that we first consider this the one star in the universe to which 
we owe our very existence. 

The first truth that we learn about the sun as a child is that it is 
very bright and difficult to look at with the naked eye. As a source 
of light it has a certain intensity or brightness which here on the 
surface of the earth, 93 million miles distant, produces a tremendous 
illumination. Numerous astronomers have measured the illumination 
at noonday when the sun is straight overhead and have found it to 
average 9,700 foot-candles. This does not measure the total amount of 
light entering the earth’s atmosphere, for about 23 percent of the 
incident sunlight is absorbed by the thick blanket of air above us. 

Measurements of solar illumination at sea level, in deserts, on high 
mountain peaks, and in balloons, make it possible to calculate with great 
accuracy the illumination just outside the atmosphere. Calculations 
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Fig. 41A —Direct photograph of the sun 
taken with the 130 ft. Tower Telescope on Mt. 
Wilson. These are the largest sunspots ever 
photographed. Jan. 24, 1926. The pointed 
markers at the right and left indicate the solar 
axis of rotation. 






622 


Astrophysics 


['Part X 


correcting for atmospheric absorption give a value of 12,500 foot-can¬ 
dles. This is about 11 billion times greater than the illumination pro¬ 
duced here by Sirius the "Dog Star,” the brightest star in the sky. 

Remembering that the illumination on a surface is inversely pro¬ 
portional to the square of the distance from the source (Eq. 22e) , the 
candle power of the sun can be calculated by multiplying 12,500 foot- 
candles by the square of the sun’s distance in feet (93,000,000 X 
5280) 2 . When this multiplication is carried out the answer will be 
found to be 3 X 10 27 candle power. Written out this number is more 
impressive: 

3,000,000,000,000,000,000,000,000,000 candle power. 

To determine the brightness of the sun, that is, the candle power 
per square inch of surface, the above total candle power must be 
divided by the area of the sun’s surface, 1 X 10 22 square inches. This 
gives a brightness of 300,000 candle power per square inch, an amount 
10 times larger than that from the hot carbon of a carbon arc light. 

A photograph of the sun’s disk, as reproduced in Fig. 4lA, shows 
that the brightness varies very little over the surface except near the 
edges where it drops off rapidly. If the sun were a hot solid or liquid 
sphere without an atmosphere it would appear equally bright over the 
entire disk. The very noticeable decrease in intensity at the edges is 
due partly to the greater and greater absorption of light by the longer 
light path through the surface layers of the sun’s atmosphere. Since 
light from the hot surface layers is absorbed, the light reaching us from 
the limbs comes principally from higher and cooler layers. The pointed 
markers have been inserted at the top and bottom to indicate the solar 
axis of rotation. The earth on this photograph would be no larger 
than the head of a pin and could be swallowed up by any of the larger 
sunspots. A photograph of the observatory buildings on Mt. Wilson 
is reproduced in Fig. 41B. 

41 . 2 . The Solar Constant. Not all of the energy radiated by the 
sun is in the form of visible light; some of it is in the form of infra¬ 
red and ultraviolet radiation (see Sec. 32.1). To be more specific, the 
sun gives out more energy in the form of heat radiation (infrared) than 
it does in all the other forms combined. This is best illustrated by 
the radiant energy curves for hot bodies given in Fig. 32B. The 
6000° K curve represents the sun’s surface, where the dotted area 
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under the curve represents the proportionate amount of infrared 
radiation. 

To measure experimentally the total solar radiation, instruments 
have been constructed that are capable of absorbing all wave-lengths 
of light, visible, ultraviolet, and infrared. Instruments designed to do 
this are called pyroheliometers. A beam of sunlight of known cross- 
sectional area is allowed to fall upon the blackened surface of a piece 
of metal where it is completely absorbed. Knowing the heat capacity 
of the metal and its rise in temperature the total number of calories 
* per minute can be calculated. Measurements of this kind by various 
observers are in remarkable agreement with each other and give a 
value of 1.938 calories per square centimeter per minute. This number, 
called the solar constant, is defined as the average amount of energy 
falling on one square centimeter of surface placed at right angles to 
the sun’s rays just outside the earth’s atmosphere. 

A better appreciation of the magnitude of the solar constant can 
be obtained by calculating the total energy received from the sun over 
some relatively large area. An area of one square mile of the earth’s 
surface receives energy from the sun at the rate of 800 million calories 
per second, an amount equivalent to about 4,690,000 horsepower. This 
is the energy that the vegetation and we, the inhabitants, of the earth 
require to maintain a normal existence. 

If we calculate the total energy radiated by the sun in all directions 
we arrive at appalling results. By multiplying the known value of the 
solar constant by the area of a sphere 93 million miles in radius we 
obtain the figure 9 X 10 25 calories per second, or 3.8 X 10 33 ergs 
per second. An appreciation of these figures can be had by pointing 
out that if all the energy radiated by the sun could be used to heat 
the oceans of the earth the temperature would rise from the freezing 
point to the boiling point in less than 2 seconds time. Where all this 
energy comes from has long been a puzzle to astronomer and physicist 
alike. 

41.3. Source of the Sun’s Radiant Energy. Repeatedly the sur¬ 
face temperature of the sun has been measured and found, over a 
period of years, to remain constant with no signs of cooling off. It is 
difficult to quote a definite temperature for the sun since the tempera¬ 
ture is known to increase with the distance below the surface. The 
figure 6000° K, so often given, represents a kind of average tempera¬ 
ture of the visible surface layers. Calculations for various depths 



Fig. 41B—Airplane view of the famous Mt. 
Wilson Observatory in Southern California. 
The two towers at the left house the solar 
telescopes used only for studying the sun, while 
the two domes at the right house the 60-inch 
and 100-inch telescopes used only for stellar 
observations. (Photographed by E. R. Hoge, 
Fairchild Aerial Surveys.) 
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Assuming that the gravitational attraction of the sun for the earth 
is the centripetal force holding the earth in its orbit, the two equations 
above can be equated. 


m e m. 


tn.v* 


( 41<0 


Canceling m»/r from both sides and solving for m„ we get, 


v 2 r 

m, — — 


(410 


where v is the velocity of the earth in its orbit of radius r, and G is the 
universal gravitational constant whose value has been accurately deter¬ 
mined by laboratory experiments. See Eq. (5m). Since it takes 365 
days for the earth to make one revolution in its orbit the velocity v 
can be calculated from the known orbital radius. Substituting all 
known values in Eq. (4le), 


(3 X 10 a cm/sec) 2 X 15X 10 12 cm 
6.673 X 10 _8 cm 3 /gm sec 2 


1.98 X 10 33 grams. 


( 41 D 


From this mass and the known diameter of the sun (dia. = 13.9 X 
10 10 cm) an average density of 1.41 grams per cubic centimeter is 
calculated. This value is remarkable because it is considerably smaller 
than 5.5, the average density of the earth. The explanation is that 
the temperature is so high that the solar matter is almost entirely in 
the gaseous state and that deep within, the sun is under very high 
gravitational pressures. 


Table 411. Comparison of the Sun and the Earth 



Sun 

Earth 

Ratio S/E 

Mass. 

1.983 X 10 33 gm, 

5-97 X 10 37 gm 

331,950 

Radius. 

6.953 X 10 l ° cm 

6.371 X 10 8 cm 

109.1 

Aver, density. 

1.41 gm/cm 3 

5.52 gm/cm 8 

0.25 

Rotation. 

24.6 days 

1 day 

24.6 

Gravitation. 

27,400 cm/sec 3 

981 cm/sec 2 

27.89 


41.5. The Solar Spectrum. It was Newton who first allowed sun¬ 
light to pass through a glass prism and observed that what we call 
white light is really a combination of the rainbow colors red, orange, 
















628 


c -Astrophysics 


[Tart X 


yellow, green, blue and violet. If before passing through the prism 
he had allowed the sunlight to pass through a narrow slit in place of 
a circular opening he probably would have observed, as did Wollaston 
and Fraunhofer more than a century later, that the spectrum is crossed 
by a number of dark lines. Each of these dark lines represent missing 


kh e f e d c a a 



-J_1_I—I ■ I- I- L-JU. I-1-I—1—I—I-1—L- I—J—J—1-1—I—I-I-I-l—I-I-1—I—I—I—I-1—I_I_I_I_ 

0.00004 o.oooos 0.00006 o.oooot centimeters 

4000 sooo 6000 7000 angstroms 


Fig. 4lC —Diagram of the solar spectrum indicating the most prominent lines, labeled as 
they first were by Fraunhofer with the first letters of the alphabet. 


wave-lengths of light. In 1817 Fraunhofer took it upon himself to map 
out several hundred of the newly-found lines and to label eight of the 
most prominent lines by the first letters of the alphabet. The strongest 
of these lines, now called the Fraunhofer lines, are illustrated in Fig. 
41C. 

D (sodium) 




K (calcium) H 



Fig. 4lD—Photographic reproductions of the solar spectrum taken from Rowlands 

original map. 


About the middle of the Nineteenth Century the first satisfactory 
explanation of the Fraunhofer lines was given. It was the French 
physicist Foucault who first performed an experiment, similar to that 
shown in Fig. 33E, demonstrating the discontinuous absorption of light 
by a gas. He did this by allowing white light to pass through a sodium 
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flame just in front of a spectroscope slit and observing two black lines 
in the yellow part of the spectrum. Upon comparing the wave-lengths 
of these lines with the wave-lengths of the Fraunhofer D lines he found 
them to be exactly the same. The 
interpretation given to this was that 
sodium vapor must exist in the solar 
atmosphere. Evidence of this kind 
soon proved beyond a doubt that 
many of the elements found on the 
earth also exist on the sun. This was 
indeed a remarkable discovery for it 
suggested, what we now have every 
reason to believe, that the earth and 
the sun have a common origin and 
that all of the heavenly bodies are 
composed of the same chemical ele¬ 
ments found on the earth. 

In 1882 the American physicist 
H. A. Rowland ruled the first diffrac¬ 
tion grating and from photographs 
made with it published a large map 
of the sun’s spectrum. Three small 
sections of this map, the original of 
which is 40 feet in length, are repro¬ 
duced in Fig. 4lD. It was for the 
purpose of taking such photographs 
as these that the grating spectro¬ 
graphs of the tower telescopes of the 
Mt. Wilson Solar Observatory were 
later constructed. A photograph of 
these towers is seen in Fig. 4lB, and 
a plan diagram of the taller of the 
two is given in Fig. 41E. 

Direct sunlight, after reflection 
from two flat mirrors Mi and M 2 at 
the top of the tower, passes straight downward through a large glass 
lens L of 150 ft focal length which forms an image of the sun about 
16 inches in diameter on a table SP at the ground level. There the 
sun’s image falling directly on the table top may be observed and 



Fig. 41E—Diagram of the 150-foot Sun- 
Tower Telescope of the Mt. Wilson Solar 
Observatory. 
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studied directly, or the light from any selected part of the image may 
be passed through the slit 5 of a 75 ft spectrograph. Leaving the slit 
the light descends to the collimating lens 75 ft below, falls on a diffrac¬ 
tion grating, and returns through the same lens to the ground level. 
There on the same table, beside the sun’s image, the spectrum with its 
thousands of dark lines may be observed directly or photographed for 
later detailed study. 

41.6. Interpretation of the Fraunhofer Lines. The solar spec¬ 
trum consists of a bright-colored background interspersed by thousands 
of dark lines. These lines are explained as being due to the absorption 
of light by the solar atmosphere. The surface of the sun at a tempera- 



Fig. 41F— Light from the sun must pass through the solar atmosphere and the earth's 
atmosphere before reaching an observer on the earth’s surface. 

ture of 6000° K emits light of all wave-lengths, i.e., a continuous 
emission spectrum. As this light passes out through the cooler gas 
layers of the solar atmosphere, see Fig. 4IF, certain wave-lengths are 
absorbed. Because the absorbing medium is in the gaseous state the 
atoms and molecules there do not absorb all wave-lengths equally but 
principally those wave-lengths they would emit if heated to a high 
temperature. Thus the atoms of one chemical element with their own 
characteristic frequencies absorb certain wave-lengths, while the atoms 
of other elements absorb certain other wave-lengths. 

Before the sunlight reaches the earth’s surface to be examined by 
an observer with a spectroscope it must again pass through absorbing 
gases, this time the earth’s atmosphere. Here, too, certain wave¬ 
lengths are partially absorbed, producing other dark lines. The lines 
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and shape. Some of them are observed to grow from day to day while 
others are seen to be decreasing in size and later to vanish entirely. 
Continued observations indicate quite clearly that sun spots are the 
results of gigantic solar disturbances which, starting probably from 
deep within the sun, rise to the surface often spouting great masses of 
flaming gas into the solar atmosphere. As soon as these gases reach 
the surface, on their way up, the pressure decreases and they cool to a 
lower temperature by expansion. Being a little cooler than the rest 
of the sun’s surface they look black. Actually they, too, are of a blind¬ 
ing brightness, but look black only by contrast with the brighter 
background. 

The flames that are sometimes ejected from sun spots often rise 
to great heights above the sun. Hurled upwards at a speed of thou¬ 
sands of miles per hour they occasionally rise to heights of several hun¬ 
dred thousand miles before dissipating a sufficient amount of energy to 
become lost in the solar atmosphere. These violent outbursts, al¬ 
though not always arising from sun spots, can best be seen at the limbs 
of the sun where, observed from the side, they are called prominences. 
See Fig. 411. 

41.9. Effect of Sun Spots on the Earth. Sun-spot records col¬ 
lected over a long period of years, show clearly that sun spots come in 
eleven-year cycles. They were especially numerous for example, in 
1895, 1906, 1917, 1928, and 1939, and should be so again in 1950. 
This does not mean that spots are only seen during these particular 
years but that on the average they come like waves, rising to a maximum 
one year and then falling to a minimum 4 or 5 years later. Such 
periodic changes are shown graphically in Fig. 4lJ. 

The cycle, it will be noted, is somewhat irregular in duration, and 
though the average duration is about 11 years, the interval measured 
from minimum to minimum or from maximum to maximum has been 
as short as 8 years and as long as 17 years. Successive maxima may be 
unequal, some being much higher than others. The year 1939 was one 
of great activity, probably the greatest since 1871. During 1937 there 
were seventeen large spots each of which reached an area more than 5 
times the total surface of the earth. 

There are several terrestrial phenomena that can positively be 
associated with, and are known to be produced by, sun spot activity. 
One of these is the appearance of the aurora borealis in the Northern 
Hemisphere or the aurora australis in the Southern Hemisphere. 



Fta. 411—Photograph of one of the solar 
prominences photographed on July 9, 1917. 
The small white disk shows the size of the 
earth. ( Mt . Wilson Observatory .) 
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Accompanying large sun spot activity, each eruption gives rise to 
great showers of ionized atoms and electrons which, shooting out into 
free space, may arrive at the earth some 30 hours later. As explained 
for cosmic rays in Chapter 37, these charged particles are bent in their 
paths by the earth’s magnetic field by way of the north or south mag¬ 
netic poles. In passing through the upper atmospheric layers these 
electrified particles ionize the air molecules, causing them to give out 
light. That this is a correct explanation is evidenced by the fact that 
the same auroral green light has been produced in the experimental 
laboratory. This demonstration is the result of a long series of success¬ 
ful experiments carried on principally by J. Kaplan. 

A second correlation with sun spot activity, and one which keeps 
in step with the showers of ionized particles from the sun, is the fre¬ 
quency of magnetic storms. During years of greatest sun spot activity 



Fig. 41 J —Graph of number of sun spots recorded over a period of 75 years. Dotted 
line above shows natural fluctuations of the water level in a fresh-water lake over a 
period of 35 years. 


magnetic storms are more numerous. When a magnetic storm occurs 
the compass needle may swing rapidly from one to two degrees about 
its average position. These storms frequently cause interruptions in 
telegraphic, telephonic, and radio communications. 

Another alleged consequence of increased sun spot activity is a 
tendency toward an increase in the average yearly rainfall over the 
earth. As shown by the experiment demonstrating the action of a 
Wilson cloud chamber in Sec. 31.6, fogdrops and raindrops form only 
on charged particles. See Fig. 31B. Since the showers of electrified 
particles from the sun spots increase the ionization of the earth’s 
atmosphere it might be expected that the average yearly rainfall would 
vary with the eleven-year sun spot cycle. Although there are some who 
doubt this correlation there seems to be good evidence that it is real. 
Part of this evidence is shown by the dotted curve in Fig. 41], repre- 
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senting the yearly rise and fall of the water level, in the big fresh water 
lake Victoria Nyanza, in equatorial Africa. 

In still another way nature comes to our aid and gives us, in trees, 
a permanent and excellent record of the same yearly rainfall. If a 
tree is cut down and we examine a cross-section of the trunk we find a 
series of concentric rings extending from the center to the bark as 
shown in Fig. 4 IK. Since each ring represents the growth of a single 
summer we can determine the age of the tree by counting the number 
of rings. Now in dry years a tree grows very little, whereas in wet 
years it grows more rapidly producing a broader ring. An extensive 



Fig. 4lK —Cross-section of a Scotch pine tree from Eberswalde showing its periodic 
growth with time. The arrows mark the time when sun spot activity reached a maximum. 
(After A. E. Douglass, Carnegie Institution of Washington, Pub. No. 289, Vol. 1, 1919.) 

research study of tree cross-sections has been made by A. E. Douglass, 
in which it is shown that a direct correlation between ring thickness 
and sun-spot activity exists. This is clearly indicated by the unusually 
good photograph in Fig. 4lK. The arrows mark the years of most 
rapid growth. Though such clearly defined periodicities as this are 
rarely observed, measurements of average ring widths in hundreds of 
trees are convincing evidence of the alleged sun spot correlation. 

41.10. The Photosphere and Chromosphere. The luminous sur¬ 
face of the sun directly visible in a telescope as a disk is called the 
photosphere. Lying above the photosphere is the sun’s atmosphere 
consisting of luminous but very nearly transparent gases in a rarefied 
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state. Because of the enormous intensity of the photosphere the sun’s 
atmosphere is visible only at the time of a total eclipse. At the time of 
an eclipse when the moon passes directly in front of the sun, the main 
luminous body of the sun is completely cut off, the landscape gets dark 
and the stars come out as at dusk, and finally the brilliant flare of the 
corona becomes visible. 

The lowest layer of the solar atmosphere, extending to a height 
of a few hundred miles, is called the reversing layer. It is this layer 
that is responsible for a large share of the absorption producing the 
Fraunhofer lines. Above the reversing layer and extending to a height 
of several thousand miles is the layer called the chromosphere, the 
region of the prominences. The outer envelope, a region of very low 
density and extending to very great heights, is the corona. 

Spectroscopic studies show that the chromosphere is almost entirely 
composed of ionized calcium, accompanied by hydrogen and helium, 
as well as smaller quantities of ionized strontium, magnesium, sodium, 
etc. The prominence of the calcium H and K lines (see Fig. 41D), 
as well as the hydrogen C line (H„) in the Fraunhofer spectrum is 
evidence of this. More direct evidence is found in the flash spectrum 
shown in Fig. 41L. 

Until recently astronomers were puzzled by the fact that the solar 
atmosphere extends to such great heights. They were puzzled because 
calculations show that the atmosphere, under the intense gravitational 
attraction of the sun, should extend but a few miles above the 
photosphere. Since this is not the case there must be some other 
force tending to neutralize gravity, thus permitting the gases to rise. 
The phenomenon now believed to be responsible for this outward 
force is called radiation pressure. 

Light, as we know from laboratory experiments, is capable of 
exerting a pressure. Such a phenomenon is entirely in agreement with 
the quantum theory of radiation, for each light quantum in being ab¬ 
sorbed by an atom will give up its energy and momentum, causing the 
atom to recoil in the forward direction. Under the continuous bom¬ 
bardment of thousands of photons per second a single atom may 
therefore be propelled upward away from the sun’s surface against the 
downward pull of gravity. It is not difficult therefore to understand 
why the lightest of all gases, hydrogen and helium, should float to the 
top of the atmosphere; but why such huge quantities of calcium, a 
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reasonably heavy element (at. wt. 40) should be more or less singled 
out must be explained. 

Lower down in the reversing layer where many kinds of gases 
exist, the intense radiation from the photosphere ionizes the gas atoms 
by absorption. Neutral and ionized atoms alike can absorb other light 
quanta, become excited, and re-emit the light again as explained in 
Sec. 33.9. If for a single atom this absorption and re-emission process 
is repeated thousands of times per second the recoil from the colliding 
photons will propel the atom upward against gravity. High up in the 
chromosphere the radiant energy diminishes in intensity and the 
radiation pressure for such atoms becomes equal to the gravitational 
attraction. In the chromosphere, therefore, the floating of certain 
atoms is analogous to the floating of feathers on a rising current of 
warm air. 

Calcium atoms differ from most other kinds in that once they 
become ionized they are particularly sensitive to the absorption of the 
light. In other words, they behave as if they grew in size and became 
larger targets for the rising current of photons. Equally important is 
the fact that the radiation to which they are sensitive, wave-lengths of 
the H and K lines, is a region of the spectrum not far from the energy 
maximum radiated by the photosphere at 6000° K. (See Fig. 32B.) 
Calculations by Milne show that a single ionized calcium atom, sub¬ 
jected to 20,000 collisions per second, can counterbalance solar gravita¬ 
tion, and that a higher rate than this will propel it upward. Were it 
not for the absorption of much of the H and K radiation by the calcium 
atoms down in the reversing layer all of the calcium of the chromosphere 
would be blown away from the sun entirely. That some calcium does 
escape from the sun as well as from many of the stars is evidenced by 
the large ionized calcium content, of about one atom per cubic cen¬ 
timeter, in free space. The reason atoms like sodium are not found 
high up in the chromosphere is that they are all ionized and as such 
are sensitive only to light in the extreme ultraviolet spectrum, i.e., wave¬ 
lengths that are weak compared to others in solar radiation. 

41.11. The Flash Spectrum. The Fraunhofer lines of the solar 
spectrum are not absolutely black, that is, devoid of light; they are 
dark only by contrast with the far brighter colored background. 
Actually the sun’s atmosphere is not cold but, as seen at the time of the 
total eclipse, is quite hot and emits light of its own. When this light 
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is observed in a spectroscope it consists of a bright-line spectrum called 
a flash spectrum . 

The photograph of the flash spectrum reproduced in Fig. 4lL was 
made in the following way. At just the instant before the moon’s disk 
blanks out all of the sun’s disk, leaving only a narrow bright crescent 
of the sun to be seen on one side, the light is allowed to pass through 
a spectroscope. With the customary slit and collimating lens removed 
from the instrument each spectrum line becomes a crescent-shaped 
image of the sun as seen by light of that wave-length. Note the in¬ 
tensity of the H and K lines due to ionized calcium, and the prominences 
that appear at the same points on each image. Also note the intensity 
of the hydrogen lines H a , Ha, H 7 , etc., indicating the presence of large 
amounts of hydrogen in the chromosphere. 



Fig. 4lL—Photograph of the flash spectrum taken at the time of a total eclipse of the sun. 
Note the prominences. (Courtesy of the Lick Observatory.) 


41.12. The Spectroheliograph. An ingenious device for the study 
of solar prominences, an instrument called the spectroheliograph, was 
invented independently by the two astronomers, Hale and Deslandres, 
in 1890. This instrument, employing a diffraction grating, enables 
one to make a photograph of the sun and its prominences using the 
light of one wave-length only. 

The spectroheliograph, a schematic diagram of which is given in 
Fig. 4lM, is used in conjunction with a telescope lens, and is usually 
mounted in a tall tower similar to that shown in Fig. 41E. The 
purpose of the tower lens L is to focus an image of the sun 0 on a 
screen QR as in Fig. 41M. In this screen, which is capable of motion 
in a horizontal plane, two slits S and S' are located a fixed distance 
apart, one slit receiving a small segment of the solar image. After 
passing through 5 the light from this segment is diffracted into a spec¬ 
trum in the ordinary way by the lens and grating at the bottom of the 
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figure. Each spectrum line, A to K, becomes an image 1 of the segment 
O intercepted by 5. By tilting the grating any particular spectrum line, 
for example the hydrogen line H a (called C by Fraunhofer), can be 
made to pass through the slit S' where it strikes a photographic plate P. 
As the screen QR, along with the attached lens L and grating G, 


sunlight from, 
tower lens 



move slowly to the left the slit S moves across the sun’s image inter¬ 
cepting a continuous succession of segments whose exact images, in 
the light of Ho, are photographed side By side on the fixed photographic 
plate P. It is in this way that the two photographs at the right in 
Fig. 4lN was originally made, except that the K-line due to calcium 
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was used in place of H*. The solar prominence reproduced in Fig. 411 
was also made in the light of the X-line due to calcium. The latter 
demonstrates that the prominence contains calcium. 

Hale introduced a remarkable innovation to the spectroheliograph 
by causing the screen QR in Fig. 4lM, with its two slits S and S', to 
move back and forth over the sun’s image about sixteen times per 
second. With a ground glass screen at P, in place of a photographic 
plate, an image of the sun in any wave-length of light can be observed 
with the eye directly. For example, one can observe the rising of the 
calcium gas in the flames of a large prominence, then shift to the Ha 
line and observe the hydrogen gas in the same prominence. 
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QUESTIONS 

1. What is the approximate intensity of illumination at sea level at noon on a 
clear day? What is the approximate intensity of the sun in candle power? 
Define and give a numerical value for the solar constant. 

2. Explain what is believed to be the source of the sun’s radiant energy. 

3. What is the average density of (a) the earth, and (b) the sun? 

4. Briefly explain the origin of the Fraunhofer lines of the solar spectrum. 

5. What are sun spots? Explain. What effects do they have upon the earth? 

6. Name the various layers of the solar atmosphere starting with the deepest 
layer observable. Give their approximate heights. 

7. Since the entire sun is believed to be in the gaseous state what prevents it, 
under the strong gravitational attraction existing at the surface, from collaps¬ 
ing into a much smaller space? 

8. What is the flash spectrum? Under what conditions is it observed? 

9. What is a spectroheliograph? How does it operate? Make a diagram show¬ 
ing how a photograph of the sun may be made with the light from ionized 
calcium. 



Fig. 4lN—Photographs of the sun taken four 
days apart. The two on the left were taken in 
direct sunlight. The two on the right were 
taken in calcium light only. Note the rotation 
of the sun as shown by the relative positions 
of the spots above and below. (M/. Wilson 
Observatory.) 



Chapter 42 * The Stars 

We know now that our own sun is but an ordinary star among 
millions of others and that some stars in the sky are larger, intrinsically 
brighter, and considerably more massive than "Old Sol.” The reason 
our sun does not appear to us as an ordinary star is that it is enormously 
nearer to us than any of the others. 

When in some future generation man is able to construct reliable 
space ships capable of carrying him out into free space, his various 
trips into the great void surrounding our own relatively small solar 
system will of necessity be very long and extended. This would be 
true even though the speed of space ships could be increased to the 
limit where they traveled with the velocity of light. While such a space 
ship could travel across the earth’s orbit in seventeen minutes and could 
reach the remotest Planet Pluto in five hours it would take several years 
to reach even the nearest star. Traveling with the speed of light it 
would require 4y 2 years to reach Proxima or a Centauri, the nearest 
stars, and to reach Sirius, the brightest star in the sky, it would take 8% 
years. 

42.1. Stellar Distances. On the average the stars in the sky are 
millions of times as far apart as the planets in our own solar system. 
It is for this reason that astronomers use the light-year as a unit of 
length, the light-year being defined as the distance light travels in one 
year’s time. One light-year equals 5.88 X 10 1 ' 2 miles, or about 6 
million million miles. More commonly a somewhat larger unit the 
parsec is used, one parsec being equal to 3.25 light years. 

To illustrate the sparseness of stars in space consider the analogy 
of a dozen fireflies located at random in a cage the size of the earth 
and each moving with a velocity of one inch per hour. It would be 
reasonably certain that as they move about within their cage they would 
not frequently bump into each other. To be seen by each other at all 
times as points of light with the equivalent brilliance of an average 
star they would each have to have an intrinsic brightness of ten million 
candle power. 
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The distances of the stars were first accurately determined by the 
trigonometrical measurement of parallax. Parallax is defined as the 
apparent displacement of a stationary object due to a real motion of 
the observer. To illustrate this, reference is made to Fig. 42A where at 
the extreme left the earth is shown at four points in its orbit around 
the sun. When the earth is at £1 a nearby star is observed in a direction 
EiS. Three months later when the earth is at £2 the same star is ob¬ 
served in a direction E 2 S, while six and nine months later it is at £3 and 
£4 and the star appears in the directions of E3S and E4S respectively. If 
now we could measure the angles E 1 E 3 S and E 3 E 1 S, then from the 
known diameter of the earth’s orbit E 1 E 3 = 186,000,000 miles, we 
could calculate d the distance to the star. 

This is exactly the method of triangulation commonly used by sur- 


fixed stars _ * 



Fig. 42A—Diagram illustrating the annual parallax of a nearby star, a method used in 

measuring stellar distances. 


veyors in locating a far away point without actually going there to 
measure it. They first lay off a base-line of known length, usually at 
right angles to the direction leading to the object, and from each end of 
the line measure the angle between the base-line and the distant point. 
Knowing two angles and the included side of the triangle thus formed 
the third angle and the lengths of the other two sides can be calculated 
by trigonometry. 

Since every star treated by the surveyors’ method forms a triangle 
with two different positions of the observer, one side of which has 
exactly the same length for all triangles, namely, the diameter of the 
earth’s orbit, the astronomers have made it common practice to express 
the distance of nearby stars by specifying the angle subtended at the 
star by Y 2 the diameter of the earth’s orbit. This angle p, called the 
annual parallax, is illustrated in Fig. 42A. For the two stars nearest 
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the earth, Proxima and a Centauri, the annual parallax p amounts to 
only 0.7 of one second of arc while a Cygni, 150 times more distant, has 
an annual parallax of 0.005 second of arc. (There are 60 minutes of 
arc in one degree and 60 seconds of arc in one minute.) Since the 
parallax angles of stars are so very small the method just described can 
only be used to determine the distances to the nearest stars. 

For most of the stars in the sky the distance from the earth is so 
great that they exhibit little or no measurable parallax. Because they 
do not appear to move relative to one another they are called the fixed 
stars and serve as a background for determining the annual parallax 
and hence the distance of a few nearby stars. As illustrated by the 
dotted lines extending from S to Si, S 2 , S 3 and ^4 in Fig. 42A it is clear 
why a nearby star like a Centauri appears to move in a circular or ellip¬ 
tical path over a small region among the fixed stars. 

By noting the extreme points Si and So of the star’s apparent mo¬ 
tion the annual parallax p is determined in practice by measuring the 
angle S 1 E 1 S 3 and dividing by 2 . The reason for this is that the angle 
S1SS3 is equal to 2 p or twice the annual parallax p. Since the distance 
to the fixed stars is usually many times greater than the distance of the 
nearby star whose parallax is being measured the two angles, S 1 E 1 S 3 
and S1SS3, can be assumed equal. Thus the distances to the nearest 
stars are determined by noting the limits of their annual motions 
around a closed path among the fixed stars. The limits of these paths 
are measured from photographic plates taken at various times of the 
year. Of course the fixed stars also have parallax but in general it is so 
small that for nearby stars it may be neglected. 

42.2. Stellar Magnitudes. We need only look at the night sky 
to observe how greatly the stars differ from one another in brightness. 
The observed brightness, or apparent magnitude of a star depends 
upon its intrinsic brightness, or luminosity, and upon its distance away. 
A star may appear bright because it is near to us or it may appear faint 
even though it is extremely brilliant but at a very great distance. 

Records show that over eighteen centuries ago Hipparchus and 
Ptolemy arbitrarily classified the visible stars into six magnitudes. The 
stars of the first magnitude they called the brightest and those of the 
sixth magnitude they called the faintest. With the invention of the 
telescope by Galileo centuries later this classification was extended 
to fainter stars by using larger and larger numbers. It was John 
Herschel who discovered in 1830 that a star of the first magnitude is 
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about one hundred times brighter than a star of the sixth magnitude. 
In other words we receive about one hundred times as much light from 
a star of the first magnitude as we do from a star of the sixth magnitude. 
This means that a star of one specified magnitude is about two and 
one-half times brighter than a star one magnitude fainter. (The fifth 
root of 100 is 2.512). 

According to this generally adopted scale of magnitudes the star 
a Tauri is a typical first magnitude star and Polaris (The North Star) 
is a typical second magnitude star. 

42.3. Absolute Magnitude. The relative differences in the bright¬ 
ness of the stars are not entirely due to their different distances from 
us. If all the stars in the sky could be brought to the same distance 
from the earth they would still differ greatly in brightness. Observed 
from equal distances their relative intensities would be a direct measure 
of what is called their absolute magnitude. The standard distance at 
which we imagine this comparison to be made was agreed upon by 
the International Astronomical Union in 1922 as 10 parsecs, or 32^ 
light-years. 

Knowing the actual distance of a star from its measured parallax 
and its apparent magnitude from its measured brightness, and remem¬ 
bering that the intensity of a light source varies inversely as the square 
of the distance (Eq. 22 e), the absolute magnitude of the star is easily 
calculated. The scale is such that for a star whose distance is 10 
parsecs the absolute magnitude is equal to the apparent magnitude, 
whereas a star whose distance is 20 parsecs, i.e., twice as far, the 
brightness is four times the apparent brightness (not four magnitudes 
but four times as bright). The magnitudes of a few stars are given in 
Table 421. 

It will be noted from the last two columns that each of the stars 
listed, except the companion of Sirius, is intrinsically brighter than the 
sun. The relative brightness of two stars is obtained mathematically 
by raising the decimal 2.5 by a power whose value is given by the 
difference between their absolute magnitudes, a Cygni the brightest, 
for example, is about 10 magnitudes or 10,000 times brighter than the 
sun (2.5 10 = 10,000). Though we of the solar system occupy a part 
of space in which there are many stars definitely above the average in 
luminosity, the majority of the stars in the universe are intrinsically 
fainter than our own sun. Roughly speaking all of the stars which look 
bright in the sky are intrinsically brighter than the sun. 
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Table 421. Magnitudes of Ten of the Brightest Stars 



Apparent 

Magnitude 

Absolute 

Magnitude 

Luminosity 

Sun. 

—27 

1-1.58 

1 8.44 

2.40 

0.33 

0.14 

0.21 

0.24 

0.48 

0.86 

1.33 

4.85 

1.3 

11.3 

1.4 

4.7 

0.6 

-0.6 

-0.2 

3.0 

-3.9 

-5.2 

1 

26 

0.003 

24 

1.12 

50 

150 

100 

5.4 

3,100 

10,000 

a Canis Majoris. \ v 

1 (Faint Companion)... 

f Ursa Majoris A. . .(Mizar). 

a Centauri. 

a Lyrae.(Vega). 

a Aurigac.(Capella). 

a Bootis.(Arcturus). 

a Cavis Minoris.(Procyon). 

Centauri. 

a Cygni.(Dcncb). 


42.4. Stellar Spectra. It is not generally realized that all of the 
stars, excluding our own sun and nine planets, are so far away from 
the earth that the largest telescopes reveal them only as pin-points of 
light. Even the 200-inch telescope on Mt. Palomar in Southern Cali¬ 
fornia, see Fig. 42B, is not large enough to reveal detailed structure 
of any star. The great value of this large instrument lies almost 
entirely in its tremendous light gathering power, a feature which 
makes it possible to photograph fainter and more distant stars than 
ever before. 

The astronomer obtains most of his information about a star by 
means of the spectrograph. This optical instrument is usually a prism 
instrument of one of the types illustrated in Fig. 32E, and is attached 
to the viewing end of a telescope. Such an arrangement as it is con¬ 
structed for use with the Palomar telescope is illustrated by a diagram 
in Fig. 42C. Parallel light from a star is shown passing down the axis 
of the tube where it is reflected from the concave surface of the giant 
200 -inch concave mirror M. Converging toward the focal point F 
55 ^ ft away the light is reflected from a 32-inch convex mirror C back 
down the axis of the telescope, where, from a smaller plane mirror K, 
36 X 53 inches, it is reflected along the polar axis of the telescope 
mounting to the slit 5 of a spectrograph. There, after dispersion by 
a prism, the light falls as a spectrum upon a photographic plate P. 
This particular optical system for the telescope is called the Coud6 
arrangement. Note in Fig. 42B the large U-shaped bearing at the top 























Fig. 42B—Drawing of the 200-inch tele¬ 
scope on Mt. Palomar in Southern California. 
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of the yoke permitting the telescope to be pointed any place in the 
general direction of the North Star, Polaris. 

Spectrograms of four of the brightest stars in the sky are repro¬ 
duced in Fig. 42D. The center strip in each set of the four sets of 
spectrograms represents the absorption spectrum of the star, while the 
two identical strips on each side are of the iron emission spectrum pro¬ 
duced by a laboratory arc for comparison. From spectra such as these 
the astronomer is able to determine the distances, brightness, and sizes 
of the stars, as well as their composition, surface temperature, radial 



Fig. 42C—Outline of 200-inch telescope showing its use in conjunction with a prism 

spectrograph. 


velocity, and mass. Just how these determinations are made will be 
presented briefly in this and the following sections of this chapter. 

That the stars are composed of the same chemical elements found 
on the earth is seen best in the spectrogram of Arcturus, where op¬ 
posite every line of the iron spectrum an absorption line occurs in the 
stellar spectrum. The other stellar lines, by similar comparison with 
the lines from other elements produced in the laboratory, are found 
to coincide exactly. The spectrum of Vega at the top shows principally 
the hydrogen spectrum with a trace of the H and K lines of calcium, 
and is characteristic of a temperature of 10,000 degrees. The many- 
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line spectrum of Arcturus at the bottom is characteristic of a tempera¬ 
ture of about 4200 degrees. 

When two stars show identical spectra, or very similar spectra, as 
for example Deneb and Vega in Fig. 42D, we know that their surfaces 
are at the same or nearly the same temperature and therefore are 
emitting the same or nearly the same amount of light per square inch. 
When two stars show quite different spectra, as for example Vega and 
Arcturus, their surfaces must be at different temperatures and they must 
be emitting different amounts of light per square inch. The surface 
temperature of the stars is determined by comparing the relative in¬ 
tensities of the stellar lines with the spectra of various elements 
photographed at different temperatures in the laboratory. (See 
Fig. 33F.) 


H\Hk Hi Ho 


XLyr&e 
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Fig. 42D—Spectrograms of four giant srars. A comparison spectrum of iron is given above 
and below each stellar spectrum. Region 3600-4150. (Ait. Wilson Observatory.) 


42.5. Inside A Star. Surprisingly enough the masses of stars do 
not vary as widely as do their corresponding magnitudes. To illustrate 
this, the sun, which is just a little above the average star in several 
respects, has a mass of 

2 , 200 , 000 , 000 , 000 , 000 , 000,000 tons. 

By dropping one of the "0’s” from this number we arrive at the 
mass of the lightest stars or by adding one "0” we obtain the ap¬ 
proximate mass of the heaviest and largest stars. 

The most satisfactory explanation of how Nature divides matter 
into such nearly equal masses was first given by the English astronomer 
A. S. Eddington. Eddington’s theory is based upon two fundamental 
assumptions; the first, that gravitational attraction tends to draw all 
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matter together and the second, that radiation pressure, i.e., light pres¬ 
sure (see Sec. 41.10), counteracts the attraction and allows only certain 
amounts of matter to accumulate in any one region of space. 

When rarefied matter in free space is drawn together by gravita¬ 
tional attraction the collisions between atoms increase and the tempera¬ 
ture, due to compression, rises. If matter enough exists for more than 
one star several focal centers will develop. To understand this better 
we must peer into the interior of the star and determine the nature and 
magnitude of the various forces acting to preserve equilibrium. 

Though all of the larger stars are composed entirely of matter in 
the gaseous state, most of them are so opaque to light that only their 



Mass in units of Solar mass 


Fig. 42E—Mass-Luminosity curve showing agreement between Eddington’s theory (solid 
curve) and observation (dots and crosses). 


surfaces are observable from a distance. While there is no direct way 
known of observing the interior of a star like our own sun, it is rea¬ 
sonably certain that deep down within such a mass the temperature is so 
extremely high that matter is a conglomeration of atoms, electrons, and 
light waves all moving about at tremendous high speeds. 

Under the devastating bombardment from all sides each atom is 
stripped of most or all of its electrons. The freed electrons and the 
light waves as they go darting back and forth are first taken up by one 
atom and then re-emitted, only to be captured again by another. 
Atoms, electrons and light waves, all bumping into each other like 
the molecules of a gas, give rise to an outward pressure which if great 
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enough will just counterbalance the inward force of gravity. If the 
gravitational forces are greater the star contracts slowly, and the 
resulting rise in temperature increases the pressure until it and the at¬ 
traction are in balance. If the outward pressure is greater the star 
expands, causing temperature and pressure to drop until the forces 
counterbalance. 

Near the center of a star where the atoms are stripped of their elec¬ 
trons the light waves are of such high frequencies (*>), and therefore 
high energies (bv ), that they should be called x-rays. Under the very 
high temperature conditions existing in this region a large part of the 
pressure is due to x-ray collisions. It is for this reason that the outward 
pressure is referred to as radiation pressure. Furthermore, the atoms 
and electrons, though they are under terrific bombardment from the 
x-rays, do not migrate toward the surface for they are held back by the 
strong gravitational attraction. Not so with the x-rays, for they, 
being only weakly attracted by even the strongest gravitational fields, 
migrate slowly outward in their " 2 ig-zag” path from atom to atom. 

The gradual filtration of x-rays toward the surface of a star is 
accompanied by a gradual lowering of their frequencies. At the sur¬ 
face most of the radiations escaping are of sufficiently low frequencies 
to be classified as visible, ultraviolet, and infrared light. 

Eddington’s calculations show that with increasing mass, radiation 
pressure becomes more and more important until at a mass value a 
little greater than that of our own sun the forces due to radiation 
pressure and gravitational attraction become equal in magnitude. Thus 
when gravitational attraction gathers stellar matter together to form 
a star, radiation pressure prevents too much from accumulating around 
one focal center. 

42.6. Relation Between Mass and Luminosity. One of the 
results of Eddington’s theory of star formation is the relation shown 
by the Mass-Luminosity Curve in Fig. 42E. The solid line represents 
the calculations from theory and the dots of various shapes represent 
experimental determinations of mass and luminosity. The black dots 
are the most accurate values and start with Kruger 60, a faint star with 
a measured luminosity only one percent that of the sun, and ending 
with Capella, a star with a measured luminosity 150 times that of the 
sun. 

The squares in the diagram represent a particular class of stars 
known as Cepheid variables, and the triangles represent another class 
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known as eclipsing variables. The crosses represent stars of various 
descriptions, the measurements for which are not considered as very 
accurate. Once a curve of this kind becomes established as an experi¬ 
mental fact it can be used to determine the mass of any other star 
from a measurement of luminosity. 

When Eddington first formulated his theory of stellar stability he 
considered only the giant stars whose density is so low that nearly all 
of their mass is known to be in the gaseous state. Capella is just such 
a star in question, for it has a density about the same as the air in the 
room in which you are sitting. Although the theory was derived for 
such nebulous stars it was a great surprise to everyone when it was found 
to hold for stars like the sun with a density greater than water, and even 
for a star like Kruger 60 with an average density of iron. Eddington 
originally hoped that the theory might be trusted to the extent that he 
could see how far the dense stars fell from the curve in Fig. 42E, and 
thus determine how far the stellar matter departed from being a perfect 
gas. 

The conclusion to be drawn from the fact that all types of stars fall 
on this theoretical curve is that the dense stars have a structure that 
can be called a perfect gas. The essential feature of a perfect gas is 
that there is plenty of space between the separate atoms to permit 
freedom of motion. As a gas is compressed into a smaller volume the 
atoms themselves are not squeezed but only the space between them 
made smaller. Continued compression, however, will eventually reach 
a point where the atoms come into permanent contact and any further 
compression requires squeezing the atoms themselves. When this con¬ 
dition is reached the forces of compression increase very rapidly and 
we no longer have a gas but a liquid or solid. 

In the laboratory the atoms of a gas are so large that when con¬ 
tinued compression brings them into contact with each other the gas 
becomes a liquid or solid. The solid state therefore is the state in 
which matter here on our earth has its greatest density. Platinum, the 
heaviest metal, weighs 21.5 grams per cubic centimeter. At the center 
of the sun the atoms are much smaller in size than our terrestrial atoms. 
The lighter atoms like hydrogen, helium, lithium, etc., are completely 
stripped of their electrons and occupy hardly any space at all, while 
the heavier atoms retain only a few closely bound electrons (the two 
K-shell electrons and perhaps several L-shell electrons, see Fig. 351) 
afid have a diameter less than one hundredth that of a normal atom. 
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Atoms stripped of their electrons can therefore be compressed into 
ever so small a volume without bringing the atoms into permanent 
contact with each other. Hence matter at the center of the sun might 
well be many times more dense than platinum and still have the 
properties of a perfect gas. The evidence that densities hundreds 
of times greater than the density of gold or platinum actually exist 
in the stars will be presented in Sec. 42.8. 

42.7. Double Stars. Many stars as they drift slowly along through 
space travel alone, others travel in pairs, while still others travel in 
groups called clusters. There are, for example, about twenty thousand 
stars known to the astronomers as double stars. In some of these binary 
systems the stars are far apart and revolve slowly around each other, 
while in others they are very close together and revolve rapidly about 
their common center of mass. In some cases the stars are nearly equal 
in size and luminosity, while in others they are quite different. 

A majority of the known double stars consist of two components 
which are neither alike nor greatly unlike each other. Kruger 60, 
the double star presented by the two dots at the left in Fig. 42E, is an 
example of such a system, since one star is about twice as bright and 
one and one half times as massive as the other. 

If a star is not resolved as double by a telescope there are at least 
two different ways of detecting whether it is a binary system or not. 
If the plane of the orbit of a binary system lies in the line of sight the 
stars may eclipse one another at every half revolution and cause periodic 
variations in brightness. Such a system is called an eclipsing binary, 
or an eclipsing variable. There are many instances of this kind where 
a star appears to shine with constant intensity night after night and 
then diminishes for a short period of time, only to brighten up again 
and go on shining with its original intensity. Continued observations 
show that this loss of light repeats itself periodically. In cases of 
this kind one of the two stars is relatively non-luminous and acts as a 
screen to cut off the light from the bright star as it passes in front of it. 

From the earliest times it has been recognized that Mizar, the bright 
star in the middle of the handle of the "Big Dipper,” has a fainter com¬ 
panion that can be seen with the unaided eye. As a matter of interest, 
the ability to see these two stars, Mizar and its companion Alcor, as a 
doublet has long been considered a test for good vision. 

Soon after the invention of the telescope by Galileo, Riccioli made 
the discovery that Mizar itself is a double star. As a binary system. 
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Mizar A of magnitude 2.4 and Mizar B of magnitude 4 rotate around 
each other once in every several thousand years. 

Since Mizar A and B are far enough apart to appear in a telescope 
as two bright points of light, the spectrum of each one can be photo¬ 
graphed separately. A study of their spectra shows that each is in 
reality a still closer doublet. A star that is detected as double by means 
of its spectrum is called a spectroscopic binary. As an illustration, on 
one particular night the spectrum of Mizar A will be composed of 
ordinary spectrum lines, as observed in Fig. 42F(a), and several nights 
later each spectrum line will appear double as in (b). Continued 
observations of this same star show that all spectrum lines become 
double at the same time, each pair of lines spreading out, then con¬ 
tracting to a single line again, only to repeat the process in equal inter¬ 
vals of time. 


« 
b 

Fig. 42F—Spectra of Mizar A showing ( a) single and ( b) double lines. Mizar A 
is the middle star in the handle of the "Big Dipper." The bright-line comparison spectrum 
above and below are iron lines from a laboratory iron arc. (Mt. Wilson Observatory.) 

The explanation is given that the plane of the orbit of the rotating 
doublet has an appreciable component in the line of sight and that the 
shifting of the spectrum lines is due to the Doppler effect. While one 
star is approaching us and crowding the emitted light waves together, 
the other star is receding from us and lengthening its emitted light 
waves. In this way spectrum lines of the approaching star appear at 
shorter wave-lengths, while those of the receding star appear at longer 
wave-lengths. Later, when the two are in line with the observer, 
neither one is approaching nor receding so that their light waves 
emitted toward the observer are neither shortened nor lengthened and 
the spectrum lines fall together. By measuring the time interval be¬ 
tween the successive doubling of the lines in Fig. 42F Mizar A has been 
found to have a period of rotation of 20^ days. 

Since the change in wave-length of light from a moving source 
depends upon velocity, a measure of the maximum separation cf the 
double spectrum lines furnishes the necessary data for a calculation of 
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the velocity of the stars in their orbit. In the case of Mizar A the stars 
are found to have an orbital velocity of 40 miles per second. Knowing 
the period of revolution to be 20 y 2 days and assuming the plane of the 
orbit to be in the line of sight the diameter of the orbit can then be 
calculated. Applying Newton’s law of gravity the masses of the two 
stars, assumed equal, can be calculated. Referring this mass to the 
mass-luminosity curve in Fig. 42E gives at once a value for the absolute 
magnitude. By measuring the apparent magnitude from direct ob¬ 
servations and applying the inverse square law for light the distance of 
Mizar is determined. Such a series of observations and calculations 
illustrates one of the methods of determining stellar distances. 

42.8. The Companion of Sirius. Before 1850 Bessel observed 
that Sirius moved in a wavy line across the sky and concluded that it 
must be revolving about an invisible companion with a period of about 
50 years. This was accidentally confirmed by Clark in 1862; when 
observing Sirius he discovered another but very faint star close by. 
These two stars together form a most unusual binary system; unusual 
because Sirius itself is a large and very bright star while its companion 
with a comparable mass is so very faint and small. Since the period 
as well as the distance of the doublet has been accurately determined 
and the spectrum of each component studied and carefully analyzed, the 
following data have been calculated: 



Diameter 

Volume 

Mass 

Average 

Density 

Light 

Intensity 

Temperature 

Sun. 

1 

1 

1 

1.4 gm/cm 3 
1.0 

1 

6,000° Abs. 
11,000 " 
8,000 " 

Sirius. 

1.5 

2 

2 

26 

Companion.... 

0.030 

0.000014 

4/5 

50,000 

0.003 


These figures have been determined over and over again by various 
observers and all results check with each other. 

Even though the surface temperature of the companion is 8000 
degrees, and the radiant energy from each square inch of surface is 
greater even than from each square inch of the sun, the star’s total 
radiation is only 1/360 that from the sun. This can only be possible 
if the star has a very small total area, and therefore a very small 
diameter. As a consequence of so small a star having a mass % that 
of the sun, the density must be extremely high. 
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The average density of the dark companion of Sirius turns out to 
be 50,000 grams per cm 3 , a value which is 2000 times the density of 
platinum, and equivalent to more than % of a ton per cubic inch. 
Imagine a pint of such matter weighing twenty tons. Such densities 
are unheard of on the earth, but at the center of a star where the 
temperature and pressure is extremely high we are now quite certain 
that the atoms are stripped of all or nearly all of their electrons. 
Packed together as they must be at the center of a star like the com¬ 
panion of Sirius, these stripped atoms and the equally small electrons 
that have been freed, still have ample room in which to move about as 
do gas molecules in a perfect gas. The high density observed is there¬ 
fore not as unreasonable as it at first seems, for the density of matter 
within the atomic nucleus is well known to be billions of grams per 
cm 3 . With such evidence as this we are now fairly confident that our 
own sun is a gas, even though its density is greater than that of water. 

42.9. Cepheid Variables. Scattered widely among the thousands 
of stars in the Milky Way is a class of stars called the "Cepheid 
variables.” Named after the northern star 8 Cephe't these stars 
periodically expand and contract in size and at the same time rise and 
fall in brightness. In all cases these Cepheids are brighter and more 
massive than our own sun and have a density about the same as the 
earth’s atmosphere. They are therefore like great puffed-up clouds of 
gaseous material raised to an extremely high temperature. 

Careful and prolonged observations of many Cepheids show that 
their periods vary all the way from a few hours up to several weeks. 
Furthermore, pulsating stars of the same period are similar to one 
another not only in size but in mass and luminosity. There is a well- 
established relation between the period and luminosity which states that 
the longer the period the brighter is the star. A star with a period of 
10 days found in one part of the sky, for example, will be practically 
a duplicate of a star with the same period found in another part of 
the sky. 

These observed relations determined for nearby stars make of the 
Cepheid variables standards of light intensity. By measuring the period 
and the apparent magnitude the astronomer can calculate the distance 
to the remotest Cepheid observable. To illustrate how this is possible 
suppose that the intensity of a very faint star is observed to rise and fall 
periodically as a Cepheid variable with a period of 5^ days. We 
know from this period that the star has the same intrinsic brightness 



The Stars 


659 


Chap. 42] 

and is a duplicate of 8 Cephei, a star whose approximate distance is 
known and whose brightness is determined as 700 sun-power. Ap¬ 
plying the inverse square law (Eq. lie) to the observed intensities of 
8 Cephei, and to the distant Cepheid, the approximate distance to the 
faint star is directly calculated. 

Some idea concerning the cause for the pulsation of the Cepheid 
variables is to be found in the correlation between period and density. 
Eddington suggests that in the evolution of a star where matter, under 
the pull of gravity, draws closer and closer together, a density is 
eventually reached where the mass will begin to oscillate by periodically 
expanding and contracting. 

Jeans, on the other hand, proposes that most stars are rotating and 
that as a particular star contracts, angular momentum must be con¬ 
served, and its angular velocity increases. This increase in rotation 
cannot continue indefinitely, however, and soon the star will elongate 
due to centripetal force. When this condition sets in the star is on the 
verge of dividing into two parts, but before it does so it will oscillate 
by periodically elongating. After fission into two parts the system 
becomes an eclipsing variable. 

42.10. Our Galaxy. When with a good-sized telescope we count 
the number of stars in different parts of the celestial sphere we find 
them to be far more numerous in the direction of the Milky Way than 
they are in any other. As a matter of fact the Milky Way itself, which 
we see with the unaided eye as a band of faintly visible luminous mat¬ 
ter, extending from the horizon up over head and down to the horizon 
again, is in reality an assembly of millions of stars, a large percentage 
of which are brighter than even our own sun. With the unaided eye 
we may count between 5 and 6 thousand stars in the entire sky, but 
with a telescope there seems to be almost no limit, particularly in the 
direction of the Milky Way. The Milky Way is often called The 
Galaxy. 

If we imagine a continuous line passing around the celestial sphere 
and at the same time through the brightest parts of the Milky Way 
we find that it forms a great circle around us, the plane of the circle 
being inclined at an angle of about 63° to the terrestrial equator. 

This plane, called the galactic plane, forms the center of a great 
island universe similar in shape to a watch or cart wheel. In this giant 
cart-wheel-shaped universe, about % of the way out from the center or 
hub, lies our own sun, one of the minor stars of the system. A mental 
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picture of our Galaxy may be obtained by referring to Fig. 421, for 
viewing it from a far distant point of observation it would appear 
similar to this Great Spiral Nebula in Andromeda. 

According to Shapley who has made an extensive study of the 
Cepheid variables in the Milky Way, our Galaxy extends in all direc¬ 
tions along the galactic plane to a distance of at least 10,000 light- 
years and out on either side away from the plane about 1000 light- 
years. While the distances of individual Cepheids can be determined 
with considerable accuracy the boundary of the Galaxy cannot be ac¬ 
curately defined. The rim is not located definitely because the stars 
thin out from the hub outward. 

At the center of the Galaxy where space is most thickly populated 
with stars the average distance between stellar objects is about 10 
light-years, while at a distance of 10,000 light-years they average 20 
light-years apart. At 30,000 light-years the average distance drops to 
50 light-years and the average density drops to about one percent of 
that of the hub. 

Recently it has been shown that the entire Galaxy is rotating like 
a giant pin-wheel, and that our sun and most of the stars nearest us 
are moving around the center with a speed of 180 miles per second. 
Continuing with this speed it will require at least 100 million years 
to make one complete turn. From the geological time scale given in 
Table 3111 the solar system has probably made some fifteen trips 
around the Galaxy since the formation of the earth’s crust. How many 
such revolutions have taken place before this we can only guess, but 
probably not a very large number. 

42.11. Star Clusters. There is a tendency among the millions of 
stars in certain parts of our own Galaxy or island universe to group 
themselves into clusters. Some of these clusters contain only a few 
stars scattered with no apparent regularity as to general shape, while 
others contain hundreds and even thousands of stars grouped sym¬ 
metrically about a very densely populated center. Groups of the first 
mentioned type are called open clusters, while groups of the latter type 
are called globular clusters. 

Though several hundred open clusters have now been catalogued 
and numbered by the astronomer, there are only about 86 globular 
clusters known. Their distribution in the heavens is unusual for all 
but four out of the 86 listed by Shapley lie in one half of the celestial 
sphere. 
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One of the most famous and widely studied globular clusters is 
Messier 13 in the constellation of Hercules, and reproduced in Fig. 
42G. Though fifty thousand stars have actually been counted on 
photographs of this duster, the number of stars at the center is inde¬ 
terminate. Conservative estimates indicate that cluster contains at 
least 100,000 stars brighter than even our own sun. 

The discovery by Bailey, in 1895, of numerous variable stars in 
the globular clusters has made it possible to determine their distances 
with considerable accuracy. By measuring the periods and apparent 
magnitudes of a large number of Cepheids in the same cluster a num¬ 
ber of independent measurements of distance are made. Since the 
determined distances of fifty or more stars come out to be the same, 
one can be reasonably certain of the reliability of Cepheid variables as 
standard sources of light. 

The distances to the globular clusters are so great that they have 
recently given us a new conception of the tremendous size of our own 
galactic system. The nearest and brightest cluster to us as observers 
in the Northern Hemisphere is Messier 13, at a distance of 35,000 
light-years, while to those in the Southern Hemisphere the brightest 
cluster is co Centauri at a distance of 21,000 light-years. The very dense 
central region of Messier 13, see Fig. 42G, is about 15 light-years 
across while the outer diameter extends to about 100 light-years. 

42.12. Planetary Nebula. The planetary or ring nebula already 
studied now number about one hundred and fifty. While the closest 
and therefore largest appearing objects are often found away from the 
Milky Way, and the smaller ones close to it, the most reliable indica¬ 
tions are that they are all of approximately the same size and that 
they belong to our own island universe. These stellar objects consist 
of a single bright central star, surrounded by one, two, or three con¬ 
centric shells or rings of fainter luminosity. 

A photograph of one of these nebula, the Ring Nebula in Lyra 
is reproduced to the top in Fig. 42H. The lower series of images is 
really a spectrogram taken with the Crossley reflecting telescope and 
prism spectrograph at Lick Observatory. Without a slit in the spectro¬ 
graph each spectrum line becomes an image of the nebula in a different 
wave-length or color of light. The fainter images indicate that the 
nebulous ring contains hydrogen, ionized helium, and doubly ionized 
neon while the brighter rings on either end are attributed to singly and 
doubly ionized oxygen, 
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42.13. Extra-Galactic Nebulae. Beyond our Galaxy of millions 
of stars lies a seemingly endless expanse of space dotted here and there 
by great island universes like our own. These extra-galactic nebulae 
as they are called are found in almost any direction of space and counts 
show them to number into the thousands. 

We may get some idea of the immensity of space if we compare 
the distances between these nebulae using the diameter of our own 
Galaxy, 100,000 light-years, as a unit of length. The nearest island 
universe to ours is the Great Spiral Nebula in Andromeda, at a distance 
of nine units or more accurately 870,000 light-years. To the naked eye 
this object, catalogued by the astronomers as Messier 31, appears as a 



Fig. 42H— Above : Direct photograph of NGC 6720, Ring Nebula in Lyra, taken with 
Crossley reflecting telescope of the Lick Observatory. Below: Monochromatic (single 
wave-length) images of the same nebula made by passing the light from the telescope 
through a prism spectroscope attached to the Crossley reflector. The horizontal streak at 
the center is the continuous spectrum of the central star. 

hazy patch of light subtending an angle of about one degree of the 
celestial sphere. Its combined luminosity gives it an apparent bright¬ 
ness of a 4th magnitude star. 

The reproduction of this "giant of the skies” in Fig. 421 is from 
an original photographic plate taken recently at the Lick Observatory 
and shows quite clearly that the great patches of light and the spiral 
arms are really swarms of individual stars. The bright spot near the 
top as well as the one at the lower left in the photograph seems to 
belong to Messier 31. The scattered stars over the entire picture are 
foreground stars. 

The belief that spiral nebulae are rotating like huge pinwheels has 
been confirmed by various observers. Detailed studies of their rotation 





Fig. 42G—The globular cluster Messier 13 
in the constellation Hercules, photographed 
with the 60 inch telescope on Mt. Wilson, 
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have been made by observing the Doppler effect, that is, by taking light 
from one part of a particular nebula and comparing its spectrum with 
that from some other part of the same nebula. The relative velocities 
of the two parts are then determined by the differences in wave-length. 
Measurements of this kind by Babcock show that stars about 14 of the 
way out from the "hub” of Messier 31, for example, are rotating with 
a speed of 150 kilometers per second. This value is comparable with 
the velocity of the solar system in our own Galaxy. 

The distances to the various nebulae have been determined by 
observing the Cepheid variables within their boundaries and making 
use of the period-luminosity relation (Sec. 42.9). The Cepheids are 
confined to the nebulae, since none have ever been found in other parts 
of the sky away from them or from our own Milky Way. Recent 
observations of numerous Cepheids by Hubble and Shapley have made 
it necessary to expand greatly our conceptions of the size of the entire 
universe. Prominent spiral nebulae have been measured at distances 
of 10 million light-years, while fainter spirals have been located with 
the 100 inch Mt. Wilson telescope at distances of over 300 million light 
years. It is hoped that the new 200 inch telescope on Mt. Palomar 
will extend these limits to twice this distance. 

42.14. The Expanding Universe. Until recently it was believed 
that the stars in our Galaxy, as well as spiral nebulae as individual island 
universes, were drifting in random directions through space. The 
evidence for this was indicated by the Doppler shift of the spectrum 
lines. For example the spectrum lines of most of the stars in the con¬ 
stellation Hercules are shifted slightly toward the violet end of the 
spectrum indicating that Hercules is approaching us with a speed of 
150 miles per second, while the lines in the spectrum of the Great 
Spiral in Andromeda are shifted toward the red end of the spectrum 
indicating a recession with a speed of 180 miles per second. 

Although the random motions must be interpreted as real there is 
on the average a general drift, called star streaming, which in the case 
of our own Galaxy amounts to a rotation of the entire system, and in 
the case of the nebula amounts to a continuously expanding universe. 
The latter conclusion arises principally from the recent observations of 
Hubble and Humason. 

When it comes to observing the distant spiral nebula, the spectrum 
from individual stars in the nebula cannot be observed separately. 
What is obtained, however, is a spectrum representing an entire nebula 
and these taken from different nebulae and compared with each other 



Fig. 421 —Photograph of the Great Spiral 
Nebula in Andromeda. (Messier 31.) This 
island universe lies nearly one million light- 
years from us yet the central portion is visible 
to the naked eye. (Courttsy of the Lick Ob¬ 
servatory .) 
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appear to be almost identical. Composed o£ millions of hot stars, each 
nebula produces a continuous spectrum from red to violet with very 
little line structure except at the violet end. Here, as shown quite 
clearly by the top spectrogram at the left in Fig. 42 J, the two absorption 
lines of ionized calcium, H and K of the solar spectrum, always appear 
in absorption. It is by measuring the shifts of these particular lines 
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Fig. 42 J—The velocity-distance relation for extra-galactic nebulae. The spectrograms 
show the “red shift.” (Courtesy Mt. Wilson Observatory.) 


from their normal positions that Hubble and Humason made a new 
discovery. 

Upon observing nearby nebulae they found the H and K lines 
shifted in most cases only a little toward the red, indicating that most 
of them are receding slowly from us. After observing the positions 
of these same two lines in fainter and fainter nebulae they made the 
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important discovery that the shift to the red, as indicated by arrows 
in the figure, increases with distance. In other words, the greater the 
distance of the nebula the greater is its recessional velocity. In the last 
spectrum in Fig. 42 J for example, the H and K lines have been shifted 
from the far end of the violet up into the blue. This shift toward the 
red as calculated from the Doppler effect (see Sec. 15.9) is characteris¬ 
tic of a recessional velocity of 14,300 miles per second. 

These results would tell us that the universe is expanding as if at 
some time in the far distant past all matter was confined more or less 
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Fig. 42K—Diagram illustrating the expanding universe. Each dot represents an island 

universe like our own Galaxy. 


to one region of space and that due to some violent explosion, like 
the bursting of a bomb, the various fragments were suddenly expelled. 
The fastest moving fragments, as illustrated in Fig. 42K, have gone 
farthest while the slower ones have remained behind. 

From measurements of thousands of very faint nebulae Hubble 
estimates that there are about thirty million galaxies, within a radius of 
300,000,000 light-years of our own Galaxy, and that they are on the 
average 1,500,000 light-years apart. With an average diameter of 
10,000 light-years we can picture the entire universe as shown sche¬ 
matically in Fig. 42K. 

According to the distance-velocity relation we might suppose our 
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own Galaxy to be at the center of the universe, at C, since the general 
outward motion of all other galaxies is radially outward in every direc¬ 
tion. A closer study of the diagram, however, will show that this is 
a fortuitous conclusion since the same conclusion would be arrived at 
by an observer located in any of the other galaxies. 

To an observer on B, the body A appears to move outward with a 
velocity equal to the difference in their two velocities shown by the 
arrows in the diagram. At the same time C appears to be moving 
outward in the opposite direction, as is also D and E, and with such 
velocities that the greater the distance the greater the velocity. Likewise 
B and F are getting farther apart so that to an observer on B, the body 
F is moving radially outward with a velocity proportional to the dis¬ 
tance. Thus no matter where we as observers might be located in an 
expanding universe we cannot, from the relative motions of other 
bodies, locate the center of the universe. This is one of the starting 
points of Einstein's Theory of Relativity. 
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QUESTIONS 

1. Define (a) parallax , and (b) annual parallax. Explain how the latter is 
measured. 

2. Explain what is meant by (a) stellar magnitude, and (b) absolute magnitude. 

3. Describe conditions as we believe them to exist deep in the interior of a 
star. What two particular factors determine the stability of a star like our sun? 

4. Explain why a certain star might be called (a) an eclipsing variable, (b) a 
spectroscopic binary, or (c) a Cepheid variable. 

5. What is the approximate diameter of our Galaxy? Where is the earth and 
sun located within this island universe? What motion, if any, do we have 
within the Galaxy? 

6. What is the difference between a star cluster and a spiral nebula? Explain 
briefly. 

7. What evidence is there for an "expanding universe"? Briefly explain what 
is observed that would lead us to the belief that the universe is expanding 



Chapter 43 * The Theory of Relativity 

The mere mention of the word relativity suggests the name of 
Albert Einstein,* the scientist to whom we are indebted for the now 
famous theory. Inasmuch as the theory of relativity involves mathe¬ 
matics of an advanced form it is difficult to translate it into the ver¬ 
nacular. To begin with, Einstein is a realist and his theory rests upon 
physical facts which have been verified by repeated observations and 
experiments. It is only natural, therefore, that we consider first the 
experiment which started Einstein on the road to the formal presenta¬ 
tion of his theory and the road to fame. Reference is made to the well- 
known Michelson-Morley experiment. 

43.1. The Michelson-Morley Experiment. The now famous 
Michelson-Morley experiment was performed in 1881 for the purpose 
of detecting the earth’s motion through space. In the preceding chapter 
we saw that the earth and our own solar system is not at the center of 
the galaxy, but is located somewhere to one side. At the same time 
we know that our solar system is approaching the constellation of 

♦Albert Einstein (1879-JfSSf, German-Swiss physicist of great renown. 
He was bom of Jewish parents at Ulm, Wiirttemberg, March 14, 1879. His 
boyhood was spent in Munich where his father, a dealer in chemicals, had settled 
in 1880. When the family moved to Italy in 1894, young Albert went to 
Switzerland to study. There he worked his way through school, finally taking 
his Ph.D. degree at the University of Zurich in 1902. He was appointed 
extraordinary professor of theoretical physics at the University of Zurich in 
1909 and in 1913 he was called to Berlin as director of the Kaiser-Wilhelm 
Institute for Physics. While at this post he was elected a member of the Royal 
Prussian Academy of Sciences, and a foreign member of the Royal Society of 
London. In 1921 he received the Nobel Prize in physics and in 1925 the 
Copley Medal of the Royal Society. The work by which he is best known, 
the theory of relativity, was published in two parts, (1) the restricted theory in 
1905, and (2) the general theory in 1915. At least three other notable con¬ 
tributions and publications, any one of which is worthy of the Nobel Prize, 
have been: (3) the complete theory and explanation of Brownian motion, (4) 
the theory of the photoelectric effect, and (5) the quantum theory of radiant 
energy. Celebrated as the greatest scientific genius of the age, Einstein, now just 
turned sixty years of age, lives in comfort at Princeton University. Twice mar¬ 
ried, but with no children, Einstein to his friends is a quiet, sincere, and modest 
man who loves his pipe and violin, and dislikes formality. 
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Hercules at the tremendous rate of 540,000 miles per hour. Although 
the distance to this constellation is so great that we need never worry 
about the eventual consequences should this motion continue unabated, 
scientists have been interested in knowing whether the solar system 
is at rest in space or whether it is moving. The Michelson-Morley 
experiment was performed in the hope of answering this question. 

Light, we know, travels through space at the tremendous yet con¬ 
stant speed of 186,000 miles per second. If this is true, reasoned 
Michelson and Morley, then there must be a medium pervading all 



Fig. 43A—Diagram of the Michelson-Morley experiment performed in 1881 as a test 

for ether drift. 


space that transmits light in the same way that air transmits sound. 
This medium has been called the luminiferous ether. Whatever the 
constitution of the ether might be, light should travel through it at a 
constant speed independent of the motion of the source or the receiver. 
If, therefore, we are moving along with the earth through space, light 
waves should lag behind, i.e., be carried with the ether as we go 
through it. For convenience we may think of the earth as being at 
rest and the ether, like a great wind, as going by us. 

The Michelson Interferometer as shown in Fig. 43A was used by 
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Michelson and Morley to measure the speed of this ether wind. Light 
from the source 5 is divided into two parts (1) and (2) by reflection 
from a half-silvered mirror M at the center of the apparatus. From 
there these rays travel equal distances to mirrors Mi and Ms, respec¬ 
tively, where they are reflected back to M. Half of ray (1) passes 
through M toward T and the other half is reflected to L and 5, while 
half of ray (2) is reflected toward T and the other half is trans¬ 
mitted to L and S. The two beams (1) and (2) entering the telescope 
T interfere with each other and produce, in the eyepiece of the instru¬ 
ment, interference fringes of exactly the same kind as those seen with 
Young’s double slit (see Fig. 26J). 

Suppose now that the ether wind is moving from left to right as 
shown by the arrows in the diagram. Under these conditions the light 
beam (l) should drift sideways and arrive at the point (a). Ray (2) 
traveling parallel to the ether should not be bent in its path but should 
be speeded up in going from M to M 2 and slowed down when reflected 
back. From M downward this beam likewise should drift sideways 
to arrive at (b) as shown. 

If now the whole interferometer is turned around in a horizontal 
plane, through an angle of 180 degrees, the result should be the same 
as reversing the direction of the ether wind, and ray (1) should be 
shifted farther to the left than ray (2). What would be observed in 
the telescope is not the shifting of two beams of light but a sideward 
shift of the interference fringes. To see if such a phenomenon actually 
occurred the entire interferometer was floated in mercury as a turn¬ 
table and, as the interferometer rotated slowly about its center at M, 
the observer walked slowly around the entire instrument constantly 
watching the interference fringes. After many careful observations 
Michelson and Morley announced that although slight shifts were 
sometimes observed no regular or definite shift of the fringes could be 
detected. 

The conclusion to be drawn from this experiment is either that there 
is no such thing as an ether drift, or that the Michelson interferometer 
is incapable of detecting it. Einstein accepted the null result of the 
experiment and in proposing his theory of relativity made the two 
following postulates: (1) The laws of physics are the same for all 
systems having a uniform motion of translation with respect to one 
another. As a consequence of this an observer in any one system cannot 
detect the motion of that system by any observations confined to that 
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system. (2) The velocity of light in any given frame of reference is 
independent of the velocity of the source. Combined with (1) this 
means that the velocity of light is independent of the relative velocity of 
the source and observer. 

43.2. The Lorentz-Fitzgerald Contraction. Ever since Michel- 
son and Morley announced the results of their experiment scientists 
have attempted to explain why they failed to detect an ether drift. A 
very ingenious explanation was first advanced by Fitzgerald in 1890. 
If objects moving through space have to push against the immovable 
ether, he suggested, such objects would be compressed in the direction 
of motion. This compression would therefore shorten the Michelson 
interferometer in one direction and might exactly compensate for an 
existing ether drift. Fitzgerald assuming reasonable velocities of ether 
drift could calculate the compression necessary to produce a zero fringe 
shift and found it to be extremely small. So plausible did this explana 
tion appear that many scientists performed divers experiments in the 
hope of detecting such a contraction of moving objects. 

Lorentz,* the famous Dutch physicist, studied this problem from 
an atomic point of view. All matter, he proposed, is made up of 
atoms, and atoms are made of charged particles that produce electric 
and magnetic fields. These fields, reasoned Lorentz, must react with 
the electromagnetic ether, thus causing the atoms and molecules in 
matter to move closer together. Starting with the well-known laws 
of electricity and magnetism Lorentz derived the following formula for 
the length of an object: 

I - ? 

Length L = L 0 yJ 1 — (43 a') 

In this equation v is the velocity of the object through the ether, Lo 
is its length when at rest in the ether, and c is the velocity of light. The 

* Hendrik A. Lorentz (1853-1928), Dutch physicist, was bom at Arnheim 
on July 18, 1853. He was educated at the University of Leyden, where he was 
appointed professor of theoretical physics at the age of 25. Those who had the 
pleasure or knowing him, even meeting him, never lost the opportunity of men¬ 
tioning his charming personality and kindly disposition. Of his numerous 
contributions to science he is best known (1) for a set of four algebraic equa¬ 
tions, known as the Lorentz transformation, which formed the basis of Einstein’s 
restricted theory of relativity, and (2) for his theoretical explanation of the 
Zeeman Effect. In 1902 he was awarded, jointly with Zeeman, the Nobel Prize 
for physics. When he died, Feb. 4, 1928, the world lost a great physicist and a 
great humanitarian. 
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formula is seen to be correct for a stationary object, for in this special 
case v — 0, and v 2 = 0, giving for the length L — Lo. It is interest¬ 
ing to note that if an object were to move with the velocity of light, 
i.e., v — c, the above formula gives L = 0. This means that an object 
moving with the velocity of light would be compressed to zero length. 
The velocity of light therefore becomes an upper limit for the velocity 
of any moving object. 

The above formula when applied to the cross arms of the inter¬ 
ferometer used by Michelson and Morley, see Fig. 43A, shows that 
the arms in one direction shortened by just enough to compensate for 
the drift across the other arms. According to Einstein’s theory, which 
also leads to the same formula as a result of relativity, this shortening 
of an object cannot be measured, for if one were on the moving object 
attempting to measure its length, the measuring stick would also 
shorten by the same relative amount. Such a contraction has never 
been measured, unless of course one assumes that the Michelson- 
Morley experiment measures the contraction by finding no ether drift. 

Another relation derived by H. A. Lorentz which later came out of 
Einstein’s relativity equations as a natural consequence, is the rela¬ 
tivistic mass equation already presented in detail in Sec. 34.8. Ac¬ 
cording to this relation, Eq. 34/, the mass of a body increases as the 
velocity increases. Combining this with the Lorentz-Fitzgerald con¬ 
traction an increase in the velocity of a body is accompanied by an 
increase in its mass and a decrease in its length. 

43.3. Einstein’s Special Theory of Relativity. Einstein’s theory 
of relativity is usually divided into two parts, (1) the special theory, 
which he presented to the world at the early age of 26, and (2) the 
general theory, which came ten years later in 1915. The special theory 
applies only to bodies moving with constant speed, whereas the gen¬ 
eral theory applies to bodies moving under acceleration. According to 
Einstein, space and time are relative; so that to locate an event in 
space one must not only specify the position but the time as well. Time 
is the fourth dimension. 

One of the first things we learn about the theory of relativity is 
that there are really four dimensions, three dimensions in space and one 
in time. It is obvious to many of us that objects about us are of three 
dimensions and no more. Objects are usually presented in three dimen¬ 
sions by specifying the length, breadth, and height. These we may also 
analyze into right and left, backward and forward, and up and down. 
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It is also clear that i£ we are to describe or locate the occurrence of an 
earthly event in space that we must specify the time at which it takes 
place. At some later time the earth will have moved on in space and 
such an event occurring at the same place on the earth will not be at 
the same place in space. To the three space dimensions given above 
we must add the time dimension sooner and later. 

Had the Michelson-Morley experiment given a positive result 
enabling us at any instant to say how fast and in what direction we 
are moving through the ether we could then set up a point in this 
medium from which the positions and times of all events in the universe 
could be determined. Since no such stationary point is possible, any 
point on any object may be taken as an origin from which measure¬ 
ments are to be made. When this is done that object becomes what 
is called a frame of reference. Usually a frame of reference is taken 
as being at rest on the earth’s surface with the observer at the origin. 
From such an origin the astronomer describes the occurrence of all 
events in space. 

Since it takes light a finite time to travel any given distance, we on 
the earth do not see the distant stars as they are now but as they were 
years before when the light we are now receiving was sent out by 
them. If an observer on one of the stars could look at us from his 
distant vantage point he too would not observe us here on the earth 
as we are now but as we were years ago when the light he is receiving 
left our earth. 

In order to obtain a more elegant and complete mathematical 
treatment of the electrical and magnetic theory of matter, H. A. 
Lorentz, before the advent of the theory of relativity, found it desirable 
to introduce what he called a fictitious time into his equations. Later 
when Einstein put forward his special theory in 1905 the fictitious time 
turned out to have a real meaning. Time, says Einstein, is relative and 
depends upon the relative motions of bodies. The relativity time equa¬ 
tion may be written 



where to is any time interval, say one second, as observed by an 
observer at rest with a clock. The time interval t (as measured by a 
stationary observer with a stationary clock) refers to the time required 
for a clock moving through space with a velocity v to indicate the pas- 



675 


Chap. 43] The Theory of Relativity 

sage of one second. To be more specific, the equation shows that a 
perfectly regulated clock, moving with a velocity v, will appear to a sta¬ 
tionary observer to be running slowly. Indeed, if the clock could move 
away from us with the velocity of light its hands would always show the 
same time. 

Let us see in one way how the relativity theory has modified our 
conception of time. We have been accustomed to look upon the 
enduring world, including ourselves, as a continuous succession of in¬ 
stantaneous states, somewhat as though the world of events are strati¬ 
fied. It is supposed that each event lies in a definite instant or stratum, 
and that the orderly succession of such strata makes up the whole of 
reality. The instant "now” represents one such stratum extending 
throughout the universe. 

The theory of relativity, however, shows that this stratified structure 
of the universe is an illusion and an impossible world-structure. The 
instantaneous state "now,” as described above as a natural stratum in 
the four-dimensional world of events, is but an arbitrary partition of 
events invented by ourselves to correspond to our viewpoint. Because 
of the Michelson-Morley experiment and the Lorentz-Fitzgerald con¬ 
traction, another observer on another world would divide space up into 
different strata. This will be illustrated graphically, following an 
example given by the famous English astronomer, A. S. Eddington. 

In Fig. 43B, a series of events in space are represented by small black 
dots labeled A, B, C, etc. On this space-time graph I represent myself 
at this instant and at this point as HERE NOW, and by the heavy verti¬ 
cal line I represent other instantaneous events in MY PAST and MY 
FUTURE. In the horizontal direction distances in space are plotted as 
ELSEWHERE. Of course space should have three dimensions, but for 
simplicity we will fix our attention to events confined to one space 
dimension. My job is now to determine which of a series of events 
A, B, C, etc., belong in my past and which of them belong in my future. 
To do this suppose that at the instant HERE NO IF I am looking off in 
space in the direction of one of the dotted lines in the figure and ob¬ 
served the explosion of a star A or B. These are the SEEN NOW lines. 
Knowing that it took some time for the light from the exploding star 
to reach me I recognize that the event occurred in MY PAST. Know¬ 
ing the distance to the star, from astronomical measurements, and the 
velocity of light. I can now calculate the time it took the light to reach 
me HERE NOW. If this calculation comes out to be, say 100 years, I 
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can now draw my NOW LINE 100 years in front of the event, and my 
NOW LINE of 100 years ago as the line AB. I can now discard the 
SEEN NOW lines and say events A, B, C, G, and H occurred in my past 
and events D, E, and F will occur in my future. 

To see how you might locate these same events differently let us 
now suppose that you are on a star passing close to the earth at the 
same instant that I observe the event A or B mentioned above. Al¬ 
though we were far apart in the past, and will be far apart in the future, 
we are both HERE NOW. We both observe events from HERE 


FUTURE 



Fig. 43B—Space-Time Graph showing the present, past, and future as depicted by two 
observers at the instant one passes the other. 

NOW, and see the explosion of the star A or B simultaneously. From 
the distance of the star as determined from your star you calculate the 
time it took the light to reach you and then construct YOUR NOW. 
Because you are traveling toward A and away from B, however, you 
calculated A as having exploded 50 years ago or B as having exploded 
150 years ago. YOUR NOW is therefore different from MY NOW. 
The event D that to you occurred in the past, still lies in the future for 
me, and event G that occurred in my past still lies in the future for you. 
There is nothing wrong with the above picture if the Michelson- 
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Morley experiment is correct. In measuring the velocity of light you 
found the same value as I did, but the measuring sticks you used suf¬ 
fered a different Lorentz-Fitzgerald contraction than mine, thereby 
giving you different distances to the stars A or B. Had you drawn a 
picture like Fig. 43C, you would have drawn it with YOUR NOW lines 
at right angles to yourself. 

43.4. Simultaneity. Before one consents to believe the theory of 
relativity there is one physical paradox that should be cleared up. It 
seems that either two events occur simultaneously or that one happens 
before the other. We saw in the last section, however, that the idea of 
absolute simultaneity must be abandoned since two events occurring 
in the past for one observer may be in the future to another. Suppose 
two lightning flashes L\ and Li at some distance from each other, see 
Fig. 43C, appear to occur simultaneously to a stationary observer A half 
way between them. At the instant the two flashes occur at L\ and Li, 



—©"*■ 

Fig. 43C—Two lightning flashes occur simultaneously to one observer A, but at different 
times to other observers, B and C. 

two other observers, B and C, are at A, one moving toward Li with a 
velocity v and the other moving toward Li with a velocity v. Moving 
toward Li observer B will meet the light wave from L\ first and say the 
flash at Li occurred before the flash at Li. Moving in the opposite 
direction the observer C will say the flash at Li occurred first. All of 
these observers are correct according to relativity. 

But, you say, suppose observer B takes into account the velocity of 
light and calculates back to the time the flashes occurred, would he not 
find the flashes to have been simultaneous? The answer is no, for to 
do this he would have to know his velocity with respect to the two 
light waves approaching him from opposite directions. This he may 
try to determine by performing an experiment, but when he measures 
the velocity of the light from the flashes he will find it to be the same 
whether he is approaching or receding from it. The Michelson and 
Morley experiment was performed to test just such a case and no dif¬ 
ference in velocity was found. In other words, all three observers 
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would measure the velocity of light from Li and L 2 to be the same. 
Each observer can determine his own motion relative to the others but 
none of them can conclude that he is at rest and the others are moving. 

43.5. The General Theory of Relativity. Einstein’s general 
theory of relativity treats the subject of the motions of bodies acted 
upon by forces. What Einstein has attempted to do in this extension 
of the special theory is to include accelerated motions in the relativity 
equations and by means of accelerations to give a plausible explanation 
to the force of gravity. Why it is that objects like the sun and earth 
exert forces upon each other at a distance of ninety-three million miles 
with no apparent connecting link between them has always been a 
mystery. 

When a train or car rounds a curve the roadbed is "banked” to 
prevent tipping over. The centrifugal force is such as to change the 
apparent direction of gravity. To an observer in the train or in the 
car the force of gravity seems to act at an angle to the vertical, and no 
experiment performed by the observer, the measurements of which are 
confined to the moving train or car, will distinguish between gravity 
and acceleration. 

Every aviator knows this, that it is impossible to devise any instru¬ 
ment which will show the direction of the vertical in an airplane, since 
an acceleration of the plane produces, on any instrument whatever, 
effects which are indistinguishable from those of gravity. Similar con¬ 
siderations led Einstein to his principle of equivalence: "A gravitational 
field of force at any point in space is in every way equivalent to an 
artificial field of force resulting from acceleration, and no experiment 
can possibly distinguish between them.’ > 

Extending this, Einstein goes a step farther and says there is no 
such thing as gravitational force: the apparent force we call gravitation 
arises solely from acceleration. 

The earth, he says, moves along a curved path because the space in 
which it is moving is curved. The amount of this curvature depends 
upon the masses of the sun and earth and upon the distance between 
them. The closer an object is to another the greater is the curvature of 
the space around both objects. 

As a result of curved space Einstein’s general theory shows that 
if the density of matter does not diminish indefinitely at great distances, 
then the universe is finite in size. To make this seem plausible consider 
the following analogy. Imagine a small two-dimensional animal con- 
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fined to move on the surface of a very large sphere. This animal, let us 
suppose, has length and breadth but no thickness and is endowed with 
powers of perception effective only in the plane in which it is moving. 
Confined to the sphere the experiences of such an animal will be such 
that every object it meets will have length and breadth only. Since 
light rays in this two-dimensional world always travel along a great 
circle of the sphere the observations of the animal would give every 
indication that light travels in straight lines and that its world is un¬ 
bounded and infinite. To us who see the entire sphere in three dimen¬ 
sions such a world is really finite in size, for we can measure its 
dimensions. 

By analogy our world of three space dimensions, instead of being 
infinite in size, may be curved and have a finite size. Light rays instead 
of traveling in straight lines may travel along curved paths, and if they 
travel far enough will eventually return to their starting point. In the 
curved space of the two-dimensional animal described above, as well as 
in our own curved space of three-dimensional beings, the three angles 
of a triangle will not add up to exactly 180°, and two lines parallel at 
one point of space may meet and cross each other at some other point. 
This is the reason for the statement sometimes made that Euclidian 
geometry is not strictly true. For all practical purposes, however, the 
distances we have to deal with in civil life are so small that Euclidian 
geometry can be assumed to hold true. 

The path of any astronomical body moving through space is called 
its world line. This world line according to Einstein’s equations is 
determined by natural laws and its shape is such as to represent the 
shortest path between any two points on that line. Mathematically, 
lines which satisfy this condition are called geodesics. This is how 
Einstein came to call world lines the geodesics of four-dimensional 
space. 

43.6. The Time Paradox. Two boys, A and B, of the same age 
are identical twins and each has been given a clock that keeps perfect 
time. The two clocks also labeled A and B when located at a point P 
in space are set running in synchronism. One boy on his tenth birthday 
let us imagine, takes his clock B and starts on an extended trip out into 
the far reaches of interstellar space, away from the other boy with his 
clock A. Returning years later by some such path as shown in Fig. 43D, 
the two boys talk of their past experiences. During their conversation 
boy B says, "Today is our birthday and we are 15 years old. To this 
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boy A objects strenuously and says, "That is impossible, for by my 
perfect clock I kept track of the time and we are 16 years old.” Upon 
comparing their clocks again they find the two still running in syn¬ 
chronism. How is it that according to relativity one boy has actually 
lived five years and the other has lived six years ? 

The paradox is not easily understood but it has an explanation. B 
in moving through space underwent acceleration which A did not. 
These accelerations acting on B as gravitational forces change the rate 
of his clock as well as his own growth even though he checks the rate of 
his clock with what he believes to be a standard and finds it is keeping 
perfect time. Although time and space have changed for him there is 
no way in which he can detect this change himself. When he returns to 



Fig. 43D—Two identical clocks, one moving with respect to the other, do not keep the 

same time. 


A everything in time and space seems to go on smoothly as before. It is 
the accelerated motions of B that have changed things. 

43.7. The Bending of Light Rays. In announcing the general 
theory of relativity in 1915 Einstein cautioned the scientific world to 
delay its verdict until the theory could be tested experimentally. There 
are three different possibilities, he said, where these tests might be made; 
the first is the bending of light as it passes close to the sun’s surface, 
the second is the anomalous precession of the planet Mercury, and the 
third is the lengthening of light waves as they leave the strong gravita¬ 
tional pull of a massive star. 

It was first shown by Newton and then later by others that light 
from the stars on passing by the sun should be attracted toward it and 
thus be bent in its path. The calculated amount of this bending is 
only eighty-seven seconds of arc. Due to the increased curvature of 
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space close to such a massive object as the sun relativity theory predicts 
a bending of nearly twice this amount. The most significant measure¬ 
ments of this bending were made by W. W. Campbell (astronomer and 
one time President of the University of California), at the time of a 
total eclipse of the sun, September 21, 1922. 

An image of the sun, darkened by the interposed moon, surrounded 



by numerous stars was photographed. The stars close to the sun s 
image appeared to be shifted from their normal positions by ap¬ 
proximately the amount predicted by Einstein in 1915. 

As shown in Fig. 43E, a star in the direction 5 appears, due to bend¬ 
ing near the sun, to be in the direction S' as seen by an observer on the 
earth. 



Fig. 43F—The planet Mercury precesses in its orbit about the sun. 


43.8. The Precession of the Planet Mercury. The second test 
of Einstein’s general theory is to be found in the well-known precession 
of Mercury, the nearest planet to our sun. This planet, like all of the 
others, is known to revolve about the sun in an ellipse with the sun 
at one focus. The end of the ellipse nearest the sun is called the 
perihelion and there the planet moves fastest. At the other end, called 
the aphelion, the velocity is lowest. According to the ordinary law of 
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gravitation put forward by Newton, if a sun has but one planet the 
orbit of the planet will be fixed in space. Year after year the planet 
should traverse the same orbit as shown at the left in Fig. 43F. If, 
however, a second planet exists the two planets will, due to their 
mutual attraction, perturb each other’s motion in such a way that the 
perihelion of each will slowly change as shown in diagram (b). 

Before Einstein proposed his theory the observed advance of the 
perihelion of Mercury had been accurately measured at 574 seconds of 
arc per century. Repeated calculations of the effect produced by the 
remaining planets accounted for 532 seconds of this amount but no 
more or less. The cause for the discrepancy of 42 seconds has long been 
a puzzle to astronomers. Due to the increased curvature of the space 
near the sun when the planet is at its perihelion, relativity produces, 
according to calculations, an advance of 43 seconds, a value in excellent 
agreement with what is observed. 

43.9. The Gravitational Shift of Spectrum Lines. The third 
experimental test of Einstein’s general theory is to be found in the 
slight difference in the wave-lengths of spectrum lines as they come 
from (1) atoms on the sun and (2) atoms in the laboratory. Due to 
strong gravitational attraction on the sun the motions of atoms should 
be slightly modified, i.e., slowed down, to such an extent that the light 
emitted should have a longer wave-length than that normally pro¬ 
duced in the laboratory. Using the large 75-foot spectrograph on Mt. 
Wilson, St. John obtained spectrograms of the sun confirming Ein¬ 
stein’s prediction. So small were these shifts, however, that for several 
years there was some doubt as to their reality until Adams at Mt. 
Wilson and Moore at Lick Observatory observed still larger shifts 
from more dense stars like the faint companion of Sirius. On such a 
star the gravitational field is many times stronger than it is on the sun. 
Although there may be some other explanation of the observed shift 
in wave-length some scientists consider the results as proof that Ein¬ 
stein’s General Theory of Relativity is correct. 

QUESTIONS 

1. Briefly explain the Michelson-Morley experiment. Diagram. 

2. Explain the Lorentz-Fitzgerald contraction. 

3. In what way does the Special Theory of Relativity differ from the General 
Theory (as regards to kinds of motion) ? 
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4. Briefly describe one of the three experimental observations that are con¬ 
sidered a proof of Einstein's General Theory of Relativity. 

REFERENCES 

"The Nature of the Physical World," by Eddington, published by The Mac¬ 
millan Co. 

"Einstein and the Universe," by Nordmann, published by Henry Holt and Co. 
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Table I. Complete List of the Stable Isotopes of the Chemical Elements 
Thus Far Found in Nature 


At. No. 

Element 

Abbr. 

Isotopes, Mass. No. 

At. Wt. 

1 

Hydrogen. 

H 

1.(2) 

1.0078 

2 

Helium. 

He 

4.(3) 

4.002 

3 

Lithium. 

Li 

6,7 

6.940 

4 

Beryllium. 

Be 

9 

9.02 

5 

Boron. 

B 

10, 11 

10.82 

6 

Carbon. 

C 

12, (13) 

12.01 

7 

Nitrogen. 

N 

14, (15) 

14.008 

8 

Oxygen. 

O 

16, (18), (17) 

16.000 

9 

Fluorine. 

F 

19 

19.000 

10 

Neon. 

Ne 

20, (21), 22 

20.183 

11 

Sodium. 

Na 

23 

22.997 

12 

Magnesium. 

Mg 

24, 25, 26 

24.32 

13 

Aluminum. 

A1 

27 

26.97 

14 

Silicon. 

Si 

28, 29, 30 

28.06 

15 

Phosphorus. 

P 

31 

31.02 

16 

Sulfur. 

S 

32, 33, 34 

32.06 

17 

Chlorine. 

Cl 

35, 37 

35.457 

18 

Argon. 

A 

(36), (38), 40 

39.944 

19 

Potassium. 

K 

39, (40), 41 

39.096 

20 

Calcium. 

Ca 

40, (42), (43), 44 

40.08 

21 

Scandium. 

Sc 

45 

45-10 

22 

Titanium. 

Ti 

46, 47, 48, 49, 50 

47.90 

23 

Vanadium. 

V 

51 

50.95 

24 1 

Chromium. 

Cr 

50, 52, 53, 54 

52.01 

25 

Manganese. 

Mn ! 

55 

54.93 

26 

Iron. 

Fe 

54, 56, 57, (53) 

55.84 

27 

Cobalt. 

Co 

(57), 59 

58.94 

28 

Nickel. 

Ni 

58, 60, 61, 62, (64) 

58.69 

29 

Copper. 

Cu 

63, 65 

63.57 

30 

Zinc. 

Zn 

64, 66, 67, 68, (70) 

65 38 

31 

Gallium. 

Ga 

69, 71 

69.72 

32 

Germanium. 

Ge 

70, 72, 73, 74, 76 i 

72.60 

33 

Arsenic. 

As 

75 

74.91 

34 

Selenium. 

Se 

(74), 76, 77, 78, 80, 82 

78.96 

35 

Bromine. 

Br 

79, 81 

79.916 

36 

Krypton. 

Kr 

(78), 80, 82, 83, 84, 86 

83.7 

37 

Rubidium. 

Rb 

85, 87 

85.48 

38 

Strontium. 

Sr 

(84), 86, 87, 88 

87.63 

39 

Yttrium. 

Yt 

89 

88.92 

40 

Zirconium. 

Zr 

90, 91, 92, 94, 96 

91.22 


Columbium. 

Cb 

93 

92.91 

42 

Molybdenum 

Mo 

92, 94, 95, 96, 97, 98, 100, 102 

96.0 

43 

Masurium. 

Ma 

? 

97.8 

44 

Ruthenium. 

Ru 

96, 98, 99, 100, 101, 102, 104 

101.7 

45 

Rhodium. 

Rh 

(101), 103 

102.91 
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Table I—( continued ). Complete List of the Stable Isotopes of the Chemical 
Elements Thus Far Found in Nature 


At. No. 

Element 

Abbr. 

Isotopes, Mass. No. 

At. Wt. 

46 

Palladium. 

Pd 

(102), 104, 105, 106, 108, 110 

106.7 

47 

Silver. 


107, 109 

107.88 

48 

Cadmium. 

106, (108), 110, 111, 112, 113,114, 116 

112.41 

49 

Indium. 

In 

113, 115 

114.76 

50 

Tin. 

Sn 

112, (114), (115), 116, 117, 118, 119, 
120, 122, 124 

118.70 

51 

Antimony. 

Sb 

121, 123 

121.76 

52 

Tellurium. 

Tc 

(120), 122, 123, 124, 125,126, 128, 130 

127.61 

53 

Iodine. 

I 

127 

126.92 

54 

Xenon. 

Xe 

(124), (126), 128, 129, 130, 131, 132, 
134, 136 

131.3 

55 

Caesium. 

Cs 

133 

132.91 

56 

Barium. 

Ba 

(130), (132), 134, 135, 136, 137, 138 

137.36 

57 

Lanthanum. 

La 

139 

138.92 

58 

Cerium. 

Cc 

(136), (138), 140, 142 

140.13 

59 

Praseodymium... 

Pr 

141 

140.92 

60 

Neodymium. 

Nd 

142, 143, 144, 145, 146, (148), (150) 

144.27 

61 

Illinium. 

11 


146.0 ? 

62 

Samarium. 

Sa 

144, 147, 148, 149, 150, 152, 154 

150.43 

63 

Europium. 

Eu 

151, 153 

152.0 

64 

Gadolinium. 

Gd 

155, 156, 157, 158, 160 

156.9 

65 

Terbium. 

Tn 

159 

159.2 

66 

Dysprosium. 

Dy 

161, 162, 163, 164 

162.46 

67 

Holmium. 

Ho 

165 

1635 

68 

Erbium. 

Er 

166, 167, 168, 170 

167.64 

69 

Thulium. 

Tm 

169 

169.4 

70 

Ytterbium. 

Yb 

171, 172, 173, 174, 176 

173.04 

71 

Lutecium. 

Lu 

175 

175.0 

72 

Hafnium. 

Hf 

176, 177, 178, 179, 180 

178.6 

73 

Tantalum. 

Ta 

181 

180.88 

74 

Tungsten. 

W 

182, 183, 184, 186 

184.0 

75 

Rhenium. 

Re 

185, 187 

186.31 

76 

Osmium. 

Os 

186, (187), 188, 189, 190, 192 

191.5 

77 

Iridium. 

Ir 

191, 193 

193.1 

78 

Platinum. 

Pt 

(192), 194, 195, 196, 198 

195.23 

79 

Gold. 

Au 

197 

197.2 

80 

Mercury. 

Hg 

(196), 198, 199, 200, 201, 202, 204 

200.61 
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At. element Abbe. 

NO. . . - . 


Isotopes 


81 thallium T1 


82 lead Pb 


83 bismuth Bi 


84 polonium Po 


86 radon Rn 


210 203 205 207 208 „ 204.39 

RaC AcC ThC 

fV "V tv 

* a A( a \ 

214 210 206 211 207 212 208 207.18 

RaB RaD T A" AcB a 1 ThB a 

tx tv a k . 

214 210 209 211 212 „ 209 

a RaC RaE AcC ThC 

A, A, A, A 

218 214 210 216 211 216 212 . 210 

RaA RaC’ Po AcA AcC ThA ThC 


88 radium Ra 

89 actinium Ac 

90 thorium Th 

91 proto- Pa 
actinium 

92 uranium U 


226 223 228 224 

Ra AcX Msl ThX 



226.96 

227 

232.16 

234 

238.17 




690 


appendix 


THE NOBEL PRIZE 

When Alfred B. Nobel (1833-1896), Swedish scientist and in¬ 
ventor of dynamite, died on December 10, 1896, he left practically his 
entire fortune, a sum of about $9,000,000 to the establishment of what 
is now called the Nobel Foundation. According to his last will and 
testament the annual income from this entire sum is to be divided into 
five equal parts and presented to those persons who during the preced¬ 
ing year made the most important contributions for the benefit of 
humanity in the fields of physics, chemistry, medicine, literature, and 
peace. 

The administration of the Nobel Foundation is in the hands of a 
board of six; a chairman and vice chairman appointed by the govern¬ 
ment, and four others selected by a committee of trustees appointed by 
the prize awarding institutions. In accord with the will there are four 
Prize-Awarding Institutions, (1) The Swedish Academy of Science, (2) 
The Caroline Medico-Surgical Institute, Stockholm, (3) The Swedish 
Academy, and (4) the Nobel Committee of the Norwegian Storting. 

The Swedish Academy of Science awards the prizes for Physics and 
Chemistry and has appointed a committee to investigate and examine 
the records of proposed candidates. The right to nominate candidates 
for the prizes in physics and chemistry lies with (1) members of the 
Royal Swedish Academy, (2) Members of the Nobel Committees, (3) 
previous Nobel Prize winners, (4) Regular and Associate Professors 
of the Physical Sciences in the principal Universities of the Scandi¬ 
navian countries, (5) Holders of similar chairs in six other representa¬ 
tive Universities of the world, and (6) Other scientists recognized by 
the Academy of Sciences. 

The presentation of the prizes for Physics, Chemistry, Medicine and 
Literature takes place on the anniversary of Nobel’s death at Stockholm 
with great dignity and solemnity in the presence of the Royal family, 
members of the Government, of the Diplomatic Corps, and representa¬ 
tives of the Swedish institutions for science, art, and literature, and other 
personalities in the intellectual world. The prize winners are present 
if possible and receive their prize, medal, and diploma from the hands 
of the King. On the following day they have hitherto been guests of 
the King at a gala dinner given at the Royal Palace, Stockholm. The 
Peace prize is awarded at Oslo under similar circumstances. 
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Very little of Alfred Nobel’s early life is known. Though he was 
asked many times to write an autobiography his reply was always the 
same that he had no time for such "pompous and shameless advertis¬ 
ing." Born October 21, 1833, he acquired his knowledge from private 
studies, devoting himself particularly to applied chemistry. He dis¬ 
covered explosives under the names of dynamite, blasting powder, and 
smokeless powder, and from their patented manufacture acquired his 
fortune. He was a member of the Royal Swedish Academy of Science, 
the Royal Society of London, and the Societe des Ingenieurs Civils in 
Paris. In 1880 he was made a knight of the Order of the Polar Star, 
and an officer of the Legion of Honor. 


A LIST OF THE NOBEL PRIZE WINNERS IN PHYSICS 

1901 Rontgen, Wilhelm Conrad (1845-1923), German. In recogni¬ 

tion of "the exceptional services rendered by him in the dis¬ 
covery of the special rays which have been called after him.” 

1902 Lorentz, Hendrik Antoon (1853-1928), Dutch, and 

Zeeman, Pieter (1865- ), Dutch. In recognition of "the spe¬ 

cial services rendered by them in their investigations regard¬ 
ing the influence of magnetism upon the phenomena of 
radiation." 

1903 Becquerel, Henri Antoine (1852-1908), French. In recognition 

of "the special services rendered by him in the discovery of 
spontaneous radioactivity.” 

Curie, Pierre (1859-1906), French. 

Curie, Marie Sklodowska (1867-1934), French. In recognition 
of "the special services rendered by them in the work they 
jointly carried out in investigating the phenomena of radia¬ 
tion discovered by Professor Henri Becquerel.” 

1904 Raleigh, Lord (John William Strutt) (1842-1919), English. In 

recognition "for his investigations into the density of the most 
important gases, and for his discovery of argon in connection 
with these investigations.” 

1905 Lenard, Philipp (1862- ), German. In recognition "for his 

work in connection with cathode rays.” 
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1906 Thomson, Joseph John (1856- ), English. "In recognition of 

the great services rendered by him in his theoretic and ex¬ 
perimental investigations regarding the passage of electricity 
through gases.” 

1907 Michelson, Albert A. (1852-1931), American. In recogni¬ 

tion "for his optical instruments of precision, and the spectro¬ 
scopic and metrologic investigations which he carried out by 
means of them.” 

1908 Lippmann, Gabriel (1845-1921), French. In recognition "for 

his methods, based upon the phenomenon of interference for 
reproducing colours by photography.” 

1908 Rutherford, Ernest (1871-1937), English (Chemistry). In recog¬ 

nition "for his investigations into the disintegration of ele¬ 
ments, and the chemistry of radioactive substances.” 

1909 Marconi, Guglielmo (1874-1937), Italian, and 

Braun, Ferdinand (1850-1918), German. In recognition "of 
their services in the development of wireless telegraphy.” 

1910 Van Der Waals, Johannes Diederik (1837-1923), Dutch. In 

recognition "for his work in connection with the equation of 
state for gases and liquids.” 

1911 Wien, Wilhelm (1864-1928), German. In recognition "for his 

discoveries regarding the laws governing the radiation of 
heat.” 

1911 Curie, Marie Sklodowska (1861-1934), French (Chemistry). In 

recognition "of the services rendered by her to the develop¬ 
ment of chemistry, by her discovery of the elements radium 
and polonium, by her determination of the nature of radium 
and isolation of it in a metallic state, and by her investiga¬ 
tions into the compounds of this remarkable element.” 

1912 Dalen, Gustaf (1869-1937), Sweden. In recognition "for his 

discovery of automatic regulators, which can be used in con¬ 
junction with gas accumulators for lighting lighthouses and 
light buoys.” 

1913 Onnes, Heike Kamerlingh (1853-1926), Dutch. In recognition 

"for his investigation into the properties of matter at low 
temperatures which led, amongst other things, to the pro¬ 
duction of liquid helium.” 
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1914 Von Laue, Max (1879* ), German. In recognition "for his 

discovery of the defraction of Rontgen rays on passing 
through crystals.” 

1914 Richards, Theodore William (1868-1928), American (Chem¬ 

istry). In recognition "of his accurate determination of the 
atomic weight of a large number of chemical elements.” 

1915 Bragg, W. H. (1862- ), English, and his son, 

Bragg, W. L. (1890- ), English. In recognition "for their 

services in the analysis of crystal structure, by means of X-rays.” 

1917 Barkla, Charles G. (1877- ), English. In recognition "for 

his discovery of the characteristic Rontgen radiation of the 
elements.” 

1918 Planck, Max (1858- ), German. In recognition "of the 

services rendered by him to the development of physics, by his 
discoveries in connection with the quantum theory.” 

1919 Stark, Johannes (1874- ), German. In recognition "for his 

discovery of the Doppler effect in Canal rays, and of the de¬ 
composition of spectrum lines by electric fields.” 

1920 Guillaume, Charles Edouard (1861- ), Spanish. In recogni¬ 

tion "of his services to the physics of precision, by his discov¬ 
ery of anomalies in nickel steel alloys.” 

1921 Einstein, Albert (1879* ), German. The prize was awarded 

to Einstein independently of such value as may be ultimately 
attached to his theories of relativity and gravity, if these are 
confirmed, "for his services to the theory of physics, and espe¬ 
cially for his discovery of the law of the photoelectric effect.” 

1922 Bohr, Niels (1885- ), Danish. In recognition "for his ser¬ 

vices in the investigation of the structure of atoms, and of the 
radiation emanating from them.” 

1922 Aston, Francis William (1877- ), English (Chemistry). In 

recognition "for his discovery of a great number of isotopes in 
several non-radioactive elements, by means of his mass spec¬ 
trograph, as well as for his discovery of the whole number 
rule.” 

1923 Millikan, Robert Andrews (1886- ), American. In recognition 

"for his works on the elementary charge of electricity, and on 
photoelectric phenomena.” 
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1924 Siegbahn, Karl Manne Georg (1886- ), Swedish. In recog¬ 

nition "for his discoveries and investigations in X-ray spec¬ 
troscopy.” 

1925 Franck, James (1882- ), German, and 

Hertz, Gustav (1887- ), German. In recognition "for their 

discovery of the laws governing the impact of an electron upon 
an atom.” 

1926 Perrin, Jean (1870- ), French. In recognition "for his works 

on the discontinuous structure of matter, and especially for his 
discovery of the equilibrium of sedimentation.” 

1927 Compton, Arthur Holly (1892- ), American. In recognition 

"for his discovery of the phenomenon known by his name,” 
and 

Wilson, Charles Thomson Rees (1869- ), English. In recog¬ 

nition "for the method discovered by him of perceiving by 
condensation of steam, the paths taken by electrically charged 
particles.” 

1928 Richardson, Owen Willans (1879- ), English. In recognition 

"for his works on the phenomenon of thermed ions and espe¬ 
cially for the discovery of the law known by his name.” 

1929 De Broglie, Louis-Victor (1892- ), French. In recognition 

"for his discovery of the wave character of electrons.” 

~x l930 Raman, Sir Chandrasekhara Venkata (1888- ), Indian. In 

recognition "for his works on the diffusion of light and for 
the discovery of the effect known by his name.” 

1932 Heisenberg, Werner (1901- ), German. In recognition "for 

the creation of the quantum mechanics whose application has 
among other things led to the discovery of the allotropic forms 
of hydrogen.” 

1932 Langmuir, Irving (1881- ), American (Chemistry). In rec¬ 

ognition "for his discoveries and researches within the realm 
of surface chemistry.” 

1933 Schrodinger, Edwin (1887- ), German, and 

Dirac, P. A. M. (1902- ), English. In recognition "for the 

discovery of new fertile forms of the atomic theory.” 

1934 Urey, Harold C. (1893- ), American (Chemistry). In recog¬ 

nition "for the discovery of the hydrogen isotope of mass 2.” 

1935 Chadwick, James (1891- ), English. In recognition "for his 

discovefy of the neutron.” 



tiobel 'Prize Winners in “Physics 


695 


1935 Joliot, Jean Frederic (1900- ), French (Chemistry), and 

Curie-Joliot, Irene (1897- ), French. In recognition "for 

their jointly performed synthesis of new radioactive 
elements.” 

1936 Hess, Victor Franz (1883- ), Austrian. In recognition "for 

his discovery of cosmic radiation,” and 
Anderson, Carl David (1905- ), American. In recognition 

"for his discovery of the positron.” 

1937 Davisson, Clinton Joseph (1881- ), American, and 

Thomson, George Paget (1892- ), English. In recognition 

"for their experimental discovery of the diffraction of elec* 
trons by crystals.” 

1938 Fermi, Enrico (1901- ), Italian. In recognition "for his dis¬ 

covery of new radioactive elements produced by the irradia¬ 
tion of neutrons, and for his discovery of nuclear reactions 
brought about by slow neutrons.” 

1939 Lawrence, Ernest O. (1901- ). American. In recognition 

"for the invention and development of the cyclotron, and 
especially for the results attained by means of this device in 
the production of induced radioactive elements.” 




Answers to Problems 


Chap. 2. 1. (a) 109.3 yds. (b) 914.4 mm. (r) 304.8 cm. 2. (a) 

2268 gm. ( b ) 31,556,917 sec. (c) 621 mi. 3. (*) 6600 ft. ( b) 1.25 mi. 

(<•) 2200 yds. (d) 2.011km. 4. ( a) 4.907 kg. (b) 4907 gm. (c) 10.82 lb. 
5. (a) 1.37 mi. (b) 2.18 km. 

Chap. 3. 1. 15 lb at 37°. 2. 3.36 lb at 20° S of E. 3. F x = 6.3 lb 

F 2 = 5.18 lb. 4. 300 lb. 5. 50 lb. 6. 2927 mi. 7. 57.7 lb. 

Chap. 4. 1. 293 ft/sec. 2. {a) 120 mi/hr. (b) 176 ft/sec. 3. (a) 
18 cm/sec. (b) 648 m/hr. 4. 16.1 mi/hr at 68° 12' with bank. 5. 8.5 de¬ 
grees S of E. 6. 66° 25' with bank. 7. 4,400,000 ft lb/sec. 8. (a) 1.2 kg 
m/sec. (b) 120,000 gm cm/sec. 9. 586 ft/sec. 2 

Chap. 5. 1. 75 ft. 2. 27 ft. 3. 6,12,18, 24, and 30 ft/sec. 4. 80 ft/sec. 
5. 6 sec. 6. 160 ft/sec, or 109 mi/hr. 7. 156.2 ft. 8. (a) 50 ft. (£) 12.5 ft. 
9. (d) 112.5 ft. (b) 28.1 ft. 10. 8.16 sec. 11. 2,230 dynes. 12. 24,500 dynes. 
13. 4,445,000 dynes. 14. 2 pdls. 15. 100 lb or 3200 pdls. 

Chap. 6. 1. 1,592,500 dyne cm. 2. 2000 ft lb. 3. 14,400,000 ft lb. 

4. 1 X 109 ergs. 5. K.E. = 9.8 X 10 7 ergs, and P.E. = 9.8 X 10 7 ergs. Total 
energy = 19.6 X 10 7 ergs. 6. 3.9 X 10 7 ergs/sec. 7. (a) 2750 ft lb/sec. 
(b) 5 H.P. (c) 3730 watts. 8 . 1.5 ft/sec. 9. 7 cm/sec. 10. K.E. before 
= 7125 ergs. K.E. after = 6615 ergs. Heat = 510 ergs. 

Chap. 7. 1. (a) 1.57 rad. (b) 4.71 rad. (r) 9.42 rad. (d) 0.785 rad. 
(e) 1.047 rad. 2. 628.3 ft/min or 10.5 ft/sec. 3. 4.41 ft/sec2. 4 . 3000 dynes. 

5. 18,750 dynes. 6. 661.5 pdls. 7. 232,300 pdls. 8. 75,000 gm cm2/sec. 
9. 2.64 X 109 lb ft2/sec. 10. 394,800 ergs. 11. 843,750 ergs. 

Chap. 8 . 1.4000 dynes. 2.202 cm. 3.200 lb. 4.2 in. 5.0.75. 6.98 cm. 

Chap. 9. 1. (a) 100 gm/cm2. (b) 98,000 dynes/cm2. 2. (a) 272 

gm/cm2. (b) 136 gm/cm2. 3. (a) 160 gm. (b) 96 gm. 4. 2000 gm. 
6.14.28 cm. 6. 3.27 cm, 1.63 cm, 0.653 cm, 0.327 cm, and 0.163 cm. 

Chap. 10. 1. 0.039 lb. 2. 6,804 lb. 3. 4.9 X 108 dynes/cm2 or 1125 lb. 
4.1881b. 5. 5702 1b. 

Chap. 11. 1. 10° C or 8° R. 2. (<*) 77° F or 20° R. (b) 140° F or 
48° R. ( c ) -40° F or -32° R. 3. 0.125 cm. 4. 0.317 in. 5. 16.5 gal. 

6. 22,293 ft®. 7 . ( 4 ) 1.05 cal. (b) 23 cal. (c) 31 cal. 8 . (a) 28.2 cal. 
(b) 418 cal. ( c ) 145,200 cal. 9. 20,000 cal. 10. 141,000 cal. 



c Answers to 'Problems 


Chap. 12. 1. 5.77 X 10-23 gm. 2. 13.1 X 104 cm/sec. 3. 2.31 X 104 
cm/sec. 4. 27 X 1019 molecules. 

Chap. 13. 1. 5520 cal. 2. 25,000 cal. 3. 225,000 cal. 4. 10.6, 26.9,18.1, 
33.5, and 50.0 gm. 5. 33 percent. 6. 52 percent. 7. 51.5° C. 

Chap. 14. 1. 1.99 sec. 2. 24.7 cm. 3. 0.635 sec. 4. 1080 ft/sec. 5. 25 
ft/sec. 6. 1620 vib/sec. 

Chap. 15. 1. (a) 48.6 sec. (b) 11.2 sec. 2. 1147 ft/sec. 3. 3.16. 

4. 10,000. 5. 132 vib/sec. 6 . (a) 108.8 vib/sec. (b) 92.5 vib/sec. 

Chap. 16. 1. 100 vib/sec. 2. 77,440,000 dynes. 3. 136 vib/sec. 6 . (a) 
528, 792, 1056, 1320, 1584, 2112, 2376, and 2640. (b) 1848, 2904, 3432, 

and 3696. 

Chap. 17. 1. 5 dynes repulsion. 2. 4 dynes attraction. 3. +24 e.s.u. 4. 
(a) 10.5 X 109. (1 b ) 6.3 X 1020. 5. ( a ) 4 farads, (b) 4 X 106 M f. (<•) 
4 X 1012 ^f. 6 . (a) 2 X 10-6 coulomb, (b) 12.6 X 1012 electrons. 7. 
(a) 2.5 dynes, (b) 0.1 dyne, (r) 0.001 dyne, (d) 10.3 dynes. 

Chap. 18. 1. 1 dyne attraction. 2. +30 e.m.u. and —30 e.m.u. 3. (a) 
4 oersteds, (b) 5 oersteds. 4. (a) 50 dynes, (b) 2.5 dynes, (c) 5 X 105 
dynes. 5. 450 dynes. 6 . 3 oersteds. 7. 18.36 oersteds. 

Chap. 19. 1. (a) 5 coulombs/sec. (b) 31.5 X 1018 electrons/sec. 

2. 0.15 ohm. 3. 2 ohms. 4. 2.2 ohms. 5. 0.25 amp. 6. 4 amps. 7. 25 ohms. 

8 . 2 ohms. 9. 0.5 ohm. 10. 12 amps. 11 . (a) 4 ohms, (b) 27.5 amps, 
(r) 13.75, 11.0, and 2.75 amps. 

Chap. 20. 1. 3168 cal. 2. 87,120 cal. 3. 28,800 cal. 4. 27.6 0 C. 

5. 1286 sec. 

Chap. 21. 1. 11,000 volts. 2 . 50 turns. 3. (a) 45,454 turns, (b) 0.044 
amp. 4. 1100 watts. 5. 0.3 watt. 6 . (a) 0.91 amp. (b) 121 ohms. 7 . (a) 
660 watts, (b) 1.32 kw-hrs. 8. (a) 44 kw-hrs. (b) $1.76. 9.60(1. 10.24(1. 
11. (a) 550 watts, (b) $3.30. 12. 58(1. 13. (a) 10 amps, (b) 2200 kw. 
(c) 2200 kw/hr. (d) I2R = 200 watts, (e) 2 X 106 watts. 

Chap. 22. 1. 15.5 rev/sec. 2. 2.19 X 10io cm/sec. 3. 76,870 mi/hr. 
4. 15 ft candles. 5. 1 and 0.5 ft candles. 6. 300 c.p. 7. 180 c.p. 8. 2000 c.p. 

9 . 4 ft from 80, and 6 ft from 180, or 20 ft from 80, and 30 ft from 180. 

Chap. 23. 1. 35° 16'. 2.1.0 in. 3. 48° 35'. 

Chap. 24. l.q = 30 cm, I = 6 cm. 2. q = 3 in, I = 1 in. 3. q=— 6 in, 

I = 3 in. 4. q = — 4.8 cm, I = 1.6 cm. 5. q = 15 cm, I = 3 cm. 6. 64. 
7 . 12. 8 . (a) q = 2 in, I = 0.5 in. (b) q = 1.5 in, I = 0.25 in. 9 . q = 2 cm 
from second lens, and I *= 1.33 cm. 

Chap. 26. 1. (a) A = 0.00005 cm. (b) green. 2. 7 mm apart. 3. A = 
0.00006 cm. 4. (a) 4 cm. (b) 8 cm. 



t^inswers to 'Problems 


Chap. 27. 1. 180°. 2. (a) 150°. ( b ) 300°. (r) 450°. 3. red 91%, 
orange 86 %, yellow 82%, green 64%, blue 37%, and violet 10 %. 

Chap. 28. 1. 1.1 X 1027. 2. 1.9 X 109 cm/sec. 3. 372.8 mi/sec. 4. 
(a) 6 X 107 cm/sec. ( b ) 1.9 X 108 cm/sec. ( c) 6 X 108 cm/sec. (d) 1.9 
X 109 cm. (e) 6 X 109 cm/sec. 

Chap. 29. 1. 2.09 X IO-22 gm. 2 . 3.25 X IO-22 g m . 3 . 3.33 x 10~24 
gm. 4. 2.64 X 10 - 23 gm. 

Chap. 30. 1. (a) 2 X 10~8 cm. ( b ) 2 X IO -10 m. (r) 2,500. 2. 

2.81 X 10-8 cm, or 2.81 A. 

Chap. 31. 1. (< j ) 5 days. ( b ) Ra E. 2. 19.2 min. 

Chap. 32. 1. 14.420A. 2. 4807A, 5768 A, 7210A, 9613 A, 14,420A, 

19 . 226 A, and 28,840A. 3. 0.0000006 cm, to 0.00002 cm. 4. 0.00000002 cm. 

5. Approx. 200 . 6 . 5 X 1017 vib/sec. 

Chap. 33. 1. A = 3971A. 2. A x = 3647A. 

Chap. 34. 1. ( a ) 9.8 X 10~i3 erg. (b) 4.69 X 107 cm/sec. (r) 

3.9 X IO-12 erg. 2. (a) 1.5. ( b ) 22.4. 

Chap. 35. 1. 1.15 X 107 dynes. 2. 1.15 X 10-5 erg. 3. 1250A. 

Chap. 36. 1. 0.96 X 10-9 cm, or 0 . 096 A. 2. 2.68 X 10-3 cm or 

2.68 X 105A. 3. 1.7 X 10-13 cm. 5. 0 . 1 56A. 

Chap. 38. 1. (<*) 0.0054 mass unit. ( b ) 0.0182 mu. (c) 0.0268 mu. 
(d) 0.0018 mu. ( e) 1.0741 mu. 2. (a) 0.931 MEV. (b) 27.28 MEV. 
3. (a) 8.94 MEV. (b) 5.58 MEV. 4. (a) 8.5 6 MEV. (b) 5.21 MEV. (c) 

3.82 MEV. 5. (a) 3.5 cm. ( b ) 16.1 cm. (r) 115 cm. (d) 34 cm. (e) 1 cm. 

6. (a) 150 cm. ( b ) 8 cm. 7, (a) 16.7 cm. ( b ) 3.2 cm. 8 . carbon 0.4 MEV., 
helium 1.2 MEV. 

Chap. 39. 1.11.1 MEV. 2. (a) 6 MEV. (b) 1.5 MEV. 3. {a) 12.1 MEV 
each. ( b ) 6.1 MEV for proton, and 0.87 MEV for lithium. 4. v — 3-8 X 1021 
vib/sec. A = 7.8 X IO -12 cm. 5. o^ 1 + -Ni4-> 6 04 + x Hi. 0.65 MEV. 
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Abelson, P., 615 
Absolute magnitude of stars, 647 
Absolute temperature scale, 128 
Absolute zero, defined, 146 
Absorption spectra, 490, 492 
Absorption, atmospheric, 630 
Acceleration, 
defined, 41 
negative, 44 
of gravity, 52, 627 
of sun, 627 

Accommodation, of eye, 356 
Action, 
force, 59 

Planck’s constant of, 506, 509 
Adhesion, defined, 102 
Age of the earth, 473 
Agonic line, magnetic, 246 
Air, 

conditioning, 158 
core transformers, 305 
density of, 109, 110 
friction, 69 
liquefaction of, 165 
pressure, 109 

Airplane wing, lift of, 123 
Alcohol, thermal expansion of, 135 
Alkali metals, 493 
Allen, J. S., 668 
Alpha-particle, 
discovery of, 463 
stability of nucleus, 603 
tracks, photographs, 466 
Alternating current, generator, 289 
Altimeter, 114 

Altitude, effect on cosmic rays, 553 
Ammeter, principle of, 283 
Ampere, Andr6 M., 258 
Ampere, unit of current defined, 258 
Amplitude, 
of vibrations, 172 
of waves, 181 

Analyzer, of polarized light, 402 


Anderson and Stevens, balloon flight, 
109 

Anderson, C. D., 557, 560, 695 
Anderson, D. A., 553 
Anderson, J. A., 498 
Andromeda, spiral nebula, 660, 665 
Angstrom, unit of length defined, 
480 

Angular momentum, 79 
Angular velocity, 74 
Annihilation energy, nuclear, 575 
Annual parallax, of stars, 645 
Anode, defined, 414 
Apparent magnitude of stars, 646 
Apparent solar time, 17 
Arago, Francois, 401 
Arc light, 
carbon, 315 
mercury, 317 
sodium, 316 

Archimedes’ principle, 99 
for gases, 120 
for liquids, 99 
Aristotle, 47, 48 
Astigmatism, 356 
Aston, Francis W., 436, 693 
mass spectrograph, 437 
Astrophysics, 619 
Atmosphere, 

absorption by, 630 
earths, 108 

pressure due to, 116, 117 
Atomic collisions, 564 
Atomic mass, unit of, 442 
whole numbers, 575 
Atomic structure, 

Bohr’s theory of, 517 
Bohr-Stoner scheme, 523 
of crystals, 146 
Solar system comparison, 527 
Atomic weight, 141 
table of, 576, 687 
Atomizer, principle of, 123 
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Atom model, 

electron wave, 542 
orbital electron, 517 
Atoms, 
kinds of, 141 
size of, 141 
Attraction, 

of electric charges, 223 
of magnetic poles, 240 
Aurora australis, 633 
Aurora borealis, 633 
Auto transformer, 296 
Avogadro, Amadeo, 150 
Avogadro’s, 
law, 150 
number, 151 
principle, 150 

Bainbridge, mass spectrograph, 441 
Balmer formula, of hydrogen, 521 
Balmer series of hydrogen, 496, 517 
Band spectra, 497 
Barkla, C. G., 693 
Barograph, 115 
Barometer, 

aneroid, 113, 114 
mercury. 111, 112 
Barrier of the nucleus, 604 
Baseball, throwing a curve, 123 
Bathysphere, diving bell, 101 
Batteries, 

dry cell, 260, 267 
storage batteries, 260, 267 
Beats, in sound and music, 193, 
Becquerel, Antoine H., 461, 691 
Becquerel rays, 
detection of, 464 
discovery of, 461 
ionizing power of, 463 
penetrating power of, 464 
Beebe, Chas. Wm., 101 
Bell, Alexander Graham, 301 
Bells, vibrations of, 206 
Bending, of solid rods, 89, 90 
Bernoulli’s principle, 121 

demonstration experiments, 122 
Beta-rays, 
discovery, 463 
origin of, 611 
Bethe, H. A., 600 
Binary, spectroscopic, 656 


Binoculars, prism, 539 
Birge, R. T., 323, 499 
Blind spot, of eye, 6 
Blue sky, cause of, 404 
Body color, 364 
Bohr, Niels, 517, 693 
Bohr-Stoner scheme, 
of atomic structure, 523 
Bohr, theory of hydrogen atom, 517 
Boiling point, 149 
pressure effect on, 162 
Bouncing ball experiment, 91 
Bowen, I. S., 548 
Brackett, series in hydrogen 
Bragg, Sir Wm. H., 453, 693 
Bragg, Wm. L., 453, 693 
Bragg hump, for x-particles, 470 
Bragg rule, 455 
Branch disintegrations, 591 
Braun, F., 692 
Bremsstrahlen, 
origin of, 528 
cosmic rays, 554 
Brewster, Sir David, 395 
law of, 395 

Brightest stars, 646, 648 
Brode, R. B., 471, 560 
Brown, R., 145. 

Brownian movement, 145 
Buoyancy, 
of gases, 120 
of liquids, 99 
Burglar alarms, 503 

Calcite crystals, 395 
prism, 400 

Calcium, in solar atmosphere, 639 

Calorie, defined, 138 

Camera, 

photographic, 354 
pinhole, 325 
Canada balsam, 397 
Canal rays, 428 
Candle power, 325 
of sun, 622 

Capacity, of condenser, 232 
the farad, 234 
the microfarad, 234 
Capillarity, in tubes, 105 
Carbon arc, 315 
Cavendish experiment, 57 
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Cathode rays, 
discovered, 414 

negatively charged particles, 417 
travel in straight lines, 416 
Center of gravity, 

of irregular shaped bodies, 32 
of regular shaped bodies, 31 
rotation about, 33 
Center of mass, 31, 32 
rotation about, 33 
Centigrade, temperature scale, 128 
Centimeter, unit of length, 14 
Centrifugal force, defined, 73 
Centripetal force, defined, 75 
Cepheid variables, stars, 653, 664 
period of, 658 
Cgs system, 18 
Chadwick, J., 565 

discovery of electron, 569, 578, 694 
Change of state, 141 
liauid to gas, 148 
solid to liquid, 148 
Chemical elements, 

complete table of, 687 
Chladni's sand figures, 205 
Chromatic aberration, 351 
Chromatic musical scale, 209, 210 
Chromosphere, of sun, 637 
Circle of reference, 

for vibrating bodies, 172 
Clausius, Rudolf, 150 
Closed core transformer, 297 
Clusters, star, 655, 660 
Coefficients, of, 
restitution, 91 
thermal conductivity, 155 
thermal expansion, 132 
Cockcroft-Walton experiment, 581 
Cohesion, defined, 102 
Colladon, Jean, 186 
Collisions between atoms, 564 
Collisions, electrons with photons, 536 
Color, 363 
blindness, 371 
body, 364 
complementary, 367 
metallic, 365 
primary, 366 
pure, 364 
saturated, 364 
secondary, 366 


Color —Continued 
spectrum of, 368 
triangle, 366 
vision, 370 
Color mixing, 

additive method, 367 
subtractive method, 367 
Color photography, 
kodachrome, 376 
technicolar process, 374 
three color camera, 372 
Companion of Sirius, 657 
Compass, 

declination of, 246 
dip of, 246 
magnetic, 238 
Complementary colors, 404 
Composition of vectors, 26 
Compounds, chemical, defined, 141 
Compound microscope, 360 
Compression, of solids, 93 
Compton, A. H., 535, 552, 694 
Compton effect, 634 
Concave grating spectrograph, 485 
Condenser, electrical, 232 
farad, 234 
variable, 235 
Conduction, heat, 153 
Conductor, electrical, 
defined, 227 
table of, 227 

Cones, and rods, of eye, 5 
Conservation of, 

angular momentum, 79 

in nuclear distintegrations, 612 
energy, 67, 147 

in nuclear disintegrations, 575 
momentum, 70 

Constant acceleration, defined, 41 
Continuous absorption spectra, 490 
Convection, of heat, 156 
Converging lenses, 346, 382 
Cooling by evaporation, 159 
Cornea, of human eye, 5 
Corona, 343, 638 
Corson, D. R., 471, 614 
Cosmic rays, 547 
altitude effect, 553 
directional effects, 549 
discovery of positron in, 557 
east-west effect, 559 
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Cosmic fays —Continued 

electron pairs created by, 558 
latitude effect, 552 
mesotrons, 562 
penetration of, 549 
primaries, 554 
secondaries, 554 
showers of, 560 
telescope, 551 
Coulomb’s law, 
electrostatics, 228 
magnetism, 250 
unit of charge, 229 
Creation of electron pairs, 558 
Critical angle, of refraction, 334, 397 
Crookes, Sir Wm., 413 
Crookes dark space, 415 
Crookes tube, 444 
Crossed Nicols, 398 
Crystal forms, 147 
Crystaline lens, of eye, 5 
Crystals, 

atomic structure of, 146 
Curie, Irene, 569, 592 
Curie-Joliot, Irene, 695 
Curie, Marie S., 461, 691, 692 
Curie, Pierre, 461, 691 
Current, dirert and alternating, 289 
Curved space, 678 
Cyclotron, 583 

photograph of, 587, frontispiece 
principles of, 585 
Cymbals, musical instruments, 205 

Dalen, G., 692 
Darrow, K. K., 547 
Davisson, C. J., 695 
Davisson-Germer experiment, 540 
De Broglie, L. V., 454, 694 
electron waves, 538 
wave equation, 538 
Decay, of radioactive elements, 468 
Declination, of compass, 246 
Density, defined, 98 

dark companion of Sirius, 657 

of air, 109, 110 

of earth, 627 

of gases, 111 

of Sirius, 657 

of stars, 655 

of sun, 627 


Deuterium, discovery of, 499 
Deuteron, 
defined, 499 
distintegrations by, 588 
stability of, 603 
Dewar flask, 159 
Dewar, Sir James, 165 
Diatomic molecules, 
defined, 142 

vibration and rotation, 529 
Diatonic musical scale, 207, 210 
Difference of potential, 233, 257 
Differential expansion, 134 
Diffraction, 378 
by double-slit, 383 
by gratings, 386 
by single opening, 382 
of electrons, 540 
of x-rays, 456 
Diffraction grating, 386 
spectrograph, 484 
spectrum formed by, 388 
Dimmer, for electric lights, 304 
Dip, of magnetic compass, 246 
Dirac, P. A. M., 694 
Direct current generator, 289 
Discharges through gases, 413 
Discord, in music, 208 
Disintegration of atomic nuclei, 
branch reactions, 591 
by deuterons, 588 
by neutrons, 597 
by protons, 588 
discovery of, 567 
multiple reactions, 590 
natural radioactivity, 467 
Dispersion, 337 

in solids and liquids, 338 
rotatory, 402 

Displacement, defined, 172 
for vibratory motions, 172 
Distance, 
to stars, 644 

units of measurement, 13 
Distinct vision, distance of, 356 
Diurnal variation, 
of earth’s magnetic field, 247 
Diverging lenses, 346 
Doppler effect, 194 
among stars, 656 
sun's rotation by, 631 
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Double refraction, 395 
Double-slit experiment, 383 
Double stars, 655 

Doubly ionized atoms, defined, 525 

Drum, vibrations of, 205 

Dry cell, 260 

Dugan, R. S., 668 

Dyne, unit of force, defined, 43 

Dyne centimeter, unit of work, 64 


Ear, 

functions of, 190 
range of frequency response, 189 
Earth, 

age of, 473 
atmosphere of, 108 
magnetic field of, 244, 247 
mass of, 627 

Eclipsing binary, stars, 655 
Eclipsing variable, stars, 654 
Eddington, A. S., 651, 653, 668 
Edge tones, 202 
Edison, Thomas, 313 
Einstein, Albert, 669, 693 

general theory of relativity, 678 
mass energy equation, 573, 626 
photoelectric equation, 506 
special theory of relativity, 673 
Elasticity, by bouncing balls, 91 
Elastic limit, 89 
Electrical condenser, 232 
Electrical conductor, 
defined, 227 
table of, 227 
Electrical insulators, 227 
Electrical thermometers, 129 
Electric currents, 

heating effects of, 273 
induced, 285 
magnetic effect of, 275 
mechanical effect, 279 
Electric, 
field, 235 
lines of force, 236 
motor, 281 
potential, 230 
Electric lights, 
carbon arc, 315 
mercury arc, 317 
neon, 315 


Electric lights —Continued 
sodium, 316 
tungsten filament, 313 
Electricity, 
at rest, 221 
in motion, 255 
Electrification, 
by friction, 221 
theory of, 224 
Electromagnet, 279 
Electromagnetic unit, 251 
Electromotive force, 257 
Electron diffraction, 540 
Electron, 

change with velocity, 510 
charge on, 421 
discovery of, 413 
gun, 425 

ionization by, 429 
mass of, 425 
ratio e/m of, 420 
shells, 524, 527 
spinning, 525 
velocity equation for, 426 
waves, 538, 542 
Electron jumps, in atom, 520 
Electron orbits, 
hydrogen, 519 
in other atoms, 524, 527 
Electron pairs, creation of, 558 
Electrons, 

free, 271, 537 
place in atom, 224 
recoil, 537 
Electroscope, 

charging by induction, 231 
construction of, 225 
string, 548 
Electrostatic, 

attraction and repulsion, 222 
unit of charge, 229 
Elements, 
chemical, 435 
complete table of, 687 
Elevation angle, for projectiles, 54 
Ellis, C. D., 565 
Emission spectrum, 489 
Energy, 

conservation of, 67 
heat, 147 
mass, 573 
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English system of units, 13 
Enhanced lines, of spectrum, 525 
Equal tempered musical scale, 210 
Equilibrium, of forces, 27 
Erg, unit of work, defined, 65 
Evaporation, 
cooling by, 159 
molecular theory, 160 
Excited states of atoms, 521 
Expanding universe, 664, 667 
Expansion, thermal, 131 
Extra-galactic nebula, 663 
Extraordinary ray, in calcite, 397 
Eye, 

detailed diagram of, 5 
optical properties, 354 
Eyepiece, optical instrument, 357 


Fahrenheit, temperature scale, 128 
Falling bodies, 48, 52 
Farad, unit of capacity, 234 
Faraday, Michael, 279 
Faraday, 

dark space, 415 
experiment, 287 
Fast neutrons, 

distintegration by, 599 
Feather, N., 597 
Fermi, E., 612, 695 
Field, 

electric, 235 
magnetic, 242 

Fine structure, of spectrum lines, 526 
Fireplace, heat from, 159 
First magnitude stars, 646 
Fission, of uranium nucleus, 613 
Fizeau, H. L., 

velocity of light experiment, 321 
Flash spectrum, 639 
Fluids, 

defined, 121 
in motion, 121 
Fluorescence, 318 
Flute, construction of, 202 
Focal length, 
of concave mirrors, 353 
of lenses, 346 
Fog, formation of, 465 
Foot-candle, 326 
Force, 23 


Force —Continued 
a vector, 24 

electrostatic unit of, 236 
equation, 43 
Fovea, of eye, 6 
Fowler, G. R., 558 
Frame of reference, 674 
Franck, J., 694 
Franklin, Benjamin, 224 
Fraunhofer, Joseph, 628 
Fraunhofer lines, 630 
Free electrons, 271 

Compton effect with, 537 
Frequency, of vibration, 172 
Fresnel, Augustine, 378, 394 
Friction, 

effects on motion, 36 
electric charges produced by, 221 
of air, 69 
Friedrich, W., 451 
Fusion, heat of, 149 

Galactic plane, 659 
Galaxy, The, 659 
Galileo, Galilei, 47, 319, 619 
Galileo’s thermometer, 127 
Galvanometer, 285 
Gamma rays, 

discovery of, 463 
in cosmic rays, 554 
origin of, 610 
Gas, 

kinetic theory of, 144 
pressure, 137 
state of matter, 144 
velocity of molecules, 150 
Geiger, H., 513 

Geiger-Mueller tube counter, 550 
Geiger tube, 550 
Geissler, Heinrich, 413 
Generator, electric, 288 
Generators, electric, 289 
Geodesics, of space, 679 
Geological time scale, 474 
Giant stars, spectrum of, 651 * 

Gilbert, Sir Wm,, 221 
Globular star clusters, 660 
Glockel, H., 547 
Gram, unit of mass, 15 
Gram molecular volume, 151 
Grating, diffraction, 386 



Index 


703 


Gravitation, 
constant of, 57 
on the sun, 627 
shift of spectrum lines, 282 
universal law, 57 
Gravity, 

acceleration, 47, 52 
Newton’s law, 56 


Hahn, O., 613 

Half-life, of radioactive elements, 468 
Half-tone, in music, 210 
Halos, 343 

Harmonic overtones, 198 
Harmonic triads, 209 
Harmony in music, 208 
Heat, 

a molecular motion, 147 
by electric current, 273 
capacity, defined, 139 
energy, 147 
of vaporization, 149 
quantity of, 138 
Heat transfer, 

by conduction, 153 
by convection, 156 
by radiation, 158 
Heat waves, 

reflection of, 158 
Heavy water, discovery of, 499 
Heisenberg, W., 694 
Helium, 

liquefaction of, 166 
spectrum of, 490 
Helmholtz, Hermann, 187 
Helmholtz resonator, 187 
theory of color vision, 370 
Henry, Joseph, 303 
Hertz, G., 694 
Hertz, Heinrich, 417 
Hertzberg, G., 494 
Hess, V. F., 547, 695 
Hipparchus, 646 
Hittorf, W., 413 
Hooke, Robert, 379 
Hooke’s law, 88, 93 
Horse power, defined, 69 
Hour glass, 16 
Hubble, E. P., 666 
Hull, G. F., 600 


Human ear, 189 
Humason, M., 666 
Humidity, 

relative and absolute, 160 
tables for, 161 
Huygens, Christian, 379 
Huygens, 

wave theory of light, 375, 380 
Hydrogen, 
liquefaction of, 166 
Lyman series in, 522 
Hy arogen atom, 

Bohr theory of, 517 
electron omits of, 519 
unit of mass, 442 
wave model of, 544 
Hydrometer, for testing batteries, 263 
Hyperfine structure, 
of spectrum lines, 526 


Illumination, 325 
Image formation, 
by concave mirrors, 353 
by lenses, 347 
Impact, between spheres, 71 
Inclined plane experiment, 49 
Index of refraction, defined, 324 
Induced electric current, 285 
Induced radioactivity, 
discovery of, 592 
Induction coil, 295 
Induction, magnetic, 248 
Inertia, defined, 36 
Infrared light, 
spectrum of, 475 
wave-length of, 385 
Initial velocity, 41 
Inside the nucleus, 602 
Insulators, electrical, 227 
Intensity, 

of light sources, 325 
of magnetic field, 251 
of sound waves, 186 
Interference, in light, 383, 404 
Intrinsic brightness, of stars, 646 
Inverse square law, 
for electrostatics, 228 
for gravitation, 57 
for light, 325 
for magnetism, 251 
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Ionization, 
by ^-particles, 463 
process of, 429 

Ionized atoms, defined, 522, 525 
Ions, positive and negative, 256 
Iron, spectrum of, 490 
Island universe, our, 659 
Isobars, defined, 441 
Isoclinic lines, magnetic, 247 
Isogonic, line, magnetic, 246 
Isotope, abundance, 440 
Isotopes, 

complete table of, 687 
discovery of, 434 
masses of, 576 
radioactive, 473 

eans, James, 207, 668 
enkins, F. A., 497 
[ oliot, Jean F., 569, 592, 695 
'oliot, Irene, 569, 592, 695 
oules law, 273 
oule, unit of work, 65, 66 

Kamen, M. D., 597 
Kamerlingh, O. H., 692 
Kelvin, temperature scale, 128 
Kikuchi, electron diffraction, 541 
Kilogram, standard of mass, 13, 15 
Kilometer, unit of length, 15 
Kinetic energy, 
defined, 66, 67 
of electrons, 417 
of molecules, 147 
of rotation, 80, 82 
Kinetic theory, 141 
of gases, 144 
of Hauids, 144 
of solids, 146 
King, A. S., 493 
Knipping, P., 451 
Koaachrome, color pictures, 376 
Kolhorster, W., 547 
Kurie, F. N. D. 

Langmuir, W., 694 
Latent heat of fusion, 149 
Latitude effect, cosmic rays, 552 
Laue, Max von, 451 
Laue pattern, x-rays, 452 
Lauriston, C. G, 558 


Law of, 

parallel resistances, 268 
reflection, 329 
refraction, 332 
series resistances, 267 
Lawrence, E. O., 583, 594, 695 
Lenard, P., 417, 501, 513, 691 
Lens formula, 348 
Lenses, 345 

astigmatism, 351 
chromatic aberration, 351 
defects in, 350 
focal length defined, 346 
principal axis, 346 
Lenz’s law, 306 
Levitation, 308 
Lick Observatory, 663 
Light, 313 
polarization of, 391 
wave-length of, 385 
Light-year, unit of stellar distance, 644 
Line spectra, 
absorption, 492 
emission, 489 
Lines of force, 
electric, 236 
magnetic, 242 
Lippmann, G., 692 
Liquid air, 165, 166 
experiments with, 166 
Liquid oxygen, 165 
Liquid state of matter, 144 
Liquefaction of, 
air, 165 
helium, 166 
hydrogen, 166 

Lithium, disintegration of, 588 
Littrow spectrograph, 483 
Livingston, M. S., 600 
Lodestone, 238 
Longitudinal waves, 177 
Loops, of standing waves, 179 
Lorentz-Fitzgerald contraction, 672 
Lorentz, H. A., 672, 691 
electron theory of, 510 
Low temperatures, 166 
Luminescence, 318 
Luminosity curve, for stars, 652, 646 
Luminous intensity, of light source, 
325 

Lunar bows, 343 
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Lyman series of hydrogen, 522 

Lyman, T., 522 

Lyra, ring nebula in, 661 


Magdeburg hemispheres, 117 
Magnetic declination, 246 
Magnetic field, 251 
of earth, 244, 556 
Magnetic, 

induction, 248 
lines of force, 242 
poles of a magnet, 240 
poles of the earth, 557 
poles of unit strength, 251 
Magnetism, 238 
residual, 249 
theory of, 249 
Magnetite, loadstone, 238 
Magnets, 
electro, 279 
permanent, 239 
Magnifier, reading glass, 349 
Magnitude of stars, 646 
Major third, in music, 209 
Major tone, in music, 208 
Marconi, G., 692 

Marimba, a musical instrument, 204 

Marsden, E., 513 

Mass, a form of energy, 573 

Mass, 

change with velocity, 510 
defined, 36 

energy equation, 573, 626 
luminosity curve, 652, 653 
of earth, 627 
of electron, 425 
of sun, 626 
units of, 44 
Mass spectrograph, 

Aston’s, 436 
Bainbridge’s, 441 
Thomson’s, 430 
Maxwell, James Clerk, 150 
Me Lennan, J. C., 547 
Mean solar day, 17 
Mechanical equivalent of heat, 147 
Melting point, 149 
Menzel, D. H., 499 
Mercury arc, 317 

Mercury, precession of planet, 681 


Mercury, 

spectrum of, 490 
thermal expansion of, 135 
thermometers, 128 
Mesotrons, in cosmic rays, 562 
Metallic color, 365 
Meter, standard unit of length, 14 
Meters, 

ammeter, 283 
galvanometer, 285 
microammeter, 285 
voltmeter, 283 
Metric system, 13, 18 
Mica, polarization by, 396 
Michelson, A. A., 692 
Michelson, . 

interferometer, 670 
Moreley experiment, 669 
velocity of light experiment, 322 
Microfarad, unit of capacity, 234 
Microscope, 361 
Milky Way, 659 
Miller, Dayton C, 185, 207 
Millikan, R. A., 422, 552, 693 
measurement of h, 507 
oil drop experiment, 422 
photoelectric experiment, 508 
Million volts, atomic energy unit, 574 
Milne, E. A., 639 
Minor third, in music, 209 
Minor tone, in music, 208 
Mirrors, concave, 352 
Mixing of paints, 369 
Model, of atomic nucleus, 608 
Molecular theory, 141 
of magnetism, 249 
Molecular weight, 143 
Molecules, 
kinds of, 142, 143 
structure of, 439 
Momentum, 

conservation of, 70 
defined, 40 

Monatomic molecules, 142 
Monkey and hunter experiment, 56 
Moseley, H. G., 457 
law of, 457 
Motors, electric, 281 
Mt. Wilson Observatory, 
photograph of, 624 
solar telescope, 629 
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Multiple, 

disintegrations, 590 
reflections in mirrors, 331 
scattering of light, 407 
Music, quality of, 211 
Musical instruments, 197 
bells, 206 
brasses, 214 
drums, 205 
ranges of, 213 
rods, 204 
strings, 213 
winds, 203, 213 
wood winds, 214 
Musical intervals, 208 
Musical scale, 206 
chromatic, 209 
diatonic, 207 
equal tempered, 210 

Nebula, planetary, 661 
Negative, 

acceleration, 44 

glow in discharge tube, 415 

ions, 256 

potential, defined, 230 
Neon, 

isotopes of, 436 
lights, 315 
spectrum of, 490 
structure of atom, 224 
Neutrino, 612 
Neutron, discovery of, 569 
disintegrations by, 596, 599 
in the nucleus, 571 
Newton, Sir Isaac, 378, 383 
Newton, unit of force, 44 
Newton’s, 

first law of motion, 35 

{ gravitational constant, 57 
aw of gravity, 56 
second law of motion, 42 
third law of motion, 59, 60 
Nicol prism, 397 
Nobel, Alfred, 690 
Nobel prize winners, 690 
Nodes, of standing waves, 179 
Normal state of atom, 521 
North magnetic pole of earth, 244 
Nuclear, 
barrier, 604 


Nuclear —Continued 

disintegration, discovery of, 567 
energy conservation, 575 
Nuclear model, 

Bohr’s, 606 
Gamow’s, 605 
Nucleus, 

inside of, 602 

neutrons and protons inside, 571 
spinning, 526 
stability, 602 
temperature of, 606 

Objective methods, 3 
Octave, in music, 208 
Oersted, Hans Christian, 275 
Oersted, unit of field strength, 252 
Ohm, George Simon, 264 
Ohm, unit of electrical resistance, 264 
Ohm’s law, 265 
Oil drop experiment, 422 
Onnes, Kammerlingh, 166 
Oppenheimer, R., 558 
Optical activity, 401 
Optical illusions, 3-11 
Optical instruments, 
camera, 354 
eye, 355 
microscope, 360 
prism binoculars, 359 
telescope, 356 
Optical lever, 88 
Optic axis, in crystals, 401 
Organ pipes, 200, 202, 203 
Overtones, 198 
Oxygen, liquifaction of, 165 

Paint, mixing of colors, 369 
Pair production, of electrons, 558, 573 
Palomar telescope, picture of, 649 
Paradox, of time pieces, 680 
Parallax, defined, 645 
Parallel, 

batteries connected in, 266 
resistances connected in, 267 
Parallel Nicols, 398 
Parallelogram method, 
vector addition, 25 
Pascal, Blaise, 112 
Paschen, F., 523 
spectrograph, 487 
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Peak voltage, alternating current, 290 
Pendulum, period of, 173 
Penetration of cosmic rays, 549 
Period, 

of cepheid variables, 658 
of vibration, 172 
Periodic motion, defined, 171 
Periodic table of elements, 435, 687 
Perrin, J., 694 
Persistance of vision, 11 
Phonodeik, construction of, 215 
Phosphorescence, 318 
Phosphorus, radioactive, 593 
Photoelectric, 
cell, 502 
effect, 500, 533 
equation, 506, 509 
threshold, 509 
Photoelectrons, 501 
velocity of, 506 
Photon, defined, 520 
Photosphere, of sun, 637 
Physics, definition of, 3 
Piccard, J., balloon flights, 109 
Pinhole camera, 325 
Pitch, of musical note, 188 
Planck, M., 693 

Planck’s constant, experiment on, 507 
Planck’s quantum hypothesis, 481 
Plane mirror, reflection by, 330 
Plane polarized light, 391 
Planetary nebula, 661 
Polarization of light by, 
double refraction, 395 
films, 399 
reflection, 392 
scattering, 404 
selective absorption, 398 
tourmaline, 399 
Polarizing angle, 395 
Polonium, discovery of, 462 
Polyatomic molecules, 142 
Polygon method, vector addition, 26 
Positive column, discharge, 415 
Positive, 
ions, 256 

potential, defined, 230 
rays, discovery, 428 
Positron, discovery of, 557 
Positron tracks, in cloud chamber, 
596 


Potential, 

barrier of nucleus, 604 
curves, for nuclei, 516 
difference, 233, 257 
electric, 229 
energy, defined, 66 
Pound, unit of mass, 15 
Power, 

defined, 69 
horse power, 69 
transmission of electrical, 300 
watt, 69 
Precession, 

of planet Mercury, 681 
Pressure, 

at ocean depths, 101 
defined, 95 

effect on boiling point, 162 
in liquids, 96, 97 
of a gas, 137 
Primary colors, 366 
Primary cosmic rays, 554 
Projectiles, 53 

parabolic path of, 54 
Projector, motion picture, 504 
Prominences, solar, 634 
Properties of matter, 
gases, 108 
liquids, 95 
solids, 87 
Proton, 

collisions, 565 
disintegrations, 588 
gun, 581 

in the nucleus, 571 
nature of, 224 
Ptolemy, 646 

Pumps, vacuum, 117, 119 
Pyroheliometer, 623 

Quality, of musical sounds, 211 
Quantum theory, 481, 524 
Quantum number, 524 
Quartz crystals, 395 

Radian, defined, 74 
Radiation, 

from sun, 619 
of heat, 158 
pressure, in stars, 653 
pressure, in sun, 638 
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Radioactive, 

elements, table of, 689 
isotopes, 473 
phosphorus, 593 
series of elements, 471 
sodium, 594 
Radioactivity, 

discovered, 461, 592 
Radio-sodium, 595 
Radium, discovery of, 461 
Radius of earth and sun, 627 
Rainbow, explanation of, 339 
Raleigh, Lord, 691 
Raman, Sir C. V., 694 
Ramsey, Sir Wm., 145 
Ranee, 

of a-particles, 469, 577 
of deutrons, 577 
of projectiles, 55 
of protons, 577 
Rasetti, F., 597, 600 
Reaction force, 59 
Reaumer, temperature scale, 128 
Recoil electrons, 537 
Rectangular components, 29 
Rectilinear propagation of light, 324, 
377 

Red shift, of stars, 667 
Reflection, 
law of, 329 
of light waves, 381 
of x-rays, 456 
polarization by, 392 
total, 335 
Refraction, 

critical angle of, 334 
of light waves, 381 
Refractive index, defined, 324 
Refrigeration, principles of, 163 
Relative humidity, defined, 160 
Relativity, 

general theory of, 678 
mass of electron, 511 
of time, 674 
special theory of, 673 
tneory of, 673 
Repulsion, 

of electric charges, 223 
of magnetic poles, 240 
Residual magnetism, 249 
Resilience, 92 


Resistance, electrical, 264 

change with temperature, 129 
Resolution of vectors, 28 
Resonance, in sound, 192 
Restitution, coefficient of, 91 
Rest mass, of electron, 510 
Retina, of eye, 5 
Reversing layer, of sun, 638 
Rheostat, resistance, 270 
Richardson, O. W., 694 
Richards, T. W., 693 
Right-hand rule, 276 
Ring around the moon, 343 
Ring nebula, 661 
Rods, and cones, in eye, 5 
Romer, velocity of light, 319 
Rontgen, Wm. K. von, 444, 691 
Rotation, kinetic theory of, 80, 81 
Rotatory dispersion, 402 
Rotor ship, Flettner, 123 
Rowland, H. A., 628 
Rowland circle, for grating, 487 
Russell, H. N., 668 
Rutherford, E., 462, 547, 565, 

692 

scattering experiments, 513, 516 


Sailboat, principle of sails, 31 
Salt, crystals, structure of, 146 
Scalar, 

addition, 24 
quantities, 24 
Scattering, 

blue of sky, 404 
law of, 405 
polarization by, 407 
Rutherford, 513, 516 
Schrodinger, E., 694 
Scintillations, 
by a-particles, 430, 471 
Secondary colors, 366 
Secondary cosmic rays, 554 
Second, unit of time, 17 
Segr6, E. G., 612 

Selective absorption, polarization, 398 

Self-induction, 303 

Semitone, in music, 208 

Sensitive flame, 184 

Series, 

batteries in, 266 
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Series —Continued 
in line spectra, 495 
radioactive, 471 
resistances in, 267 
Shadows, 377 
Shear, in solids, 93 
Shells, electron, 527 
Shell-type transformer, 299 
Showers, of cosmic rays, 560 
Siderial time, 17 
Siegbahn, K. M. G., 694 
Simple microscope, 360 
Simple pendulum, 172, 174 
Simple periodic motion, 171 
Simultaneity, relativity, 677 
Simultaneous velocities, 40 
Siren, source of sound, 189 
Sirius, 

dark companion, 657 
density ot, 657 
the Dog Star, 622 
Slow neutrons, 599 
Slug, unit of mass, 59 
Snell, W., 333 
Sodium, 

electron orbits of, 524 
light from, 316 
radioactive, 594 
Solar, 

constant, 622 
radiation, 619 
system, 527 
year, 18 

Solenoid, magnetic field of, 276 
Solid state, 146 
Solids, thermal expansion, 132 
Sonometer, 197 
Sound, 183 

detection of, 184 
intensity, bel and decibel, 186,187 
motion pictures, 503 
transmission, 183, 184 
velocity of, 185, 186 
Sources of waves, 176 
South magnetic pole, 244 
Space diagram, 39 
Specific gravity, defined, 98 
Specific heat, 
defined, 138 
table of, 139 
Specific resistance, 265 


Spectra, 

band, origin of, 529 
classification of, 489 
line emission, 489 
simple and complex, 494 
stellar, 648 
Spectrograph, 
designs for, 483 
mass, 430 

Spectroheliograph, 640 
Spectroscope, 483 
Spectroscopic binary, 656 
Spectrum, 
classification, 476 
complete, 479 
diffraction grating, 388 
lines, gravitational shift, 682 
of giant stars, 651 
of sun, 627 
Speed, 37, 38 
Spinning, 
electron, 525 
nucleus, 526 

Spiral nebula, in Andromeda, 660 
Stability, of atomic nucleus, 602 
Stable nucleus, model of, 608 
Standard, 
candle, 326 
kilogram, 13 
meter, 14 
pound, 15 
yard, 14 

Standing waves, 178 

in air columns, 200, 201 
longitudinal, 180 
transverse, 178 
Star clusters, 660 
Stark, J., 693 
Stars, 644 
Star streaming, 664 
Stellar, 

distances, 644 
magnitudes, 646 
mass, 651 
spectra, 648 

Step-down transformer, 297 
Step-up transformer, 298 
Stevens and Anderson, 
balloon flight, 109 
Stevens, A. W., 553 
Stewart, J. Q., 668 
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Stoney, Johnstone, 421 
Storage batteries, 260 
Storms, atmospheric, 115 
Stratosphere, 109 
Stretching of wire, 88 
Striations, electrical discharge, 415 
String instruments, musical, 197 
Stroboscopic effect, 11 
Structure, of spectrum lines, 526 
Sturm, Jacob, 186 
Subjective methods, 3, 4 
Sugar, polarization by, 396 
Sun, 619 

calcium content, 639 
candle power of, 622 
chromosphere, 637 
corona, 638 
Doppler effect of, 631 
flash spectrum, 639 
mass of, 626 
photographs of, 620, 642 
photosphere, 637 
prominences, 634 
radiation pressure, 638 
reversing layer, 638 
rotation of, 631 
source of energy, 623 
spectrum of, 627 
spots, 632, 633, 636 
temperature of surface, 622 
Sundial, 16 
Sundogs, 343 

Sunset, red color, 405, 406 
Superconductivity, 166, 270 
Supernumerary bows, 343 
Surface tension, 103 
Sympathetic vibrations, 192 


Tacking, sailboat, 31 
Technicolor, motion pictures, 374 
Telephone, 301 
Telescope, 

cosmic ray, 551 
diagram of, 650 
magnifying power of, 358 
Mt. Wilson, 360 
Palomar, 649 
photograph of, 649 
reflecting, 359 
terrestrial, 358 


Temperature, 
defined, 127 

effect on electrical resistance, 129 
effect on gas pressure, 137 
effect on spectrum lines, 493 
molecular motion of, 147 
of atomic nucleus, 606 
of stars, 650 
Terminal velocity, 70 
Thales, of Miletus, 221 
Theory, 

of magnetism, 294 
of rainbow, 341 
of relativity, 673 
Thermal conductivity, 153 
Thermal expansion, 131 
coefficients, table of, 133 
of gases, 136 
of liauids, 135 
of solids, 132 
volume coefficient, 136 
Thermal junction, 130 
Thermocouple, 130 
Thermoelectric effect, 130 
Thermometers, 

electrical resistance, 129 
mercury, 128 
Thermopile, 131 
Thermos bottle, 159 
Thermostat, principle of, 134 
Thomson, G. P., 541, 695 
Thomson, J. J., 418, 420, 501, 692 
cathode ray tube, 418 
discovery of isotopes, 434 
e/m experiment, 420 
mass spectrograph, 430 
Thorium, radioactivity, 472 
Threshold, photoelectric, 509 
Time, 

paradox, 679 
scale, geological, 474 
unit of, 17 
Tonic, in music, 207 
Topas crystal, polarization by, 396 
Torricelli, Evangelista, 111 
Torricelli’s theorem, 98 
Torsional waves, 178 
Torsion, of solids, 93 
Total reflection, 335 
Tourmaline, 399 
Transformers, 292 
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Transformers —Continued 
air-core, 305 
closed core, 297 
shell type, 299 
step-down, 298 
step-up, 298 
telephone, 301 

Train, on track experiment, 60 
Trajectory, of projectile, 55 
Transmutation of nuclei, 568 
Transmutation, radioactive, 467 
Transverse waves, and vibrations, 177 
Tree growth, period of, 637 
Triads, in harmony, 209 
Triangle, method, 25 
Triatomic molecules, 142 
Troposphere, 109 
Tungsten filament light, 313 
Tuning fork, vibrations of, 175 

Ultraviolet light, 
spectrum of, 476 
wave-length of, 385 
United States Weather Bureau, 114 
Unit, 

magnetic poles, 251 
of atomic mass, 442 
of force, 43, 44 
of length, light-year, 644 
Units, 

derived, 13 
fundamental, 13 
of measurement, 13 
Universal constant h , 507 
Universal law of gravitation, 57 
Universe, expanding, 669 
Unstable nucleus, model of, 608 
Uranium, 

fission of nucleus, 613 
radioactivity, 472 
Urey, H. C, 499, 694 

Vacuum, 

pumps, 117, 118, 119 
spectrograph, 485 
Valence electrons, 524 
Vanadium, spectrum of, 494 
Van der Waals, J. D., 692 
Vaporization, heat of, 149 
Variable condenser, 235 
Vector, 24 

addition, 25, 28 


Vector —Continued 
composition of, 26 
diagram of velocities, 40 
resultant, 25 
velocity, 39 
Velocity, 

a vector quantity, 39 
defined, 37, 38 
of electrons in orbits, 519 
of falling bodies, 53 
of light, 319, 322 
of molecules in a gas, 150 
of sound, 185, 186 
of waves, 181 
Venturi meter, 121 
Vibrating, 

air columns, 201 
plates, 205 
rods, 203, 204 
spring, 174 
string, 197, 212 
strip, 175 

Vibrations, sound, 171 
Violin, 211 

Virtual images, in light, 330 
Virtual images, 353 
Viscosity, 106 
Volta, Alessandro, 255 
Volta’s crown of cups, 256 
Voltaic cell, 255, 257 
Voltaic pile, 255 
Volt, electrical unit, 234 
Voltmeter, principle of, 283 
Von Guericke, Otto, 117 
Von Laue, M., 693 

Watch, balance wheel, 134 
Water, 
clock, 16 

thermal expansion of, 135 
waves, 178 

Watt, unit of power, 69 
Wave-length, 
defined, 181 
of infrared light, 385 
of ultraviolet light, 385 
of visible light, 385 
Wave model, of hydrogen, 544 
Waves, 

kinds of, 176 
longitudinal, 177 
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Waves —Continued 
standing, 178 
torsional, 178 
transverse, 177 
water, 178 
x-ray, 450 
Weather map, 115 
Weight, 23, 58 
Whole, tone, in music, 210 
Wien, W., 478, 692 
Wien’s displacement law, 478 
Wilson, C T. R., 421, 694 
Wilson, H. A., 421 
Wilson cloud chamber, 464, 467 
Wind instruments, music, 199 
Wind resistance, 70 
Work, 

defined, 63 

function, photoelectric, 509, 534 
World lines, 679 

X-rays, 444 
applications of, 449 
discovery of, 444 


X-rays —Continued 
diffraction of, 451 
hard, 446 
ionization by, 449 
penetration of, 446 
photoelectric effect, 533 
photography, 447, 448 
soft, 446 
spectiograph, 453 
spectrum, 454 
theory of origin, 527 
tubes, 445 

Xylophone, musical instrument, 204 


Young-Helmholtz theory, 
of color vision, 370 
Young, Thomas, 383 
double-slit experiment, 383 


Zahn, J. A., 207 

Zeeman, P., 691 

Zero potential, electricity, 230 






